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THE MAPPING OF BETTI GROUPS UNDER INTERIOR 
TRANSFORMATIONS 


By G. T. WHyBuRN 


1. In this paper results will be established from which it follows that the 
one-dimensional rational Betti group of a compact metric set A under any 
interior transformation’ on A maps homomorphically onto the corresponding 
group of the image of A provided the one-dimensional Betti number p'(A) is 
finite. Thus in any case the one-dimensional Betti number of a compact set 
is not increased’ when the set undergoes an interior transformation. This 
presents, in part, a solution to a problem proposed by Eilenberg.’ However, 
by making use of what are termed nodal subsets of a compact set, we are able 
to obtain results of considerably increased generality and precision. 

We begin with an elementary characterization of interior transformations. 


2. THrorem. Let A and B be compact and T(A) = B be continuous. In 
order that T be an interior transformation, it is necessary and sufficient that for 
any € > 0 there exist a5 > 0 such that for any y « Band any x « T '(y), T[V.(x)] 
> Vi(y).* 

Proof. To prove the sufficiency, let U be any open set in A, let T(U) = V. 
Let ye V, 2 « U-T'(y) and let ¢ > 0 be chosen so that V.(z) C U. Then by 
hypothesis T[V.(z)] > V(y) for some 6 > 0. This gives 


V = TU) 3 T[V.(2)] > Valy) 


and hence V is open in B. 

_ To establish the necessity of the condition, suppose on the contrary that for 
some « > 0 there exist a sequence y; in B, y; — y ¢« B, a sequence z; in A, 
a; —-2eT '(y), x; € T '(y;), and a sequence of numbers 0 < 6; — 0 such that 
for no i does T[V,(z;)] > Vs,(y.). But now T[V4(x)] = V is open and contains 


Received October 30, 1937. 

1 A continuous transformation 7(A) = B is interior provided every open set in A maps 
into an open set in B. See Stoilow, Annales Scientifiques de l’Ecole Normale Supérieure, 
vol. 63 (1928), pp. 347-382; we follow the usual custom of omitting Stoilow’s second con- 
dition that no continuum in A map into a single point in B. 

2 For the case of this result where A is a graph or a 1-dimensional locally connected 
continuum, see my paper Interior transformations on compact sets, this Journal, vol. 3 
(1937), pp. 370-381. 

3 Fundamenta Mathematicae, vol. 24 (1935), p. 175. 

4 We employ the notation V,(X) for the e-neighborhood of the set X, i.e., the set of all 
points y such that p(z, y) < r for some ze X. 
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y and hence it must contain V;(y) for some 6 > 0; and there exists an ¢ with 
6; < 46, 2; C Vie(x), and y; C Vus(y). This gives 


V.(2i) 2 Vie(x), Vs,(yi) © Valy). 
Whence 
T[V.(z:)] > T[Vie(x)] > Va(y) > Va, (ys), 


contrary to our supposition. 


3. Nodal subsets. A closed subset N of a compact set M will be called a 
nodal subset of M provided the set N-M — N contains at most one point. 

It should be noted that the set M — N may be vacuous, i.e., N may be equal 
to M. Also it may be remarked that, if N is a nodal subset of M, then M — N 
is also a nodal subset of M; and if M is a continuum and p is any cut point of 
M, then for any separation M — p = M, + M2, Mi + pand M;, + pare 
nodal subsets of M. If M is a cyclic continuum, i.e., a continuum without 
cut points, then the only nodal subsets of M are M itself and the individual 
points of M. 

(3.1) If A is compact and T(A) = B is interior, any nodal subset of A maps 
onto a nodal subset of B under T. 

For let N be a nodal subset of A. If N-A — N = 0, N is open in A; and 
hence T(N) is open in B so that T(N)-B — T(N) = 0. Thus we may suppose 
N-A—N=2€A. Since N — zis open in A, it follows that T(N) — T(z) 
is open in B. Accordingly T(N)-B — T(N) C T(a), so that T(N) is a nodal 
subset of B. 

(3.2) If T(A) = B is interior, where B is a cyclic continuum, any non-de- 
generate nodal subset of A maps onto all of B under T. 

Clearly this follows at once from (3.1) since the only non-degenerate nodal 
subset of B is B itself. 











4. TueoremM. Let T(A) = B be interior, where A is compact, let f be the homo- 
morphism generated in the cycle group of A by T (rational coefficient field), let 
N be any nodal subset of A and let M = T(N). For any « > 0 there exists a 
8 > 0 such that if Z is any 1-dimensional rational 5-cycle’ in M there exists a 
1-dimensional rational ecycle C in N such that f(C) Y Z. 

Proof. Let K = A — N. It will be apparent that the proof given here 
will be only greatly simplified in case either N = A or N-M = 0. Hence 
we may (and do) assume that N-M = pe A. Letq = T(p). 

It is obvious from the proof given in §2 that the necessity part of the theorem 
which was proved there can be stated in the following slightly more general 
form which suits our purposes in the present proof. 


5 That is, the ‘‘edges’’ of the cycle are of diameter <5. It should be noted that our 
polygons and complexes are abstract—only their vertices are actually realized in the sets 
concerned. 
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(4.1) If A = A; + As, where A; and Az are closed, then for any « > 0 there 
exists a 5 > 0 such that if y « T(A,) and x e T"(y)[A; — V.(Ay- A2)], T[Ai- V.(2)] 
> V,(y)-T(A)). 

Now to prove our theorem we shall treat first the case where Z is a single 
simply oriented simple closed polygon. Let «’ = 34¢ and let d < ¢’ be a number 
6 determined in (4.1) using ¢’ for e«, N for A; and K for Az. Let d’ = 3d and 
let e be chosen so that e < d’ and 6(T[V.(p)]) < d’ so that T[V.(p)] C Va-[T(p)]. 
Let 6 be determined from (4.1) using e for e, N = A,, K = As.® We next pro- 
ceed to prove 

(4.2) If s = [po, pi, Pe, ---, Pn] is a simply oriented simple closed polygon in 
M — M.-Va-(q) such that p(p; , pis) < 6 (@ = 0,1, --- ,m — 1), p(pn, po) < d, 
then there exists a simply oriented simple closed «polygon o in N and an integer 
k such that f(c) = ks. 

Proof of (4.2). Let qo¢ T '(po)-N. Since p(po, ~1) < 4, it follows by (4.1) 
and the choice of 6 that there exists a point q, « N-T~'(p,) with p(q , qo) < e. 
Similarly there exist a gz « N-T '(pe) with p(q2, 1) < e,aqs¢N-T (ps) with 
p(qs, G2) < e and so on to q, « N-T'(p,) with p(qn , Qn—1) < €. 

Now if q, is not an element of V,-(p), then since p(q, , go.) < d it follows from 
(4.1) that there exists a g} « N-T™'(po) with p(qi, q,) < ¢. Then, continuing 
just as above, we find gi « N-T '(p,), a2 « N-T (ps), ---, qn € N-T (py) 
with p(q, 91) <e, +++, p(qr-r,d.) <e. And again if q, is not an element of 
V.-(p), this process may be repeated, and so on. Now either 

(i) for some (least) i we get gi, « V.-(p), in which case the process ends, or 

(ii) on account of the compactness of A we must eventually reach, for the 
first time, a point gi(¢ S n) such that p(qi, g?u) < ¢« (m <j,n+ 1 = 0). 
In case (ii) clearly the edges 


m+1 m+l _m+1 m+1 m+1 m+1 m+1_ m+2 


Go Gi 5 Gr G2 59 *** 5 Qn-19n 53 On Go 3 
see Gadi, Gigier, Qiiagisa, «++ Gn go 
fit together to form a simple closed «polygon o¢ which maps onto s exactly 
j—mtimes. Hence, if we set k = j — m, we have f(c) = ks as was required. 
Now in case (i) where q', « V.-(p) we repeat the same process proceeding in 
reverse order starting from qo. That is, if go is not an element of V,-(p), there 
exists a g, « N-T~'(p,) with p(q,', qo) < ¢. There exist gatas ¢« N-T'(pa-s), 
s+», go € N-T (po) with p(qn', Gna) < ¢, «+: , 0G, Go) < e; again if go" 
is not an element of V,-(p), we find gq,” « N-T'(p,) with p(q,", go’) < ¢ and 
proceed as before. Now if this continues indefinitely, i.e., if we always have 
qo’ is not an element of V,-(p), it is clear that we can get our required polygon 
o in the same manner as above under (ii). Hence we may suppose that for 


6 Note the following relations between the various numbers just chosen: 


e>te=e«' >d >jd=d'>e>i. 
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some (least) j we get qo’ « V.-(p). But now since also qi, € V.-(p) we have 
p(qn, Jo’) < 2e’ < «. Accordingly the edges 
gay ey Godly +++ 5 In-1Gny Ino 
fit together to form a simple closed ¢-polygon ¢ which maps onto s exactly 
j+i+ times. Hence if we set k = 7 + i + 1 we have f(c) = ks as required. 
Accordingly (4.2) is proved. 

Continuing with our proof for the case where Z is a single simply oriented 
simple closed polygon, we next prove 

(4.3) There exist a finite number of oriented simple closed polygons 8,, 82, 83, 

-, & In M — Va-(q)-M satisfying the hypothesis in (4.2) and such that 


Go°Qi’y ** y QnutQn'y Qn’ Go» Jo 


ZT Bt Set ees + &. 
To show this we note first that the vertices of Z which are in M — Va-(q) 
fall into a finite number of maximal chains of successive vertices: 
X, = [po, pi, +++, Pail, 
X2 = [po, pi, --- , Pral, 


X; = [po, Pi, lk » Prals 


where, in general, p} follows p’ if i > m or if i = m andj > n, where the points 
preceding pi and following p\,, in Z in every case belong to Va-(q), and where 
we have omitted all such chains with fewer than 3 vertices, i.e., n; 2 2 in all 
cases. 

Now let Y:, Ye, --- , Ys be the complementary chains in Z, i.e., p,, and 


po’ are the initial and final points, respectively, of Y; and furthermore we have 


(i) Z=Xi+ ¥it+ Xo+ Yo+ +--+» + Xe t+ Vi 
and for each 7 < k, 
(ii) ¥; © Vear(q). 


For each i < k let x; denote the simplex (pi, , Pi), oriented as indicated, and 


let 8; denote the oriented polygon X; + 2; = [pi, --- , ph; , pol. Then, since 
Po + Pn; © Voa'(q), it follows that for each 7, s; satisfies the conditions of (4.2). 
Now by (i) we have 


Z = (Xi + m1) + (Yi — a) + +++ + (Xe + te) + (Ye — te) 
= (% + 8 + +++ + 8) + [(¥i — m1) + ++ + (Ve — %)). 


Furthermore 


(iii) 


W = -m1 + Y¥1-—a2+ Y2-—---—-a,+ Yn 
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is an oriented simple polygon lying entirely in Vea (qg) C V.(q). Accordingly, 
we have 


and hence surely 
(iv) W > 0, 


since d < «. Now (iii) reduces to 
k 
Z= >» 8 + W. 
1 


Whence by (iv) 


or 


Z rf > 8; 
as required by (4.3). 
Now to prove our theorem in case Z is a single simple closed polygon we first 
apply (4.3) obtaining s,, s2, --- , 8; satisfying (4.3) so that 


Z _ 7. Si. 
Then by virtue of (4.2), for each 7 there exists a simply oriented simple closed 
¢-polygon o; in N and an integer k; such that 


f(oi) = kis; or S(o1/k;) = 8. 


Hence, if we set 
k 
C = 7 oi/ki, 
1 


k 
we have f(C) = > 8; > Zas required. 
1 
Now in the general case, we can first express Z in the form 
Z = 42, + a2Z2 + --- + anZn, 


where a; is rational and Z; is a single simply oriented simple closed polygon. 
Then, applying the case already treated, for each 7 we find a 1-dimensional 
rational e-cycle C; in N such that 


[Ci) Y Zi. 
Hence, if we set 


C = aC; + aCe + a3C3 + --- + 4,0,, 
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we have 


n 


KO) = DaslC) 3 a,Z; = Z, 


1 


as was to be proved. 
The same notation will be retained in the next section. 


5. Tueorem. If V is any 1-dimensional rational Vietoris cycle’ (or true 
cycle)° in M, for any ¢ > 0 there exists a Vietoris cycle (or true cycle) W in N 
such that 

S(W) v V. 

Proof. The case of a true cycle follows immediately from §4. Hence we 

suppose V is a Vietoris cycle which accordingly can be exhibited in the form 


V= (21,22, -*-), 


where z; is an ordinary 1-dimensional rational 6;-cycle with 6; — 0 and for any 
e > 0 there is an integer J such that for i,j > J, 2; = z;.2 Let I = I, be 
determined for the number e = e. 

By uniform continuity of T there exists a d > 0 such that any set in A of 
diameter < d transforms into a set of diameter < ¢« under 7. Now by virtue 
of a theorem of Alexandroff’s* there exists a 6 > 0 such that for any rational 
6-cycle z in N there exists a rational Vietoris cycle W in N such that W 7 z. 

Now since 6; — 0 it follows from the theorem in §4 that there exists an integer 
I, such that if 7 > J, there exists a 1-dimensional rational 6-cycle C; in N such 
that f(C;) Y 2;. Let us choose a fixed k > I, + IJ, and find C, in N so that 
S(Ci.) Y = and W in N sothat W 7 C;.. We then have 


S(W) FY G(Cu) TP Ze F Ze; (j = 1,2, ---). 
Whence 
S(W) Y (Ze, te, ++ )~ V, 


as required by our theorem. 


6. Mapping of Betti groups. For any closed set F we let p'(F) denote the 
r-dimensional Betti number of F and let B;(F) denote the r-dimensional ra- 
tional Betti group of F."° We begin this section with 


7See Vietoris, Mathematische Annalen, vol. 97 (1927), pp. 454-572. For the rational 
Vietoris cycle (which we use) see Lefschetz, Annals of Mathematics, (2), vol. 29 (1928), 
pp. 232-254. 

8 See Alexandroff, Mathematische Annalen, vol. 106 (1932), pp. 161-238. 

® This notation means that there exist rational numbers c; and cz: such that cz; — ¢22; 
bounds a rational e-complex in M. See Lefschetz, loc. cit., and Alexandroff, loc. cit. 

10 That is, p’(F) is the maximum number of r-dimensional rational Vietoris cycles 
(or true cycles) in F which are linearly independent relative to homologies in F and BR(F) 
is the homology class group of such cycles. See Lefschetz, loc. cit. It is immaterial which 
type of infinite cycle is used since, at least when p’(F) is finite, whichever is used in the 
definition, the resulting Betti groups are isomorphic. 








1 
); 
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(6.1) Lemma. If F is compact and p'(F) is finite, there exists an € > 0 such 
that a’ Y B’ (in F) implies a’ ~ 8B’ (in F) for true cycles (hence also for Vietoris 
cycles) a’ and 8" in F. . 

Proof. Let 


Z1,2Z2,°:+,2p (p = p'(F)) 


be linearly independent true r-dimensional cycles in F. By a lemma of Alex- 
androff’s" there exists an « > 0 such that Z,, Z2, --- , Z, are «independent 
in F. Now suppose a’ Y 8’ (in F), where a’ and @’ are true cycles in F. We 


have 
a ~ Laks, B~ 2 b.Z:, 


since p = p'(F). From this we have }> ai:Z; ~ a Y B ~ DY Zi, or 
> (a: — b)Z; Y 0, whence a; = b;. Accordingly, a — 6" ~ 0 ora’ ~ 8’. 

Now, resuming the notation used in §§4 and 5, we have 

(6.2) Tuzorem. If p'(M) is finite, B,(N) maps homomorphically onto 

z(M) under T. 

For let h denote the homomorphism of B}(N) into a subgroup of B(M) 
generated by 7. We have to show that h[B,(N)] = Bz(M), i.e., Bk(N) maps 
onto all of B,(M). To this end let « be determined as in (6.1) for the set 
F = M. Let H be any homology class of B,(M) and let V be any cycle in H. 
By §5 there exists a cycle W in N such that f(W) Y V. Accordingly, f(W) ~ V 
by the choice of «. Whence f(W) ¢ H so that if L denotes the homology class 
in B,(N) containing W we have h(L) = H. 

(6.3) If p'(N) is finite, p'(M) is finite and < p'(N). 

Suppose, on the contrary, that there exists in M a system of linearly inde- 
pendent one-dimensional rational true cycles 


Vi, Ve, +--+, Vou, p = p'(N). 


Now it follows” that for some « > 0 these cycles are «independent relative 
to homologies in M. By uniform continuity of T there is a 6 > 0 such that 
any set in N of diameter < 6 maps into a set of diameter < «. Now, by §5, 
for each i S p + 1 there exists a true cycle W; in N such that f(W,) Y V;. 
Since p'(N) = p, there must exist a relation of the form 


a,W, + a2We + --- + QpuiWour ~ 0, 
whence 

a, W, + a2 We + ee a + Ansa Was ed 0. 
This gives 

p+l 
Or LasW) vy Lavi 
1 

contrary to our supposition. 


1! Fundamenta Mathematicae, vol. 22 (1934), p. 18. 
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Clearly (6.2) and (6.3) yield at once 

(6.4) p'(M) s p'(N); and if either of these numbers is finite, B,(N) maps 
homomorphically onto By(M).+ In particular,” taking N = A, we have p'(B) 
< p'(L 
= p (A). 


7. The cyclic case. In case B is a cyclic continuum it follows by (3.2) that 
T(N) must be equal to B for any non-degenerate nodal subset N of A. Hence 
the preceding results yield the following 

Tueorem. If A is a compact continuum, T(A) = B is interior and B is 
cyclic, then p'(B) < p'(N) for any non-degenerate nodal subset N of A. Further- 
more, if p'(B) or p'(N) (for any N) is finite, B,(N) maps homomorphically onto 
B;(B). 

In conclusion we remark that if A is a locally connected continuum all of 
the preceding results hold in particular if we choose for N any non-degenerate 
node of A, i.e., any true cyclic element of A containing just one cut point of A. 


UNIVERSITY OF VIRGINIA. 


2 Compare with a result of Eilenberg’s in Fundamenta Mathematicae, vol. 27 (1936), 
p. 163. 














CERTAIN INTEGRAL FUNCTIONS RELATED TO EXPONENTIAL SUMS 
By Harry Matison 


Introduction. The study of Borel transforms by several mathematicians, in 
particular by Pélya,' has brought out many interesting relations between the 
singularities of a function f(z) defined by a power series 


f(z) = D an2" 


on the one hand, and the rate of growth and distribution of zeros of its Borel 
transform 


S7 On on 

n=0 7: 
on the other. As the prototype in these considerations, there is the case in 
which f(z) is a rational function with simple poles 


a a a. 
f(2) = i a * iy 


and the Borel transform is a sum of exponentials 
F(z) = me + «+. + pe. 


This case has been studied in detail by Pélya and Schwengeler.’ It is easily 
seen that here the coefficients a, can be interpolated by the function 


p(t) = aBi + +++ + ax Bi 


with a, = p(n). In the particular case in which the 8, all lie on the unit 
circle, p(t) becomes a special type of almost-periodic function. The generaliza- 
tion to general uniformly almost-periodic functions (u. a. p. functions) has been 
studied by Bochner and Bohnenblust’ as regards f(z). We propose to make a 


Received June 14, 1937; in revised form, January 6, 1938. This is essentially a disserta- 
tion accepted by the faculty of Princeton University for the degree of Doctor of Philosophy. 

1G. Pélya, Untersuchungen tiber Liicken und Singularitdten von Potenzreihen, Math. 
Zeitschrift, vol. 29 (1929), p. 549. 

2 Pélya, Geometrisches wiber die Verteilung der Nullstellen gewisser ganzer transzendenter 
Funktionen, Miinchner Berichte, 1920. 

E. Schwengeler, Dissertation, Ziirich, 1923. 

38. Bochner and F. Bohnenblust, Analytic functions with almost periodic coefficients, 
Annals of Math., vol. 35 (1934), p. 152. 
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corresponding study of the Borel transform F(z). This we do in Part I. To 
be more precise, in Part I we discuss properties of the functions F(z), where the 
a, form an almost-periodic sequence. The methods used are found in part to be 
general enough to include the wider class 


a 
2 F(z) = ee eo 
(2) @=- Liar” 
where, for reasons to become evident later, a is restricted to the range 0 < @ S 2. 
In Part II we generalize the results of Pélya and Schwengeler in a different 
direction, namely, we study the functions 


(3) Gz) = 2, Bre™, 
where the B, form an absolutely convergent series and the a, form a bounded 
set. Such functions have also been studied by M. Regensburger in a recent 
paper.‘ Despite certain similarities, our results are different from those of 
Regensburger, who follows closely the methods of Pélya and Schwengeler. 
Also in this connection we discuss an example of a function G(z) which, unlike 
the rest of our results, has properties not to be expected from analogy with 
finite exponential sums. 

The subject of this study was suggested by Professors 8. Bochner and F. 
Bohnenblust. The writer takes pleasure in acknowledging his indebtedness for 
their many helpful discussions during its progress. 


I 


1. Almost-periodic sequences. Consider the additive abelian group of the 
rational integers and let g(n) denote an almost-periodic function on this group.° 
The sequence g(v) (v = 0, 1, ---) is then called an a. p. sequence. A. Walther 
has studied such sequences in detail, and we shall state those of his results which 
we shall need.* 

We have the existence of the mean value 


eo 
M{g(n)} = lim — 2 g) 
and the Fourier development 


g(n) re Do A,e"*, 


v=] 
where 
A, = M{g(k)e”"*} 


4M. Regensburger, Math. Annalen, vol. 111 (1935), p. 505. 
5 J. von Neumann, Trans. Am. Math. Soc., vol. 36 (1934), p. 445. 
6 A. Walther, Atti Congresso Int., Bologna, 1928, vol. II, pp. 289-298. 
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are the Fourier coefficients and —X, the corresponding exponents which are 
chosen so that 0 S A, < 2z. 

With the given a.p. sequence g(n) we can define a u.a.p. function g(t) by 
linear interpolation as follows:’ 


gt) = 9%) + Oi9%+1)-g9)}, v=, e=t Tt. 


Conversely, the values taken by a u.a.p. function for integral values of the 
argument form an a.p. sequence. For the function just defined we have a 
Fourier series 


(4) gt) ~ Dae, 
k=1 
where the following relations hold: 
A, = Oif \, # Ax (mod 27) (k = 1, 2, ---), 
A, = gy, (0) otherwise, 


where g,(t) is the periodic function whose Fourier series consists of all terms 
of (4) for which A; = ¢ (mod 27). Thus we see that the g(n) can be uniformly 
= 


approximated by exponential sums > de". 
1 


2. Approximation to F(z) by exponential sums. If we approximate the 
sequence g(n) uniformly within e, we have 


g(n) = > Ge OM + 
where | 7, | < «. Hence 
F(z) = > ds” exp (ze~") + 4(2), 


where | 5(z) | < e|e*|. Thus if | z| is bounded, F(z) is the uniform limit of a 
sequence of exponential sums 


(5) Sy(z) = > d\? exp (ze~’). 


Similarly, F(z) is in any bounded region the uniform limit of a sequence 


N 


(6) Sy(z) = D> d\” E,(ze”), 
where 
(7) E.(z) = > —— 


a-o '(an + 1) 
is the function of Mittag-Leffler. 


7 With but few minor changes we could avoid bringing in u.a.p. functions and deal with 
a.p. sequences only. 
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3. Representation of F(z) by means of a u.a.p. function. By means of the 
theory of multipliers of a Fourier series,* it is possible to represent F(z) as well as 
F(z) as values of certain u.a.p. functions. The function 


T.(A) = exp (ze), 


where z is restricted to a bounded region, can be developed into an ordinary 
Fourier series which, on account of the differentiability of the function, is 
absolutely convergent uniformly in z: 


. rd) = > b,(z)e"™. 


y= OO 


Consider next the function 


7:(t) — > i b,(z)g(v + t), 
where g(t) is, as before, the u.a.p. function which interpolates the g(n) linearly. 
(N)_ —tA,t 


N 
Approximating to g() by an exponential polynomial >> c{”’e , we see that 


v=1 


y-(t) can be uniformly approximated by the functions 


N 
w= Le Pr,)e*" 


v=1 
and hence y,(¢) is u.a.p. for any z. Now y.(0) is capable of approximation by 
the sums (5) so that, since F(z) also has this property, we conclude F(z) = y.{0). 


On the other hand we observe that since To(A,) = 1, also g(t) = yo(t). The 
above argument shows further that 


y(t) ~ > c,TAr,)e 4", 


For the functions F(z) everything is similar except that we use the multiplier 
r.(A) = E,(e~z) instead of the one used above. 


4. Invariance of the class F(z) under certain transformations. We consider 
next a rather general type of linear transformation under which the class F(z) 
remains invariant. Let o(f) be a (complex-valued) function, continuous and 
bounded over — ~ <t < o, and let y(t) be a function of bounded variation in 
the same interval. Consider the transformation 


(8) P*(2) = [ ” Pe + od) avd. 


We shall prove concerning this transformation the following theorem. 


8S. Bochner, Math..Annalen, vol. 102 (1929), pp. 489-504. 
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TuHeorEeM I. If F(z) is given by a series (1), then F*(z) is also given by such a 
series. Its corresponding u.a.p. function which interpolates the coefficients is 


g*(t) ~ De T(A,e 8", 
1 


where T'(A) is a multiplier defined below. 
Proof. We again make use of the notion of a multiplier of a Fourier series. 
Let 


N 
gv(t) — ) 3 of othe! 


v=1 


be a sequence of exponential polynomials approaching g(t) uniformly. From 
a preceding paragraph we know that, in any finite region of the z-plane, F(z) is 
uniformly approached by the sequence 


Sy(z) = > eS” exp (ze™*4”). 
v=1 


From (8) and the assumptions concerning o(¢t) and y(t), it follows that F*(z) is 
approached in the same way by the sequence 


(9) Sez) = DY ef” 1(A,) exp (ze), 
v=1 
where 


T(A) = i exp (o(t)e~**) dy(2). 


If we now prove that there exists a u.a.p. function g*(¢) which can be uniformly 
approximated by the sequence 


. 
(10) gut) = Do cf r(A,)e “4”, 

v=l 
then Theorem I will be proved; for, the function (1) formed with g*(n) in place 
of g(n) will be the uniform limit of the sequence (9). Now the function I'(A) 


clearly has two continuous derivatives in the interval 0 S A S 27 and also 
T(A + 2x7) = T(A). Hence we have a Fourier expansion 


r(A) = >> “. 
where >, | d, | converges. It is now easy to show that the function 


a) =X doe +0 


is the one required. For, approximating g(t) by exponential polynomials 
gw(t), we see that g*(¢#) can be approximated by the exponential polynomials (10). 
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Thus in terms of the u.a.p. function g(t) the transformation (8) is described by 
introducing the multiplier ['(A,) into the Fourier series. 

We note the following special cases of (8): 

(a) o(t) = 0, Y(é) arbitrary, F*(z) = cF(z); 

(b) dy(t) = 0 except at a finite number of points, o(¢) arbitrary, 


F*(z) = dF (2 + 01) +--+ + beF(@ + 9%); 


(c) o(t) = e“, Y(t) differentiable in 0 < ¢ S 2x and constant elsewhere, 


F*(z) = af F(z + u)G(u) du 


taken around the unit circle. 
If we make a change of variables and choose G(u) suitably, we have a special 
case of (c) 


F(u) " 
F*(z) = me = =a du = F‘”(z). 


Therefore, if F(z) is defined by a series of the type (1), the same is true of all its 
derivatives. This is a fact which is also easily seen directly. 

The transformation from F(z) to F‘”(z) can be expressed very simply in 
terms of the u.a.p. function g(t). The required transformation is, in fact, 
g*(t) = g(t + n). 

Other transformations on g(t) which leave the classes F(z), F.(z) invariant are, 
of course, 


(i) g*(t) = gilé)ge(t), 

where gi(t), go(t) are two given u.a.p. functions, 

(ii) g*(t) = m(t) + geld), 

(iii) g*(t) = M {gi(x + #), go(x)} (convolution). 


It may be remarked that, in view of the results of Bochner and Bohnenblust, 
(i) gives rise to an interesting special case of Hadamard’s theorem on the multi- 


plication of singularities. For, } g*(n)z” is the Hadamard product of > gi(n)2” 


and >> g2(n)z”. Since the exponents of the product of two u.a.p. functions are 
n=0 


found by adding those of the factors, it follows that the singularities of the 
Hadamard product are contained among the products of singularities of the 
factors, which is just the result given by Hadamard’s theorem. 

The transformation (iii) may be interpreted as follows. By introducing 
zeros as coefficients if necessary, we can assume that g(t) and g2(t) have the 
same exponents so that 


g(t) ~ >> Are “*™, g(t) ~ >) Bre“. 
Then . 


g(t) ~ DABe™. 
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Hence if we write, using an obvious notation, 


F,,(2) ~ 0 Anexp (ze**), —Fy(2) ~ 2 Bu exp (ze™™*), 
we have 


F(z) ~ >> Ax By exp (ze~"**). 


5. F(z) as a function of exponential type. We next begin a more detailed 
study of a particular F(z) and F,(z). As for F(z), it is clear, since the g(n) are 
bounded, that it is an integral function, and moreover, one of the exponential 
type. For if | g(n) | < c we have 


|F(z)| s > | atm) | |z|" < ce!*!, 
n=0 n: 


This shows that the type is at most unity. We shall see below that the type is 
exactly unity. 

Similarly, F.(z) is an integral function of order 1/a as may be seen with the 
aid of Stirling’s formula to estimate the coefficients, g(n)/T'(an + 1). In this 
case also the type will be found to be unity. 

In applying to our case the theory of functions of exponential type as de- 
veloped by Pélya, we shall have to make use of properties of the Borel transform 


(11) fle) =X oln)e" 


of F(z). The result obtained by Bochner and Bohnenblust in their study of 
this function follows. 

The set of singularities of f(z) is exactly the closure of the point set fe™*} where 
—d, are the Fourier exponents of the a.p. sequence g(n). If f(z) is continued 
analytically over any regular point of the unit circle, the continuation is always 
given by 


- > g(—n)z”. 


n=1 


Introducing the function 
1/1 = — 
e(z) = = (2) = Dig(n)z", 
Zz ‘4 n=0 


we have the fundamental formulas*® 


(12) Foe) = ah f ole at. 
Tt 
(13) g(z) = [ F(s)e* dé, 


*G. Pélya, Math. Zeitschrift, vol. 29 (1929), p. 580. 
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the first integral being taken around a contour which contains the unit circle in 
its interior. The second integral is taken along the positive real axis, but in 
this form converges only in a half-plane. By rotating the path of integration 
through a suitable angle, the formula (13) can be used for any value of z. We 


have similar formulas for F(z); namely, if we write 8 = a”, 


1 a Ss evg(n) Zedge — SS  glk)z* 
ay f eBalet * a >> 2b rt Ket i)” Tek Pi’ 


[Poe ep (err tar = [OX OEE exp (tenner 


_ > oe 1) l pF exp (—(2)?) df = aa! o(2). 


Hence 
(14) any f eBalet) dt = F.C), 
(15) [ raeerort tag = ac! Pole 


The necessary interchanges of summation and integration are allowed because 
of the uniform and absolute convergence of the series. In (15) we must restrict 
z to the region of convergence of the integral, and, by rotating the line of integra- 
tion in a manner similar to that used by Pélya for (13), we can obtain (15) for 
any other value of z. We shall, however, make no use of either (13) or (15) 
and so we omit these details. 


6. Radial growth of F.(z). We consider next the rate of growth of F(z) 
in a direction z = re’ and define the function 


A(g) = Ax, if ¢ = & for some k; 

Atv) = 0, ife#rx  forallk. 
For fixed ¢, g(n) — A(y)e’”® is an a.p. sequence since the a.p. property is 
invariant under addition. Let oy(n) = > 6S e*" be an «approximation to 
this sequence so that 0 S yp, < 27,9 + a all vy and 

| g(n) — A(y)e""* — on(n)| <. 


Hence 


F.(re'*) = A(y)E.(r) + > 5,” E,(e”*z) + G(z), 


where | G(z) | < « E,(r). 
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In order to proceed further we require the following facts concerning the 
growth of the Mittag-Leffler function E,(z).” 


E.(z) = B exp (z*) + o(:), if fjargz|<s $i 8B =-; 
(16) 


1 1 1 , ar 
E.(z) = -) ty + o(4), if x =largz| > —. 


Returning to F(z), we have 








F.(re*) _ — x) Ea(re’“?"”) | G(z) 
BGy = Aw) + 23 Ear) E.(r)’ 


However, since p, ¥ ¢, it is evident from (16) that, as r—> , the second term 
on the right tends to zero, while from the approximation, the last term is in 
absolute value < «. Although the case a = 1 does not fall under (16), the same 
statements nevertheless hold from well-known growth propertjes of E,(z) = e’. 
(A similar remark applies when a = z.) Hence we have the result 


. F,(re'*) 
(17) fin E.(r) 





= A(¢) (0 <as 2), 


or, since E,(r) ~ Be”, 
(18) F.(re*”) ~ BA(y)e” (0 <a <2). 


It may be remarked that this gives a means of finding the Fourier series of the 
a.p. sequence g(n) in terms of the growth properties of F(z). 

Also this result allows us to conclude the above mentioned fact that F.(z) 
is of order 6 and type unity. 


7. The Phragmén-Lindelof function h(y)."" The Phragmén-Lindeléf function 
h(¢v), which we now introduce, is defined generally for a function (z) which is 
regular and of order p in an angle g; < ¢ < ¢ as follows: 


(19) he) = Tim 981 8¢0e") | (or <¢ < o). 


This function, called by Pélya the indicator of (z), plays an important rdéle 
in the following work. Therefore, we shall consider it in some detail. As we 
see from (19), h(v) measures the rate of growth of #(z) in the direction re’. 

For functions of exponential type, Pélya has given the following method for 


determining h(y). Let >> a,z,/(n!) be an integral function of exponential type 
n=0 


and denote by § the smallest closed convex region which contains all the singu- 


10 T,. Bieberbach, Lehrbuch der Funktionentheorie, vol. II, p. 267. 
11 Acta Mathematica, vol. 31 (1908). 
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larities of the Borel transform >> a,z-"" 

n=0 
diagram of the given integral function, and &, its reflection in the real axis, is 
called the indicator diagram of the given integral function. As Pélya shows, the 
supporting function (Stiitzfunktion) of 3 is A(¢). 

Applying this to F(z) we find, using the result of Bochner and Bohnenblust 
mentioned above, that 3 is the smallest convex region containing the points 
e*. Thus, if there is an arc of the unit circle on which the points e™* lie every- 
where dense, then this are will form part of the boundary of 3. Besides such 
ares, 3 will in general contain chords joining points on the unit circle. 

We shall present a method of obtaining h(y) for F(z) which, although similar 
to that of Pélya, makes use of the special nature of F(z) and is, at least partially, 
applicable to F(z) fora # 1. We consider first F(z). 

We start from the formula (12) and deform the path of integration around the 
singularities of g(¢) so that the new path is composed of contours running very 
near to the singularities and of radii of the unit circle each described twice in 
opposite directions. These and the small circle around the origin can be dropped 
since, by the result of Bochner and Bohnenblust, ¢(¢) is single-valued and 
bounded near ¢ = 0. We have from (12) 


| F(Re'*)| < K max |e*| = K max {exp[rR cos (6 + ¢)]}, 


This region is called the conjugate 


where K depends upon the path of integration but is independent of R, and 
where the maximum is taken as ¢ = re’’ runs over this path. Hence 
h(g) = fim 08 1FRe”) | _ | 


R--oO 


< max r cos (@ + ¢). 


But the path of integration runs very near to the singularities, S, so that we can 
pass now to the limit and have 


h(¢v) S max {r cos (6+ ¢)} = max {r cos (@ — ¢)}, 


the maximum being taken as ¢ runs over the set S of conjugate points of the 
singularities of ¢(¢). 

We next obtain the inequality in the other direction and for this purpose we 
need the following general property of h(v) due to Phragmén and Lindeléf. 
If h(g) ts the indicator of a function which is regular and of order p in a sector 
containing the angle gi << ¢ <gandifai<a<¢,a—<™m ,a—-a< 
mp , then 


(20) h(¢:) sin p(¢s — gz) + h(g2) sin p(y: — ¢s) + A(ys) sin p(y: — gi) 2 9. 


For p = 1 this means, essentially, that h(¢) is the supporting function of a convex 
region. For p 1 there is no such simple geometrical interpretation. 

Coming back to F(z), let e be a point of 5 which gives the largest projection 
on the given ray Re”, i.e., for which the maximum above considered is attained, 
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and suppose that h(v) < cos (W — ¢) — 6,6 > 0. We shall show that this 
supposition leads to a contradiction. Without sacrificing generality we may 
suppose Y <¢. Take a third angle @ such that 6 < y, (@—¢) <. Applying 
(20) we get, since h(y) = 1, 


h(9) sin (g — ¥) + h(y) sin (y — 6) + A(y) sin (6 — ¢) 2 0, 


6 ‘ 
h(6) > cos (y — 6) + —————~ sin (y — 8). 
p-O+ Bea? 
This is impossible since the right side assumes values which are greater than 
unity for ¢, y fixed and variable @ sufficiently near y. 
Combining this result with the previously obtained inequality, we have 


(21) h(y) = max {cos (6 — ¢)}. 


Geometrically this equation may be interpreted as follows. Consider the 
totality of circles with diameters OP, where QO is the origin and P runs over S. 
Given any direction ¢, h(y) is measured by the largest intercept cut off on the 
ray Re’* by these circles. It is easily seen that this is merely another way of 
saying that h(¢) is the supporting function of the indicator diagram of F(z). 

To carry out a similar discussion for F(z), we start from the integral formula 
(14) and find 


| Fa(Re*) | < K max | E,(rRe“***) | 
as ¢ = re“ runs over the path of integration. Hence 


ES i(0+¢) 
h(y) < lim log {max | E,(rRe I} 
R-2 Ré 
But, from the growth properties (16) of £.(z), we have 
-— log | E.(Rre'®**) | 


= Re 





=rcosB(@+¢) (\@+¢| S an), 





=0 (r => |0+¢| > jar). 
Hence, using, as before, the conjugate set 5S, we find 
h(g) = max {max [r* cos 86 + ¢)], 0}. 
8 
For those angles ¢ for which h(¢g) = 0, we can proceed exactly as before to obtain 
the inequality in the other direction so that in this case 
h(y) = max [cos B(y — 6)]. 
8 
The geometrical interpretation is analogous to that for a = 1 except that here the 
curves h = cos B(¢ — @) instead of circles h = cos (g — 6) are used. For values 


of ¢ for which h(y) < 0 the method fails. That h(y) can be negative for func- 
tions of our class is shown by the example $2;(z) + 4$£;(—z) = e”. Here 








20 HARRY MATISON 


h(y) = cos 2. However, if we make the restriction that there be no arc of the 
unit circle greater than ax which is free from points e™*, it can easily be concluded 


that h(¢) is never negative, since in this case max cos B(g — 6) = 0. 
8 


8. A theorem on the zeros of F’,(z). 
TueorEM II. Jf F(z) is not of the form ke", where k and c¢ are constants, 


|ce| = 1, and n is a positive integer, then the series 
(22) 2d 1%, 
where r,e'” (v = 1, 2, ---) are the zeros of F.(z), is divergent. 


Remark. We know from the theory of integral functions that > 1" con- 


v=1 
verges for every p > 8. Our theorem shows that for our functions, with the 
exceptions mentioned, this is no longer true for p = 8. 

Proof. Suppose the series (22) were convergent. Then, by a well-known 
theorem,” we would have 


F.(z) = e& z*P(z), 


where P(z) is a Weierstrassian canonical product which belongs to the minimal 
type of order 8 and g(z) is a polynomial of degree [8] at most. If 8 were not 
integral, we could conclude that F(z) is of minimal type, contrary to the fact 
proved above that it is of type unity. Hence, suppose 8 = [8] = n. Then 
g(z) is necessarily of degree n and 


log | Fa(Re'*)| _ Rig(Re'*)} 44 log R 4 log | P(Re’*) | 
R* Rk R Rk 3 





If we take the limit superior, the last two terms give no contribution and we 
conclude that h(y) = cos n(e — ¢go) for a suitable go which, by a rotation of the 
z-plane, we may take equal to zero. We now have to determine which functions 
F(z) have 


h(v) = cos ng. 


In the first place, there are exactly n directions of maximal growth; namely, 
g = 2kx/n (k = 0, 1, ---,n — 1) and hence by (17), the a.p. sequence of 
the coefficients has exactly n Fourier exponents which are 0, —2z/n, --- , 
—2(n — 1)x/n. Our function is therefore of the form 


F(z) = AoE.(z) + AiEa(mz) + +++ + AnaEa(m-2), 


where m = —2kmi/n. Now, since each of these summands cannot grow 
exponentially small, there must exist certain conditions on the A; which enable 


122 L. Bieberbach, Funktionentheorie, vol. II, p. 242. 
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the sum todoso. In order to find these conditions, we make use of the following 
result on the growth of E,(z).” 


n—l —y 
Eye) = 2, 7 + Oz), large] > 5 
r(-? + 1) 


The required condition which the A, must satisfy is that the coefficients of the 
various negative powers of z must vanish. This gives the equations 


Ao + Aiea: + Ase + +++ + Ante = DO, 
Ao + Aigi + Ase + +++ + Ania = 0, 


Ao + Ava aa Ace + eee + An-1€n-1 = 0, 


where 1, €&, «++ , €,—-; are the distinct n-th roots of unity. Taking Ao as given, 
we see that A;, --- , An; are uniquely determined since the determinant of 
these equations is a Vandermonde determinant and is thus different from zero. 
But since Ap = A; = --- = A,_, is a solution of the system, it is the only one. 
Hence 


F(z) = Ad Ein(z) +eee + Eyjn(€n—12)] - Age”. 


This completes the proof. 


9. The zeros of F(z) in certain sectors. We next consider the distribution 
of the zeros of F(z) in a sector S, g¢ < arg z < ¢e, such that the interval 
¢i < ¢ < gis covered everywhere densely by the points \, . 

By the result (18) on the growth of F(z), together with the fact that h(¢) is 
continuous, we have h(y) = 1, ¢: S ¢ S ¢:, and also 


(23) lim log | Fa(Re'*) | = 


Ro Ré . 


for a set of g everywhere dense in this interval. 
Suppose F(z) ¥ 0 in the sector S. Then 


Ga(z) = [Fa(z)] 


would be regular in S. Let S’ be a slightly smaller sector. Then a theorem on 
the minimum modulus of an integral function” tells us that G,(z) is of order 
B in S’. Let H(¢) denote the indicator of G,(z) in S’. By (23) and by the 
continuity of H(g), we have H(¢g) = —1 in S’. Now take three directions 


13 A. Wiman, Acta Mathematica, vol. 29 (1905), p. 199. 
4 The continuity of h(¢) follows easily from (20). 
18 See Bieberbach, Funktionentheorie, vol. II, p. 261. 
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6, 8+ 7, 6+ 2n, where n > 0, all lying in this sector. Applying the inequality 
(20), we get 


(—1) sin By — (—1) sin 28n + (—1) sin Bn 2 0, 
2 sin Bn S sin 267n. 


This is false for » sufficiently small. Hence F(z) must have at least one zero 
in S. It follows easily that F(z) has an infinite number of zeros in S; for, if 
there were only a finite number, we could apply the foregoing argument to the 
function 


Q.(z) = F.(z)(z — a) ‘(ze - Zz) ree (z— zx), 


where 2; , --- , 2 are all the zeros of F(z) in S, and arrive at the contradictory 
conclusion that Q.(z) has at least one zero in S. 

By a refinement of the above method we can go much farther; namely, we 
can show that the series 


(24) 2d |e)" 
over the zeros in S is divergent. However, we first require two lemmas. 
Lemma 1. Jf >> | a,| ° converges and if P(z) is the canonical product formed 
v=1 
with the zeros a, , then for any « > 0 
| P(z)| > etl” 


for sufficiently large | z | satisfying the condition | 1 — z/a,| > 6 > 0. 
Proof. The proof is similar to that which gives the well-known inequality 
in the other direction.” We have by definition 


P(z) = a — n)exp (s+ 553 + soe +1x) = IT &., 9), i= =, 


where q is the integer such thatq <p q+1. Nowif|¢,| < }, 


|E,, 9g) | = ep -ty Pon sa} > exp 4 et} > etn 
: q+ 1 | lgal—1 
For | ¢, | large, say > A, the same inequality holds since p > q. For} S |f,| 3S 
\, we can find a positive number A such that 


(25) | EF. , 9g) | > e AM", 


Also we can take A > 2 so that we have (25) holding for all | ¢, |. Now choose 
N so that 


20 = « 
2 |e | 5 2A 


16 Bieberbach, Funktionentheorie, vol. II, p. 239. 
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and write 
N oo 
Pz) = II-III &,, 0. 
1 N+ 


Given ¢ > 0, we have for sufficiently large | z | 


II| > exp {—$ 12") 


Il > exp{—A Ale" [a> *} > exp (-$ 121’) 


N+1 N+1 


Also, by (25), 


This proves the lemma. 


Lemma 2. If the a, of Lemma | all lie in a sector S, then for any direction 
re’ outside S 
lim log | 4 at] | 


ro 


= 0. 


Proof. A well-known theorem on canonical products tells us that 


lim , log | <3 ol l< 


Now along any ray outside S it is clear that | 1 — z/a, | > 6 for some 6 > 0 and 
alln. Hence, Lemma 1 gives 


lim log | P(re‘*) | 


ro r? 


>0 
We can now return to F,(z). Assume that the series (24) taken over the 
zeros of F,(z) in S converges. Write 


F(z) = P(z)Q(2), 


where P(z) is the canonical product formed with the zeros z,. Let ¥ denote a 
direction in S along which (23) holds. We wish to show that a similar relation 
holds for Q(z) along the same ray. We have first 


im 1 OCR) | 


r—00 


Otherwise since 


a iv 
lim oe Ere < 0, 
we should have a sequence of points along the ray contradicting (23). 

For the second part of the proof, we require the inequality of Phragmén and 
Lindeléf (20), but in a slightly different form. Let a < 0, < 6 < Band & — 
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6, < m, and let h(0:) S hy, h(@:) S he. Let H(@) be the function of the form 
a cos 6 + bsin @ which takes the values h, , he at 0; , 62 , respectively. Then 
h(6) = H(6) (0, < 6S he). 
Suppose now that for some 6 > 0 


fm Ie 100Re%)| 


— 


=A>1+46. 


Choose two rays o, r on either side of ¥ and near enough to it so that the H(6) 
which is equal to 1 for ¢, 7 is necessarily < 1 + 6 in between. Choose two more 
rays §, nsothate <E<yY<< +r. Nowwrite 

F(z) = P(z)Q(z) = Pi(z)Pe(z)Q(z) = Pilz)Q2), 

Qi(z) = P2(z)Q(z), 


where P,(z) is formed from the zeros in the sector £, 7 and P2(z) from the remain- 
ing zeros. By Lemma 2 we have along both the rays o and + 


fim 281 Q2)) & fim log | Faz) | sm 108 | Pile) | _ 
R72 R7o Ré i Ré ° 


Hence, by the choice of ¢, 7 and by the inequality of Phragmén-Lindeléf, 


— log | — ¥) | 


R--2 


<1+46. 


Again by Lemma 2, since P2(z) has no zeros in the sector £, », we have 


iim log ie l< iim 10% ioe! ¥) | + lim log | P2(Re*”) I 
RS 


R--2 lim R--o 


<1+4. 


This contradicts the above assumption. Hence we have arrived at the result 
similar to (23), 


im 8 1QCRE) | 


R72 


But (23) was all that was required in order to prove that F(z) has at least one 
zero in S. Hence, we can proceed in the same way to the conclusion that 
Q(z) has at least one zero in S. This contradicts the assumption that all the 
zeros of F(z) were included in P(z). This completes the proof of the following 
theorem. 

TueoreM III. If S is a sector which cuts off from the unit circle an arc on which 
the points e”* lie everywhere densely, then the series 


taken over the zeros of F(z) in S, is divergent. 
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10. The zeros along the normal to a side of 3. We consider in this paragraph 
the case in which the indicator diagram contains a chord joining two isolated 
points of the set te™*! these considerations being, however, confined to the 
case a = 1. Without loss of generality we can assume that these points are 
e“ and e ™, so that we have symmetry about the z-axis. In this case it is not 
difficult, following the method of Pélya for finite exponential sums, to discuss the 
distribution of the zeros of F(z) in the sector S, —u S argz S u. 

We can write 


F(z) = A exp (ze) + B exp (ze) + ¥(z), 


where A, B are the Fourier coefficients of g(n) corresponding to —y, yu, respec- 
tively. By comparing the indicator diagram of ¥(z) with that of F(z), we easily 
see that in the sector » S arg z S u, where 7 is small and positive, the growth of 
F(z) is dominated by that of exp (ze). Similarly, in the sector —yn = arg 
z = —un, F(z) is dominated by exp (ze). Hence, of the zeros of F(z) in S, 
almost all are to be found in any sector S,, — 7 < argz < 7». 

In order to study the zeros in S,, we make use of the theorem of Rouché. 
Along the sides of S,, F(z) is dominated by the function 


(z) = A exp (ze) + B exp (ze), 


as we have already seen. We have 


&(z) = B exp (ze “) ‘5 oF en (o = 2siny), 
so that the zeros of @(z) are given by 
wing 3 4 (k = 0, +1, +2, ---), 
o A a 


and are therefore spaced at equal intervals along a line parallel to the real axis. 
Also, if we cut out from S, small circles of a fixed radius around each of these 
zeros of &(z), in the remainder, for suitable K independent of z, we have 


| b(z) | > K | exp (ze) |, 0 S argz S », 
| d(z) | > K | exp (ze) |, 0 = argz 2 ». 


IIA 


Hence we can find a sequence of equidistant radii R, — © such that for z, = 
R,e*, — 1 S ¢ S n, we have 


lim F(z,) aa $(z,) = 


yo (z,) = 


Along the sides of S,, we already have F(z) ~ #(z). Hence, outside a suffi- 
ciently large circle, the number of zeros of F(z) in S, is the same as the number 
of zeros of @(z). If we use N(r), Ni(r) to denote respectively the enumeration 
functions of the zeros of F(z) and (z), we therefore have the result that the 
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difference N,(r) — N(r) remains bounded. Moreover, since N,(r) = or/(2r) + 
O(1), we have 


N(r) = pe + O(1). 


We note that o is the length of the side of the indicator diagram joining e“ 
and e ™. 

It may be remarked that the preceding result holds also if the points e*™ 
are endpoints of ares of the indicator diagram, provided we assume that the 
terms of the Fourier series corresponding to all points in some neighborhood of 
each of e*” points form an absolutely convergent series. For, it is easily seen 
that the growth of F(z) in the sector S depends only upon the terms correspond- 
ing to points in any neighborhood of the endpoints e* and these terms are in 
turn dominated by #(z) as can be shown under the hypothesis of absolute 
convergence. However, since the absolutely convergent case has been con- 
sidered by Regensburger, we shall not go into details here. Some aspects of the 
absolutely convergent case are also considered in Part IT. 


II 


In this part we consider functions defined by series 


7 
¥ Be, 


k=1 


(1) G(z) 


where >, | B,. | converges and | a | S A, A > 0 (k= 1,2,---). This class of 
1 


functions contains those F(z) considered in Part I for which the u.a.p. function 
g(t) has an absolutely convergent Fourier series. 
It is trivial that G(z) is an integral function of exponential type since 


iG(z)| s (= |Bs|)-e4 


We therefore introduce the Borel transform, y(z), of G(z). We have 


eo oo cS) 2) 
(2) vz) = [ G(e* de = DB, [ et dg = So Be 

0 v=l 0 vel 2 — Gy 
In order to study the growth of G(z) in different directions by means of its 
indicator diagram, we must first learn something about the situation of the 
singularities of y(z). From (2) one would expect that these would consist of 
the set {a,} and its limit points. In general, however, this is not the case as 
has been shown by examples due to Wolff and Pringsheim.” It is clear that 
+(z) is regular outside the closure of the set {a}. Hence in general the con- 
jugate diagram will be contained in the smallest closed convex region con- 


A. Pringsheim, Sitzungsberichte der Bayer. Akad., 1923. 
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taining the points {a,}. However, we wish to restrict ourselves to the case in 
which %, the conjugate diagram, is equal to 3*, the least convex region con- 
taining the points a; and we will therefore impose certain restrictions on this set. 
Let E denote the set of extreme points of 3*. Then the restriction we shall 
impose is that the set E M {ax} is everywhere dense on E, i.e., any neighborhood 
of a point of EF contains an a, which is in EZ. 

We now show that every point of E is singular for y(z). It is sufficient to show 
that every point of E M {a} has this property. To prove this let a, be a 
given point of E M {a,} and take a supporting line (Stiitzgerade), & of 3* going 
through a,.’* We allow z to approach a, along the outer normal to &; hence, 
if d, = |z — a, |, we have d, > d,,k # v, and 


| | S | | i‘. 

\(z — a,)y(z) — B,| S$ | Bi |S. 
mee d;, 
oa 


As d, — 0 it is easily seen that the right member can be made arbitrarily small 
and we therefore conclude that z = a, is a singular point of y(z). 

The conjugate diagram & of G(z) will therefore contain the set E, and, since a 
closed convex region is determined by its extreme points, will contain 9*. 
However, since, as we have seen, 3* D &, we have 9* = &. 

We next consider more closely the growth of G(z) in certain directions. Let 
re“*' be a given direction such that the supporting line of 3 perpendicular to 
this direction passes through one and only one point, say &, of the set {&,}. 
Writing a, = a,e"’’, we have 


G(re‘*') = B, exp (ayre‘*?*?) + } B, exp (a, re’), 
yv=2 


However, since the projection of & on the direction re‘* is, by definition of a 
supporting line, greater than that of any other &, , it follows that the first term 
will dominate all the others so that we have’® 


(3) G(z) ~ Bye*", z = re'*', 


2. The zeros of G(z) in certain sectors. The result concerning the growth of 
G(z) obtained above enables us to get some information concerning its zeros 
in certain sectors. Let us suppose that the indicator diagram {% contains as 
part of its boundary an are of a smooth curve with a continuously turning 
tangent. Then the tangents to points of this are will be supporting lines of $ 
corresponding to directions which fill out a certain sector S:¢, < ¢ <¢:. Also 
each tangent will go through an extreme point of 3 and, since the &, lie every- 
where dense among the extreme points, there will be a set of angles ¢ everywhere 


18 For a proof that such an £ always exists see Carathéodory, Palermo Rendiconti, vol. 32 
(1911), p. 198. 
1° This result has also been obtained by Regensburger, loc. cit. 
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dense in S for which the supporting lines go through points &,. For these 
directions we have by (3) 

te) | 
(4) im 108 L@Cre"*) | 


r—20 r 


= | a, | cos (B;. + ¢). 


We can now use methods similar to those used in Part I. If we suppose 
G(z) ¥ Oin S, it follows that 


Wz) = [G@)J" 


is regular and of order unity in S. Moreover, since the limit (4) exists along an 
everywhere dense set of directions in S, we have h*(¢) = —hA(¢), where h(¢), 
h*(¢) are the indicators of G(z), W(z), respectively. Taking now any two 
directions 6, 7 in S with|@ — | < a, we have by the Phragmén-Lindeléf 
inequality 


hv) S H(v) = Acose + Bsing, 
where H(@) = h(@), H(n) = h(n). In the same way 
h*(v) = —h(y) S —H&), 


so that we deduce 
h(v) = Hv) = Acose + Bsing. 


But the curve p = A cos ¢ + B sin ¢ represents, in polar coérdinates, a circle 
passing through the points (h(@), 6), (A(m), 7) and the origin. Hence, the 
supporting lines of directions between @ and 7 must all pass through the point P, 
where OP is the diameter of the circle, O being the origin. But as we have 
assumed that the tangents are continuously turning, this cannot be the case. 
Hence G(z) has at least one zero in S. By a simple argument used previously, 
we conclude further that there is an infinite number of zeros in S. In fact, by a 
proof following very closely on the lines of that of Theorem III we can arrive at 
the following conclusion. 
THEOREM IV. The sum 


dX |e" 
1 
taken over the zeros of G(z) in S is divergent. 


3. An example. Whereas the above results all tend to show that infinite 
exponential sums have properties similar to those of finite exponential sums, in 
particular, that the zeros tend to array themselves along the outward drawn 
normals to the indicator diagram, the following example shows, in contra- 
distinction to the finite case, that exceptions can occur. We show, namely, 
that a sector may contain an infinite number of zeros and yet contain no normal 
to the indicator diagram. 
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Consider the series 
G(z) = > B,e” sin b,z, 
v=] 


where b, = /(v!), a, = 1 — b,, and B, are real numbers to be described later. 
It is easily seen that the indicator diagram of this function is a triangle with 
vertices at the points (1 — 7, + 7), (1, 0), so that the positive real axis is not 
an outward drawn normal. Nevertheless, G(z) has an infinite number of zeros 
along this axis. For let k be an integer and take z = k!. Then we have 


!) = Rlak+i os bal 7 kia, > wk! 
Gk!) = Bune wal T° i+ 2, Bye sin — |. 


Hence, we need only choose the B, so that 


2 —l 
k! (1—az+)) f us 
| Biss| > ( | Bele (sin ,* :) ’ 


and also so that the term 


klag+1 .* v 

Bysyie sin k+l 

has an alternating sign in order to insure the existence of at least one zero 
between z = k! andz = (k + 1)!. 
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THE HALF-GROUP OF COSETS BELONGING TO A GROUP 
By Cuar_es Hopkins 


The problem of incorporating into a single system the various quotient-groups 
associated with a given group G has recently received attention: one finds, for 
example, a solution in the papers of Ore on structures.’ As Ore points out, 
however, the wide applicability of his results is attained “by the elimination of 
the elements from the algebraic theories’. It is the purpose of this paper to 
present a solution in which the elements of the quotient-groups occupy the 
center of interest. We shall incorporate the elements of certain quotient-groups 
associated with G into a multiplicative system, which we call the half-group 
belonging to G. It is not difficult to see that this “multiplicative system” can 
never be a group if, as seems reasonable, we require that two elements belonging 
to distinct quotient-groups have a unique product. 


I. The half-group I'(G) 


Let G denote any group containing more than one element, and let @ denote a 
set of operators for G, each operator effecting a proper automorphism of G. 
Of the set ® we require that it contain operators effecting each of the inner 
isomorphisms of G. Let H(G@) denote the set of all subgroups in G which 
individually admit each operator of @. Evidently H(G) is either the set of all 
normal subgroups of G or a subset of this set. In any case, H(G) will contain 
both the identity subgroup E and the group G itself. The following are familiar 
results: if H, and Hy are any two members of H(G), then the complexes H.H, 
and HH, are identical and each is equal to the union {H, , Hy}; both the union 
and the cross-cut [H, , H,] are contained in H(G). 

Now each H in H(G) gives rise to the quotient-group Tf = G/H. Let Q(G) 
denote the set of distinct quotient-groups associated with the set H(@), two 
quotient-groups I’, and T, being regarded as distinct if, and only if, Ha = Mb. 
We suppose, furthermore, that two distinct quotient-groups have no element in 
common. Let = denote the set of all group-elements in Q(G); i.e., the logical 
sum of the sets of elements in T, , T , etc. We wish to define for the elements of 
> a “multiplication” which shall have the following characteristics: 

(la) the set = is closed under multiplication; 

(1b) multiplication is associative for any three elements of 2; 


Received June 24, 1937; in revised form, December 14, 1937. I am indebted to Mr. 
Garrett Birkhoff for suggestions regarding the title and nomenclature of this paper. 

10On the foundations of abstract algebra, I, II, Annals of Mathematics, vol. 36 (1935), 
pp. 406-437; vol. 37 (1936), pp. 265-292; Structures and group theory. I, this Journal, vol. 3 
(1937), pp. 149-174. 

2 If G is abelian, the set may be void. Throughout this article we designate simple 
and multiple “‘isomorphisms”’ by the terms isomorphism and homomorphism, respectively. 
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(1c) if X and Y are any two elements of 2, then the product XY is unique; 

(1d) for any two elements of the same quotient-group the product “within 
the set” coincides with the product “within the group”’. 

Now each I, is isomorphic with the group of distinct cosets H,z, where z 
ranges over the elements of G. Two cosets H.x and H,y are certainly distinct 
if H, ~ H», and we have assumed that two distinct quotient-groups I, and T', 
have no element in common.’ By setting up an isomorphism 0, between each 
Ir, and the group of cosets H,x we obtain, therefore, a one-to-one correspondence 
o between the distinct cosets of G and the elements of =. Following the usual 
procedure, we define the product H.x-H»y to be the coset H,H»xy. The set of 
distinct cosets of G will then constitute a multiplicative system having the 
properties (la)-(1d) above. 

Let S.a and Sys denote two elements of I, and I, respectively, and let H.s. 
and H,ss denote the cosets to which they correspond under g; i.e., (Hase)@. = 
Saa , (Hvss)0 = Sos. Let us define the product S.2 Sx by the equation 


(1) Boe Sos = Boy, 
where 
Sey = (H.81)6, H. = H.H, 8y = 88. 


Under this definition of multiplication within = the correspondence « becomes 
an isomorphism, and = becomes a multiplicatively-closed system satisfying 
(la)-(1d) above. This system we shall call the half-group ['(G@). In view of 
the isomorphism o we may identify ['(G) with the half-groups of cosets of G; 
in particular, we shall usually designate the elements of G/E—E being the 
identity of G—by the elements of G itself. 

It is evident, of course, that in identifying the elements of = with the distinct 
cosets of G we have merely obtained the most obvious solution of our original 
problem, which was to incorporate the “‘abstract’”’ elements of = into a multipli- 
cative system satisfying (la)-(1d) above. Other solutions are always possible: 
e.g., we can define the product XY to be the product within the quotient-group 
or the null-quotient G/G, when X and Y belong to the same or to distinct 
quotient-groups, respectively. 

What chiefly distinguishes the half-group ['(G) from an ordinary group is the 
fact that for two given elements A and C of I'(@) the equation AY = C need 
not have a solution in [(G). We shall prove that 

For the existence of a solution of the equation 


(2) SaaY = Sey 


it is necessary and sufficient that H, be contained in H, ; if (2) is satisfied by an 
element of the quotient-group TY, , then the equation 


(2’) XSaa = Sey 
ts also satisfied by an element of T, , and conversely. 


3 This assumption is not trivial, since in certain connections it is convenient to regard 
A/A 1 B as a subgroup of K/B, where A and B are two normal subgroups of a group K. 
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From the definition of multiplication one sees that the condition H, © H, is 
necessary. To prove its sufficiency we observe that (2) is satisfied by the 
coset H,s.'s,, belonging to I, , where H, is any member of H(G) satisfying the 
equation H,H, = H,. (This equation always has at least the solution H, = H,.) 
Since H.H, = H,Ha, and since (2’) is satisfied by the coset H,s,sq', it follows 
that to each solution of (2) contained in I, there corresponds a solution of (2’), 
and conversely. 

Evidently the set of all elements in ['(G) which satisfy equation (2) can be 
split into subsets, each subset consisting of those solutions which belong to the 
same quotient-group. Let I, denote a quotient-group which contains at least 
one solution of (2). The following result is of interest when [, contains only a 
finite number of solutions of (2): 

If the equation SaaY = S-y (or XSaa = Scy) is satisfied by an element of the 
quotient-group 1», then it is satisfied by exactly \ elements of T, , where d is the 
index of H, in H.. 

For if S,.(= Hs.) is a given solution of (2) contained in T, , then any coset 
H2.8., where z, is a variable element of H,, is also a solution of (2). As 2, 
ranges over the elements of H, , we obtain exactly \ distinct cosets (modulo H,), 
where \ is the index of the cross-cut [H,, H»| in H,. From a well-known 
theorem, this index is equal to the index of H, in H,H, (= H.). That our 
theorem holds for the equation XS,4 = S., as well follows from the fact that 
(2) and (2’) have the same number of solutions in T, . 

We shall say that H, is maximal in H, if the equation H,H, = H, has only 
the one solution H, = H,.. Then for the theorem above we may state as a 
corollary: the equation SaaY = S.,, as well as XSqa = Sey, will have a unique 
solution in 1(G) if, and only if, H, is maximal in H, . 

In the concluding portion of this section we shall state, without proof, certain 
results relating to “subsystems” of ['(G), a subsystem being defined as a set of 
elements in I'(G) which is closed under multiplication. It is easy tosee that any 
subsystem A is expressible in one, and only one, way as the direct sum of com- 
ponents A, , A, , ete., where each component A, is either void or is the subgroup 
consisting of ail elements of A which occur in T, . 

Those elements of '(G) which are commutative with every element of ['(G) 
constitute a subsystem, namely, the center of [(G@). One can easily show that 
the center of ['(G) is the direct sum of the centers of I, , Ts , ete. 

The cross-cut of two subsystems is always a subsystem or is void. As in the 
case of ordinary subgroups of a group, the product of two subsystems A, and A, 
is a subsystem if, and only if, A,A, = A,A,. 

Let A be any subsystem of I'(G), and let J be a given set of elements in I'(G). 
We shall call A a right-hand, or left-hand, or invariant J-subsystem, according 
as A contains AJ, or JA, or JAJ. If, in particular, J is the set = of all 
elements in I'(G), then, borrowing the terminology of ring theory, we may call 
A a right-hand, or left-hand, or invariant (two-sided) ideal. It is easy to show 
that every ideal is an invariant ideal and is the direct sum of uniquely determined 
quotient-groups. 
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Let Saa(= Hasa) be a given element of '(G@), and let ¢ be a fixed operator in 
the set @. We define the product S,e¢ to be the element H,-say. Since 
H.g = H, and since each ¢ effects an automorphism of G, it is evident that ® 
is a set of operators for T'(G); i.e., Saag-Sis¢ = SaaSvg-¢. Any subsystem A 
which admits all the operators in @ we shall call a &-subsystem. Evidently 
A ¢€ A implies A® = A, since each operator effects a proper automorphism of 
G. As examples of ®-subsystems, we have the following: the center of T'(G), 
every quotient-group I’, , every subgroup of T, which is homomorphic with a 
-subgroup of G. 


II. The extended group-ring #(@) 


Up to this point we have discussed the half-group ['(@) and its subsystems 
for groups of unrestricted generality. From this point on we shall assume that 
G is 8 denumerable group and that the number of groups in the set H(G@) is 
finite. 

Let n denote this number. Then for the members of H(G) there exists at 
least one sequence such that in this sequence the product of two groups never 
precedes a factor. We now label these groups so that in the fixed sequence 


(1) Mi, He, ---, Hn 
the subscript k of the product H;H (= H,) will satisfy the inequalities 
(2) k 2%, k 2). 


Corresponding to the sequence (1) we have for the quotient-groups I; (=G/H,) 
the ordered arrangement 


(3) r,,Ts,-°+:,Ts- 


Since [; 1; = G/H;H;, it is clear that the subscript k of T; (= T,) satisfies 
the inequalities (2). 

We know that H(G) contains at least the identity subgroup E and the group 
G itself; hence, in (1) the first and last terms must be E and G, respectively. 
Consequently, in (3) the first term is G and the last term is G/G. 

Let F be any commutative field and let R(G) be the hypercomplex system 
over F whose basis-units are the elements of [(@). From this point on we 
shall designate the elements of I’; by e; , ue, --- , where e; is the identity of T, . 
Employing the usual notation, we then write’ R(G) = Fe, + Fury + --- + 


4 This does not imply that the number of elements in G is finite. For example, if G is an 
infinite group whose elements are all of order 2 (E excepted), and if % is the set of all proper 
automorphisms of G, then H(G) contains only the two groups E and G. 

The results in this section are valid, for the most part, if we replace “‘finite’’ by ‘‘de- 
numerable’’; in this case, however, the proof of our main theorem may involve an infinite 
number of constructions. 

5 Thus a given element of R(@) is expressible uniquely in the form {:1¢1 + {12412 + --- 
+ {nién , it being understood that only a finite number of the coefficients {;; are different 
from zero when R(G) is of infinite rank over F. 
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Fe. + Fux + --- + Fe,. Let ®; denote the hypercomplex system over F 
whose units are the elements of [;. Then (G@) is the direct sum of the subrings 
Mi, Re, ---,R. We shall call R(G@) the extended group-ring of G, the ter- 
minology being suggested by the fact that each §; is the regular group-ring 
over F of the group I; . 

One sees readily that the set of n subrings Ri , --- , R, is closed under multipli- 
cation, and that the multiplication table for the ®’s is obtained from that of the 
I’s if we replace T; by R;. It is evident, therefore, that of these n subrings 
only one, namely, ®,, is an invariant subalgebra. Our main objective in this 
section is to show that by an appropriate change of basis we can exhibit 2(@) 
as the direct sum of n invariant subrings Wi, ---, Rs, --- , Rx, where each 
Rt; is isomorphic with §R; (¢ = 1, 2, --- , n). 

We shall prove the following theorem: R(G) is the direct sum of n invariant 
subrings Ry, --- , Rn jie. RIG = Ri + Re + --- +R, , where 

(a) Ri = Ri; RK:R; = KR; = 0, t# J; 

(b) R; and R; are ring-isomorphic. 

Now (G) contains as a subring the hypercomplex system €(G) = Fe, + 
Fe. + --- + Fe,. We shall first reduce €(@) to the direct sum of n fields 
Fé; which annul each other, and then show that this reduction of &(G@) leads to 
the desired reduction of R(G). 

Since e; is the identity of T; , the elements e; , --- , €, constitute the set of all 
idempotents in ['(G). (Digressing momentarily, we point out that e; is the 
principal unit of R(@), while e, has the properties of a “‘null-element” in T'(G); 
i.e., Xe, = e,X = e, for every X in ['(G).) For our purpose the important 
characteristics of the multiplication table of these idempotents are the following: 


(k 2i,k 29); 
(i,j = 1,2,---,m). 


2 
ej = 


Cjei = &, 


(4) 


ee; 


[See (1), (2), (8) above.] 
We now write @, in place of e, and define é,_, by the recursive relation 


,n—1). 


en 


(5) Enn = Cn—wl€r — En—ptt — Onnt2 — **> — Gri — ex) (u = 1,2, --- 


We shall show that the n elements @, , é& , --- , é, satisfy the following con- 


ditions: 

(6) e= 8; 8@; = 2% =0 (i # 9); 
(7) & = €5 + diiss@inn + +--+ + dina (i = 1,2,---,n), 
where 

(7a) the coefficients dy are rational integers® or zero, and 


(7b) 


dy, is zero whenever the equation e;X 


e, has no solution in I'(@). 





From (4) it is easy to see that (6) is satisfied by é, and @, . 


6 Or congruent to rational integers, in case F is a modular field. 








con- 


# j); 


r(@). 
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We suppose, then, that (6) and (7) are known to hold for the elements 2, , 
ér41,**+ ,&@n, Where r is a fixed integer greater than 1. We shall prove that 
these conditions must then hold for @,; , é-, «++ , én. 

Now @,-1 = @raleé: — @ — @r41 — +++ — Gn) = Cp — Crtey — +++ — Crgen, 
and if we replace @, , 2,4; , ete., by their equivalents from (7) and refer to the 
equations e;e¢; = e, k 2 i, k = j, from (4), then it is clear that 2,_; is of the 
form é€,1 + d,1,r€r + --+ + d,1.n€n, Where the coefficients d,_,4 are rational 
integers or zero. Furthermore, in this expression for 2,_; a term with a non-zero 
coefficient (¢, , say) can arise only from products of the form e,,e;(= ¢é). 
Hence all parts of (7) hold for é@,_; . 


Since (6) is assumed to hold for @,, --- , é, , we obtain for @_, the expansion 
Hua = ale: — & + --- +8 — BB, — --- — ,) = G4. 
Hence @,_; is idempotent. Moreover, if 2,,; is any element of the set @, , 24; ’ 
-,é@ , then 
G16 p45 = Craler — @ — +++ — En) Grey = Crile Gray — Grbry jp — +++ — En bry i). 


Now ¢2,4; = @,4;, and of the remaining products in the last parenthesis exactly 
one is different from zero, namely, the product 2,.;@.4;. Hence @ 2.4; = 
€,-1(é4; — @+4;) = 0. Thus we have proved by induction that the n elements 
é:,---, €, satisfy (6) and (7). 

Since these n idempotents are linearly independent over F, they can replace 
€:,--+,€, as a basis for the ring €(@). Each Fé; is a field isomorphic with F, 
and it is obvious that €(G) is the direct sum of these fields. Since each Fé, is 
an irreducible two-sided (invariant) ideal in &(G), it follows from known con- 
siderations that the elements 2, --- ,@, are the only n linearly independent 
idempotents in &(@) which satisfy (6) above. If we express the e’s in terms of 
the @’s, we obtain n equations of the form e; = @ + i D.&, the coefficients 

t=i+1 
being rational integers or zero. The following equations, which we shall use 
below, are easily verified: 


(8a) e:€; = 6; (i -_ 1, 2, s+, M); 
(8b) ee; = 0 (i > 9). 


We are now in a position to prove the main theorem of this section. In the 
set of original basis-units for R(G), we replace each e; by @; and each u;; by 
u;(= ue) (¢ = 1, 2,---,n), obtaining thereby the set @, d.,---, &, 
tig, --- ,@,. For the moment we assume that the elements of this set are 
linearly independent (we shall prove it below); they will then constitute a new 
set of basis-units for R(G@). By definition, R; = Fe; + Fuze + --- + Fuy; + 

We denote by §; the expression which ®; becomes when we replace 
e; by @; and each u;; by a; (j = 2,3, --- ). From (8a) and from the equation 
Ui; = uxjé we see that R; = Riz. Since Ri = R222 = R,, it is evident that 
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R,; is a subalgebra of R(G). Since RM; = Rie Me; = Rs M,e%s:2;, and since 
éé; = 0 fori ¥ j, it follows that each ®; is an invariant subalgebra. 

To complete the proof of our theorem we have only to show that 9; and R; 
are ring-isomorphic. Certainly ®; and §®; are homomorphic under the cor- 
respondence defined by e; ~ é; , ui; ~ Gi;,f ~fforallelementsfinF. For if x 
and y are any two elements of 8; , and if # and g are the corresponding elements 
of R; , then, since = x2; , 7 = ye; , we have 


r+yrmaty=(+ yi =F+95; 
ry ~ ry = (xy)é: = (xe) (ye) = FG. 


To prove that this homomorphism is an isomorphism it is sufficient to show 
that # is zero only when z is zero. Using (4) and (7a), we obtain the equations 


EF = re; = cle, + diisi@inn + --- + dinners) =2+7’, 


where 2’ is assum of elements from Wisi, Rize, --- , Ra. Since Ry and R; , 7 ¥ J, 
have only the element zero in common, we see that = 0 implies z = 0. _Inci- 
dentally, this proves that the elements 2;, dz, --- of a given Rt; are linearly 
independent over F. Let Z be any linear function, with coefficients in F, of the 
elements @ , tig, ---, @&, te,---,é@,, and let %, %,---,%Z, be the com- 
ponents of Z which lie in %, ---, Rx, respectively. Assume that Z7 = 0 and 
thatZ,~+ 0. IfZ=%+---+%4+---+ 2, = 0, then Z, = 2,2 = Zz, = 0. 


Hence, the elements @, --- , %;,--- ,@, are linearly independent, since we 
have already established the linear independence of the subset which occurs in a 
given R; . 


A decomposition of a hypercomplex system © into the direct sum of invariant 
subrings is usually designated by the term direct decomposition of S. The 
decomposition D of (G) into the direct sum of the components R; above is 
probably the most useful direct decomposition of R(G), but it is obvious that 
R(G) will in general have direct decompositions other than D. Even if we 
know of a direct decomposition D that its components, in some order, are ring- 
isomorphic with the components of D, it does not always follow that D and D 
are the same decomposition. [The simplest example arises by choosing for G 
the non-cyclic group of order 4, for @ the identical automorphism, and for F 
the field of rational numbers.] We mention a striking exception: 

If G is a group G, in which the order of every element is a power of a given 
prime p, and F is a commutative field F, of characteristic p, then 

(i) each component R; of D above is direct-indecomposable ; 

(ii) D is the only direct decomposition of R(G) into direct-indecomposable com- 
ponents. 

We sketch the proof of (i). Each 8; in R(G,) is the group-ring of a p-group 
I; over F,; a group-ring of this sort is a primary ring—i.e., every divisor of 
zero is nilpotent—and contains, accordingly, no idempotents other than 0 
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and the principal unit. Since R,; and ®; are ring-isomorphic, R, contains no 
idempotents except 0 and @;. Since a direct decomposition of R; would involve 
a decomposition of @; into the sum of two or more idempotents each different 
from zero, it follows that ®; is direct-indecomposable. 

Proof of (ii). Let S be any hypercomplex system with a principal unit ¢, 
and let D’ and D” be two direct decompositions of S which have as components 
Si,---,S and S/, ---, S, respectively. Let e; and e; denote the com- 
ponents of e in S; and S;’, respectively. Now each e; (and each e;’) is idem- 
potent, in the center of S, and different from zero. Since S; and ©; are 
invariant subrings of S, we know that e;e; is an idempotent element e;; con- 
tained in both S; and Si. Hence those e;;’s which are not zero must be dis- 
tinct; furthermore, the product of two distinct e;,;’s is necessarily zero. Since 


des — oa 3 are , ” ” 
S = Se = SE = Ser + --- + eller +--+ + ee), 


it follows that S is the direct sum > Se,;, where the summation extends over 
those e;;’s which are not zero. Each component Se;; is an invariant subring of 
S; consequently, the decomposition S = > Se;; is a direct decomposition D’”’. 
Since 


~~? aaa a re , an 
Si = cei = Lee = Sle — eee —— Cis) = » ; Ce it ; 
t 


we see that by a proper grouping of the components of D’”’ we recover the 
components of D’ (and of D”, as well). And it is evident that D’” will be a 
refinement of at least one of the original decompositions if, and only if, these 
original decompositions D’ and D” are distinct. 

Returning now to R(G,), we choose for D” the decomposition D and for D’ 
any second direct decomposition of (G,) in which each component is direct- 
indecomposable. Since each component of D is direct-indecomposable (see (i)), 
the decomposition D’” above must coincide with D and with D’, for it can be a 
refinement of neither. Therefore D’ and D must be the same direct decomposi- 
tion of R(G,). This completes the proof of (ii). 

We touch briefly upon the significance of D in connection with the two regular 
representations of '(G) when G is a finite group. It is known that any repre- 
sentation of a finite group over a commutative field can be derived from a 
representation of its group-ring, and conversely—a result which can be extended 
to the half-group [(G). From the properties of D—in particular, from the 
fact that R; and NM; are ring-isomorphic—it follows that the first (or second) 
regular representation of ['(G) is equivalent under a linear transformation 7 
to the direct sum of n representations M,, Mz, --- ,M,, where each M; is 
equivalent to the first (or second) regular representation of T;. From (7a) 


7 Although each %; is direct-indecomposable, it is never irreducible for i # n. Hence 
the familiar ‘‘uniqueness-theorem’’ for semi-simple rings is not available. 
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it is clear that 7 may be chosen so that its coefficients are rational integers. 
More generally, any representation of [(@) by linear transformations over F, 
whether regular or not, is equivalent to the direct sum of representations of the 
quotient-groups T,,---,I,. Since each T; is a homomorphic image of 
G(= T;), the theory of representations of ['(G) is contained essentially in the 
theory of representations for G. For example, if the characteristic of F is 
prime to the order of G, then any representation of ['(@) over F is completely 
reducible, and to obtain an extension of F in which this representation splits 
into its absolutely-irreducible components we need only to choose an extension of 
F in which the components belonging to G have this property. 


TULANE UNIVERSITY. 











SPHEROIDAL AND BIPOLAR COORDINATES 
By H. Bateman 


1. The relations between the different codrdinates. Let xr = w cos ¢, 
y = wsin ¢, then if 


(1.1) z=rcosé = kw = kSsho, u2l, —-lsv 
(1.2) w=rsin@ = ku’ — 1)(1 — 0°) = kS sins, 

(1.3) k(u — v) = R, k(u + v) = R’, S(ch o¢ — cos r) = 1, 
(1.4) (u— ve’ =u+y, (uv? — v)cos r = uw + vo" — 2, 

(1.5) r= k(u + — 1). 


It is usual to call (r, 6, ¢) the spherical polar coérdinates, (z, w, @) the cylindrical 
coordinates, (u, v, ¢) the spheroidal coérdinates and (¢, 7, ¢) the bipolar co- 
ordinates of the point P whose rectangular coérdinates are (x, y, 2). 

For a second point Py whose rectangular coérdinates are (x9 , yo , 20), quanti- 
ties uo, v0, Wo, 0, ¢0, 00, 7, Ro, Ro, So may be defined by similar equations 
with a constant ky which may or may not be different from k. We shall, how- 
ever, be interested in a function G(z, y, z, 20, Yo, 20) Which is harmonic when 
considered as a function of x, y, z and also when considered as a function of 
Zo, Yo, 2%. For reasons of symmetry it will be convenient in this case to take 


ko = k. 


IIA 


2. The standard spheroidal harmonics. It is well known that Laplace’s 
equation has the simple solutions 


Pr(u)Pr(vye™®, = Qa(u)P2(v)e"™®, 


where P%(u) and Q7'(u) are associated Legendre functions. 
In the case of symmetry about the axis of z the simple solutions become 


P,(u)P,(v) and = Q,(u)P,(v). 


A series of solutions of the second type is particularly useful for the repre- 
sentation of a potential function in the space outside a prolate spheroid whose 
foci are at the points with rectangular coérdinates (0, 0, k), (0, 0, —k), respec- 
tively. This leads to the consideration of Neumann series of type 


(2.1) f(u) = D (2n + 1)enQn(u). 


n=0 
Such a series is known to converge in the region of the complex u-plane that 
lies outside an ellipse with the points +k and —k as foci, when f(u) is an analytic 
Received July 25, 1937 and August 27, 1937; in revised form October 30, 1937. 
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function with no singularities outside this ellipse. Useful expressions for the 
coefficients which supplement those given by Neumann may be obtained by 
using certain polynomials expressible as generalized hypergeometric functions 


(2.2) F,(z) = F(—n, n + 1, } + 32; 1, 1; 1), 
(2.3) Z.(z) = F(—n, n + 1; 1, 1; 2), 


the notation being the usual one except that the suffixes adopted by Barnes 
have been dropped, the semicolons being sufficient to specify the number of 
parameters in the numerator and the denominator of the function in the 
present work. 

These polynomials are such that if D, denotes the operator d/dz, 


F,(D.) cosech 2 = cosech z P,(coth z), 
F,,(D,)x cosech x = cosech x Q,(coth 2), 
Z.(ze *) = e*  F,(2D, — l)e* -, 
Z.(— D,)2' = «'P,(1 — 227"). 


(2.4) 


Moreover the coefficient c, is given by the formulas’ 
(2.5) cn = (—)” lim F,(D.) cosech z f(coth 2), 
z—0 
(2.6) c, = lim Z,(—D,)2x" f(1 + 227"), 
z—0 
which may be applied, for example, to the function f(z) = 1/(z2 — ¢#). Let 


us now write w = cothp, W? = ui t+ v4 — 14 2uue, WT = uw +0 
and apply the formula (2.5) to the two well-known expansions 


(27) Wo = > (—)" (Qn + 1)Pq(u)Pa(v)Qa(ue), 

- (uo > u). 
(2.8) WQ(T) = > (—)" (2n + 1)Q,(u)Pr(v)Q,(uo), 
Since 


W’ sh’p(ch ¢ — cos r) = ch (¢ + 2p) — cos 7, 
we obtain the following representations of spheroidal harmonics 
P,(u)P,(v) = S"F,(2D.)S, 8 = (cha — cos 7), 
Qn(u)Pr(v) = SF (2D,)[SQo(u)]. 


1 See H. Bateman, Annals of Mathematics, vol. 35 (1934), pp. 767-775 for the first of these. 
The second, (2.6), is new. 


(2.9) 
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The series (2.8) may not be so well known as (2.7), but it is easily summed by 
expressing it as a definite integral 





[= - Wet wv) + (wv — 1)(1 — of, 


which has the value indicated. 
The more general series 


> (2n + 1)Q,(u0)P (vo) Qn(u) P(r) 


n=0 


represents a function harmonic in both (z, y, z) and (zo, yo, 20), which, when 
v = v = 1, is represented by the series 


* = En + Qa Qa(u) = (Gels) — Qo(u)] (uw — 1) 


mm, tt atts —m-1 f**. 
m=0 n=0 
where the summation extends over all combinations of values for which m + n 
is an even positive integer or zero. 
When r > k and ~ > k the expansion of V in a series of Legendre functions 
is, with the same restriction on m and n, 


V= > > (EY (EY Pateos 6) P.(cos 0)(m + n + 1)". 


m=0 n=0 \To 


In particular, when v = 1 and consequently 6 = 0, we have the expansion 


m=0 n=0 


¥ (2n + 1)Q,.(uw)Pr(v)Qn(uo) = > x 2) uo” 'P,(cos 6)(m + n + 1)* 


3. The standard bipolar harmonics. The standard bipolar harmonics are 
(u — v)‘e” P?'(cos r)e'"® and (u — v)*e” Q?'(cos r)e"”’, 


where v and m are arbitrary constants. Taking m = 0 to get the case of sym- 
metry about the axis of z, we shall show that 


(u — v)‘e”’ P,(cos tr) = > (2n + 1)F,(—2v — 1)Q,(u)P,(v). 


Denoting the left side by V, we remark that V is a potential function which, 
when regarded as a function of u, has singularities only when u? = v* and when 
cos tr S —1, the latter giving a singularity only when »v is not an integer. Now 
cost S —lfor’ <ws il. Hence,if —1 Sv S 1 and u > 1, the series is con- 
vergent whatever be the value of vy. For the left side can then be expanded in 
a convergent Neumann Q-series whose coefficients may be found by our rule 
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by first putting v = 1. When » = 0 the series reduces to Heine’s series for 
(u — v)'; and when vy = —} it gives the expansion 


x 


(2n")(w? — v°) TKI — vo) (w — v*) 4] = p> (4n + 1)(—3/, n)’Qen(u)Pen(v), 
where K(k) is the quarter period of the Jacobi elliptic functions with modulus k 
and (z/, n) is used to denote the coefficient of t” in the binomial expansion of 
(1 + t)’, while (n, /z) may be used for the reciprocal of this coefficient. 

The potential function V can also be expanded in a series of spherical har- 
monics in the region outside the sphere r = k. The axial value of V is in fact 


(YE) = GH)" GH) 
z—k/\ze—kJ/ "7"\e-—k *\2z—k 


15 (FY toate + 1) — 9.0, 


n=l 


where g,(x) is the polynomial of Mittag-Leffler.” Hence, if r > k, 


v= 42 (FY Pralcos ehion + 1) — ato 


When n > 0 the polynomial g,(z) can be expressed in terms of the hyper- 
geometric function; indeed 


gn(x) = 2xF(1 — n, 1 — 2; 2; 2), 


while go(x) = 1. 
At a point on the sphere r = k we have u’ + v° = 2 and so 


V, = (u + v)’(u — v)” 'P,(O). 


For some values of v this function can be represented by the Legendre series 


v, « 3S P.dece Meds + 1) -— gf)). 


n=1 
Noting that u + v = 2 cos 46, u — v = 2sin 3 0, we have 
V = } cos” (46) cosec”** (36) P.O) = 2-°(1 + uw)" — »)**P,(0), 


where » = cos 6. By the known theory of expansions in series of Legendre 
functions the expansion of this function is permissible when —3 < 2v < 1. 


Spherical potential problems in spheroidal codrdinates 


4. Values of the harmonics on the sphere r = k. At a point on the sphere 
r = k the spheroidal coédrdinates u, v are connected by the relation utv=2 


2 G, Mittag-Leffler, Acta Mathematica, vol. 15 (1891), pp. 1-32; vol. 29 (1905), pp. 101-181. 
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and we may put z = k tanht, w = ksecht. Then, if s = e ‘, we have at this 
point on the sphere 

u=(14s)(1+s)*=a, © say, 
v= (1—s)\(1+s)* =, say, 


and the formulas for the standard spheroidal harmonics of symmetric type 
become 


(4.1) 


(1 + s°*)'P,(a)Pa(c) = F.(2D, — 1)(1 + 8°), 
(1 + s°)*Q,(a)Pa(c) = Fa(2D. — 1)[(1 + 8°) *Qo(w)]. 


The first of these equations indicates that when | s | < 1 we have the expansion 


(4.2) 


(4.3) (1+ #4 PAC@)Pa() = DS (—4/, m)Fal—4m — a, 


where (z/, m) is used for the coefficient of ¢” in the expansion of (1 + #)*, and 
(m, /z) for the reciprocal of this coefficient. 
If we make the substitutions 


P2x(a)Pan(c) = - (—)"*(n + p — 3/, n)(n/, p)Pap(6), 
(4.4) ys 
Pons1(@) Ponss(e) = > (—)"*?(n + Pp + 3/, n)(n/, P)P2p41(b), 


where b = (1 — s°)/(1 + s°), and make use of the expansion 
(4.5) (1 +8°)?P,(b) = dX "(—p/, m)F(—q,q + 1, —m;p, 1; 1), 
which may be new, we are led to the identities 


(4.6) Fas(—4m — 1) = >a (—)"*(n + p — 4/, n\(n/, p)Fai(—2m — 4), 


(4.7) Fansa(—4m — 1) =X (=)""(n + p+ H/, m\(n/, p)Fahsa(—2m — 9), 


wherein use has been made of Pasternack’s notation 
It may be remarked that there is a second expansion associated with (4.5), 
viz., 

(1 + s*)-? P,(—b) 


(4.9) x 
= > (n + p — 1/, n)(—s")"F(—9,q + 1, p + 2; p, 1; 1). 
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5. Expansions in series of spheroidal harmonics. When the value of a 
potential function V is known on the sphere r = k and V is symmetric about 
the axis of z, the expansions 


(5.1) V= > a,P,(u)P,(v), 
(5.2) V =D caQalwPalo), 


when they exist, may, perhaps, be obtained by first expressing V by the well- 
known integral which gives the solution of the Dirichlet problem for the sphere. 
This integral is 


(5.3) avn 2. I sin 6’ dé’ | do’k(k’ — r)p °V’, 
4r Jo 0 


where V’ is the value of V at the point with spherical polar coérdinates (k, 6’, ¢’), 
p =k’ + 1° — 2kr(cos @ cos & + sin @ sin 6 cos(@ — ¢’)), and the upper or 
lower sign is taken according as r is less than or greater than k. 

To obtain the coefficients in the expansions (5.1) and (5.2) we put u = 1 
in the first and v = 1 in the second and in each case expand the resulting axial 
value of V, namely, V,. For this we need the expansions 


(64) (é — (wu — 1)? + Fw + DP = :» (2n + 1)(—)"U*(OQ,(u), 


(5.5) (1 —o)[(1 +0)? + TA — v)J? = p> (n + A)VA(T)P.v), 
where ¢ = tan 36’, T = cot 36’. 

Regarding the first of these as a Neumann Q-series and using our rule for the 
determination of the coefficients, we have the formula 


(5.6) Ur(e*) = F,(Dz + 3)Us(e*), 
where 
Us) = (1+ ey)". 


Since (u — 1)’ + #(u + 1)? is zero when u = e”’, the Q-series may be expected 
to converge outside an ellipse in the u-plane which has the points +1 as foci 
and which passes through the point u = ce”. This ellipse meets the real axis 
where u = (1 + sin’6’)’. Now the greatest value of sin’@’ is 1, and so the Q- 
series certainly converges when u > 2'. When this condition is satisfied, the 
Q-series for V, is 


6.7) Va= D (4m +. 2)(—)"Qalw) | “C+ erat *(Ogd, 
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where V’ = g(tan 36’). The coefficients c, are thus found. With a suitable 
type of function g(t) the series for V, may converge for some values of u that 
are smaller than 2°. 

In the particular case in which V = Q,,(u)P.n(v) we have g(t) = Qn(a)Pa(c), 
where 


ot i 
_ "(+p 6 @ iy 
and the formula for V, indicates that 
(5.9) [ (1+ #)°Q,(a)Pp(c)U*(Otdt = 0 (m ¥ n) 
= (4n + 2)" (m = n). 


This result has been checked in some particular cases. 


6. The function V2(¢) may be defined in a similar way by the equation 


(6.1) Vi(e*) = F,(D, + 3)Vo(e*), 
where 

7) _ o sds 2\—-4 
(6.2) tVo(t) = sai" +s)”. 


Putting s = e”, we may write 
e* Vole”) = [ (4 sech 2y)' sech (x — y) dy. 
Hence, since F,,(D,)sech (x — y) = sech (x — y)P,[tanh (x — y)], we have 


e* Va(e*) = [ (4 sech 2y)' sech (x — y)P, [tanh (x — y)] dy. 


That is, 
tV>(t) = 2 e dy (1 + ey P (<5) 
n I. e-= oa e’y n et + eu 
: da 
f i tanh a sech a ~~ ig Pal(t — sh a)/(¢ + sh a)]. 


Making the substitution v(t + sh a) = ¢ — sh a, we obtain the formula 
1 
(6.3) Vi) = / (1 — v°)P,(v) do[(1 + v)*? + F(1 — v)'J4, 
bal 
which gives rise to the equation (5.5). If, moreover, we write (6.2) in the form 


(6.2)' e“VE(e*) = [ t rte e Us (et), 








46 H. BATEMAN 


and operate on both sides with F,,(D,), we obtain the equation 
~ sds * 

—— U,(s). 

—— (s) 
The expansion (5.5) is convergent for —1 < v < 1 when T > 0, and we infer, 
if V’ = f(T) = f(cot 36’), that 


65) Va= Sn + Palo) I “Ut PIV (T)T aT. 


n=0 


(6.4) tV(t) = 


The coefficients a, are thus determined. 
In the particular case in which V = P,,(u)P»(v) we have f(T) = Pn(a)Pn(c), 
where 
(6.6) a=(14+7T)1+7T)*, c= Q—-T)I+7), 
and the formula indicates that 


[ (1 + 7°) *P,,.(a)Pn(c)V2(T)T dT = 0 (m ¥ n), 
(6.7) 0 


= (2n + 1)" (m = n). 
This result has been checked in some special cases. 
It should be noticed that when c, = a, and r = k there is a relation between 


the values of the potential functions represented by the series (5.1) and (5.2). 
Let us start with the equation 


(6.8) Ke + 1Q¢a)=3 | 2% 4s (t > 0), 
o st+t 


in which a is given by (5.8). The equation is easily proved by making the 
substitution s = sh z. 

Writing ¢ = e* and operating with F,(2D, — 1), we find that, if c is also 
given by (5.8), ° 


(1 + & *)*Q,(a)P,(c) 


7 (1 + s*) 'dsF,(2D, — 1)(1 + se?) 
0 


4 il a+ e ”)* dye’ F,(2D, — 1(1+e¢°*")"* 


x 


4 (1 +e”) + dyF,(2D, + 1)(e” + e 7). 


Using the operation of functional integration by parts which depends on the 
properties of adjoint differential operators with constant coefficients, we find 
that 


(1 + & *)*Q,(a)P,(c) 


2 / (e” + e*)" dyF,,(—2D, 4+ 1)(1 + et 


3 [ ; (e” +e 7)‘ dy(1 + & *”)*P,(a’)P,(c’), 








), 
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where 


a= (e+ 1)(E%4+1)7, ef = (eC — 1)" + 1)". 


Hence 


(6.9) (@+1)7Q@,(@)P,(c) = } [ : a (s + 1)? P,(a’)P,(c’) ds, 
where 

a=(¢+1)@4+1)"*, ¢ =@¢-1¢4+1)", 

a’ =(s+1)(8+1)%, c = (s — 1)(8° +:1)7. 


This equation shows that the potential function 
v= [te +08 + we + > P.ODPAC) de 
0 


has for z > 0 the axial value V, = 2(2* + 1)7Q,(4)P,(2), where 
@=(@+1)¢41)+, é= (2-1) + 1)*. 


The analysis of §§5 and 6 may be useful for the determination of a distri- 
bution of axial sources which give rise to a potential V. 

1°. When the sources cover only a finite portion of the z-axis and V is known 
at points of a very large sphere which contains all the sources. The solution of 
the problem is given formally by the series (5.7) when use is made of Neumarin’s 
equation 


Qa(u) = 3 P,,(v) dv 


-1 Uu-vDU 





2°. When the sources lie on the portion of the z-axis for which z < 0 and V is 
known on the portion of this axis for which z > 0. Use can then be made of 
equation (6.9) and related series of products of Legendre functions. The 
orthogonal relations (5.9) and (6.7) may then be useful for the determination 
of the coefficients in such expansions. 


7. Definite integrals for the Legendre functions. When there is only a single 
source on the axis of z, our analysis leads to expressions for the Legendre funce- 
tions. One of these will now be derived by an independent method. 

Starting from the equation 


1 ° tdt 
—_ sacl eee om 





and putting t = zu, z = e*, we get 


(7.2) 3 sech 2 = e* [ udu(l + w)* US (ue™). 


+0 
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Operating on both sides with F,,(D,), we obtain the equation 





(7.3) 3 sech x P,(tanh x) = e* | udu(l + u’)* U*(ue™), 
which is readily transformed into 
" 1 z-—1\_ [* URWetat 
“ i ()- [ eee sail 
This equation may be useful for the solution of the integral equation 
fe) = [+ ey *otora (2 > 0), 
0 


which occurs in potential theory when an attempt is made to find a potential 
of a simple layer over the plane z = 0 producing an assigned value on the axis 
of z above the plane of a potential symmetric about the axis of z. The method 
suggested by the equation is, indeed, to expand f(z) in a Legendre series of type 


1 = z-1l 
Ie) = 5 Pn ( >), 


and to represent g(t), if possible, by a corresponding series 
g(t) = La,Ux(O. 


A “Fourier rule” for this type of expansion is suggested by the orthogonal 
relation (5.9). 
The relation (7.4) may also be obtained by considering the potential function 


V = | o* Jo(wt)U a(t) dt, 
0 


where U,(t) = e ‘Z,(t). It is known that when w = 0 and z > 0 this potential 
function has the axial value 


1 z-1 
ssi" (=). 


The rule for finding the potential of a simple layer on the plane z = 0 which 
will give rise to the potential V in the space z > 0 then gives the equation 


U*(t) = [ Jo(xt)U,(x)x dz, 


if (7.4) is assumed to be correct. An independent proof of the last equation 
can, however, be obtained by starting with the equation 


Us(t) = [ e J(at)rdzx = o| e*' Jo(z)z dz, 
0 


v7 


i.e., 


e* Ut(e") = | Uo(ze~**) J o(z)z dz. 
0 
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Operating on both sides with F,(D, — 1) and using the equations 
F.(Dz + 3)UG(*) = UNE"), Fa(Dz — 1)Uo@e™) = Un(ee™), 


we obtain the equation 
e* US(e*) = | U,,(ze-*) J o(z)z dz, 


which is merely another form of the desired equation. 
It may be remarked that when z = 0 we have V = (1 + w)? P,(a)P,(c), 
where 


a = (w + 1)(w* + 1)%, c = (w — 1)(w + 1)*. 


A derivation of V from its values on the plane z = 0 also leads to the formula 


1 s-l1\_ * atdt 2\-4 
z+1 a (: > ') = J (2+ &)! (1 + t) P,,(a)P,(c), 
where now 

a=(¢+)DEC41)4, =(¢- 141%. 


A consideration of the potential 
V= i e * Jo(wt) V(t) dt, 
0 


in which V,(¢) is the function considered in former papers,’ likewise leads to 
the formulas 


V3(t) = [ J o(xt)V,.(x)x dz, 


_3 q. (+4) - ~ Valede 
z-1 "\e-1/) J, (24+ 8)” 


2(1 + w)*Q,(a)P,(c) = [ Jo(wt)V,,(t) dt. 


In deriving these results it is helpful to consider a potential which arises from 
a distribution of charge on the negative z-axis, the density at distance z from 
the origin being (1 + z)'P,[(z — 1)/(z + 1)]. 

The preceding results may also be derived by writing the first potential in 
the form 


Z.(—D,)[(z + 1° + wt", 


which indicates that it arises from a set of charges concentrated at the point 
z = —1 on the negative z-axis. 


3H. Bateman, this Journal, vol. 2 (1936), pp. 569-577; Annals of Mathematics, vol. 38 
(1937), pp. 303-310. 
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The orthogonal relations involving the functions U*(w), V2(w) may be 
derived from physical considerations in which the mutual energy of two electro- 
static fields is calculated in different ways. It is convenient then to place the 
line charge giving rise to the second type of potential on the positive z-axis 
instead of the negative. One formula for the mutual energy then takes the 
form of an integral involving two Legendre functions which is zero when the 
orders are different. Other formulas giving the desired orthogonal relations 
are obtained by applying Green’s theorem in various ways to the half-space 
bounded by the plane z = 0. A further use of our potentials may be found 
by expressing the standard bipolar harmonic in the form 


e+s-—3 


u— v 


ku — v)"(u + wnp.f ) = [ e**"* Jo(wt)F() dt (z > k), 


where F(t) = F(—m; 1; 2t) = L,,(2t) when m is a positive integer. Since 


Z,(t) > % Qn .m L,,(2t), 


where 


P,,(z) = Li dnm2”; 
we find on putting z = 0 (a legitimate process because, when m + 1 is a positive 
integer, the above representation of the bipolar harmonic is valid for z > —k) 
that we obtain the expansion 


P,(a)P,(c) = +4. Pal(w® — 1)/(w* + 1), 


which has already been used. This expansion is a particular case of a more — 
general one given on p. 395 of my Partial Differential Equations of Mathematical 
Physics and derived independently by W. N. Bailey, Proceedings of the London 
Mathematical Society, (2), vol. 41 (1936), pp. 215-220. 


CALIFORNIA INSTITUTE OF TECHNOLOGY. 
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DIFFERENTIABLE AND RIEMANN METRIC 
By S. BocHNerR 


In a previous paper’ the author has proved that an n-dimensional compact 
analytic space S, can be mapped topologically-analytically onto the Euclidean 
Eeny1 provided S, has an analytic Riemann metric. 

At first sight the notion of Riemann metric appears to be a very special and 
“arbitrary” case of the general concept of metric as introduced into topology 
by Fréchet and Hausdorff, and thus, one might think, our theorem makes a 
topological conclusion depend on an assumption falling well outside the domain 
of topology. In the present note we shall discuss the mutual relation of the 
two metrics for codrdinate spaces in general. The discussion will be very simple 
indeed, but it will show a possibility of characterizing the Riemann metric by 
properties as closely topological as the situation permits. 


1. A new characterization of Riemann metric. In a (sufficiently small) 
n-dimensional coérdinate neighborhood S,, of class C, with a positive definite 
or semi-definite tensor g;;(x) of class C; , the length function 


(1) L(C) = [ V gii(x) #54; at 
(for curves of class C,) gives rise to a geodesic distance R(z, y) having the fol- 
lowing properties of a distance function: 

1. D(z, y) 2 9, 

2. D(z, zr) = 0, 

3. D(z, y) + Diy, z) 2 D(z, 2), 

4. D(z, y) = Dty, 2). 


If gi; is definite throughout or becomes semi-definite in isolated points only, 
we have the further property 


5. D(z, y) > Oif a ¥ y. 
Also, if S, belongs to C,, p = 2, and g;; to C,_1, then the square of the geodesic 
distance 


(2) Q(z, y) = R(z, y)’ 


Received September 24, 1937. 
1 Analytic mapping of compact Riemann spaces into Euclidean space, this Journal, vol. 
3(1937), pp. 339-354. 
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belongs to C,_-2, as a function of the 2n variables on the space S, X S,. If 
S, and g;; are analytic, Q(z, y) is also analytic. 

Conversely, if S, belongs to C,, p 2 2, and if a distance function D(z, y) 
on S,, satisfies properties 1, 2, 3 and has the further property that its square 


(3) Q(z, y) = D(z, y)” 

belongs to C, on S, X S,, then the length function L(C) corresponding to D(x, y) 
can be represented in the form (1), the generating tensor g;; belonging to class Cy-2 . 
If S, and Q(x, y) are analytic, g;; is also analytic. In this statement, L(C) is 
defined by the relation 


k—1 
(4) L(C) = Lub. ‘z D(a‘, “yh, 
where z', --- , 2’ is any set of successive points on C. 


The proof is quite easy. If we replace the variables y; by new variables 
ni = Yi — 2, Q(z, y) goes over into a new function W(z, n) and by Taylor’s 
formula, 


W(a, n) = W(a, 0) + gilx)ni + giz) ning + ex, 0) nin; , 


where 
aw (zx, 0 ?W(x, 0 
(5) gi(x) os aes ( #0) gi(x) = a W(z, 0) 
On On; On; 
and 
(6) €:;(z, n) > 0 as n > O, uniformly in z. 


By property 2, W(x, 0) = 0, and by property 1, g,(z) = 0, hence 
(7) W(x, 0) = gi(x)ning + €i(z, 0)nin;- 


By (5), gi; belongs to C,_s , and it is analytic, if Q(z, y) is analytic. The tensor 
character of g;i;(x) follows easily from the scalar character of W(z, n). The 
integral representation (1) follows from (7) and (6) in much the same way as 
in the Euclidean case, the only complication arising from the fact that the 
norm N(x) of the quadratic form 


(8) Gi (2S; 


may vanish in points of C. The complication can be easily handled by choosing 
a finite number of intervals on C along which N(x) S 2e, and outside of which 
N(x) 2 «, and by showing that the contribution arising from these intervals 


to both the expressions (1) and (4) becomes arbitrarily small with e. 
If a length function L(C) with the properties 


(8) L(0) = 0, 
(y) L(C1) + L(C2) = L(Ci + C2) 
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can be generated from a distance function D(z, y) by relation (4), then the 
generating function is in general not unique. One of the distance functions is 
uniquely determined, namely, the geodesic distance R(x, y) which is defined as 
the greatest lower bound of L(C) for all curves C joining z, y. Obviously 
R(x, y) is characterized by the property that for any other generating D(z, y), 


D(z, y) = R(2, y). 


The existence of distance functions other than R(z, y) is well known. For 
instance, we may choose 


(9) D(z, y) = R(z, y)[l — RG, y)"P. 


It is obvious that properties 1, 2, 4, 5 carry over from R(z, y) to D(x, y). As 
for property 3, all we have to prove is that for sufficiently small positive numbers 
A, B, C, the relation A + B 2 C implies the relation 


A(i — A?) + Ba — B’? = ci — Cc)! 
and this can be verified by a simple calculation. 
If we put 
(10) R(a, y)” = W(a, 0) = gilx)ning + gise(z) neni nm 
+ gijelZ)ningnem + ---, 


the square of (9) differs from (10) in the values of the coefficients g;;,:.. Thus 
two distance functions generating the same length (1) may differ in the coeffi- 
cients of the fourth powers in 7 of the corresponding functions W(z, n); whereas 
the coefficients g;; , if symmetric in their indices, must be the same. Now, the 
coefficients g;;, are also uniquely determined, as a consequence of property 4. 
In fact, this property implies the relation 


W(z, n) _ W(x + aie n), 


or 


Ogi; 
gii()ning + giix(2)ninjm + +++ = (ute) + = m+:: :) iN; 


OX; 


— (giix(z) + +++) ninime + ++, 


(; a'W(2, 2) es 
6 On; On; On ~~ o 2 OX; , 


2. Points of contraction on analytic Riemann spaces. The points zx at 
which (8) is semi-definite are those at which the determinant 


(11) | gis(z) | 


has the value 0. They are characterized by the property that there are small 
curves C; issuing from z whose Riemann length becomes small of higher order 


and therefore 
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than the Euclidean length. We shall term them “points of contraction”. On 
non-analytic Riemann spaces property 5 is compatible with the existence of 
points of contraction having points of accumulation in the interior of the 
space. For instance, if n = 1, property 5 holds for D(z, y) = | o(x) — ¢(y) |, 
provided g(x) is a strictly monotone function of the given class of differenti- 
ability, without extra restrictions on the set of points at which its derivative 
vanishes. 

But for an analytic space, if D(z, y)* is an analytic function on S, X S,, 
the corresponding points of contraction are isolated. In fact, the function (11) 
being analytic, the set of points on which it vanishes is, in every closed neigh- 
borhood, a finite sum of analytic cells of different dimensions.’ If there were a 
cell of dimension 21, there would exist an analytic curve C whose length (1) 
had the value 0. The geodesic distance between the endpoints of this curve 
would also be 0, in contradiction to property 5. 

If S, is compact, the points of contraction, if any, are finite in number. If 
there are none, our mapping theorem holds. One should expect the theorem 
to remain true in the general case, possibly with the qualification that the 
mapping functions need not be analytic at the points of contraction them- 
selves. The author was unable to settle the question. We only mention, 
without giving details, that a direct generalization of the original method 
allows one to establish the theorem under additional restrictions on the be- 
havior of D(z, y) in the neighborhood of the critical points. The restrictions 
are rather severe. They are elaborations of the requirement that, the origin 
being a point of contraction, the quantity D(z, y) dominate and be dominated by 
functions of the form 


[max (x, y)I-[y _ a)" + re + (Yn ve tn)*}*, 
where } is a positive integer. 


PRINCETON UNIVERSITY. 


2S. Lefschetz, Topology, 1930, Chapter VIII. 
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LINEAR FUNCTIONALS SATISFYING PRESCRIBED CONDITIONS 
By Rautpx PALMER AGNEW 


1. Introduction. A function (or transformation) ¢ = 9q(x) with domain and 
range in linear spaces is called linear if 


(1.01) q(ax + by) = aq(x) + bg(y) (a, be R; x, ye B), 


where E is the domain of q and R is the set of real numbers. If the range of 
q(x) is in R, then q(z) is called a functional. Using notation of Banach’ we call a 
functional p(x) a p-function if 


(1.02) p(tx) = tp(x) (t 2 0;2z€£), 
(1.03) p(x + y) S p(x) + ply) (x, y € £). 
We denote the class of linear functionals f = f(x) by F and the class of p-functions 
by P. 


A theorem of Banach (loc. cit., p. 29) of which we make repeated use is 
THEOREM 1.1. Jf p « P, then there exists f « F with 


(1.11) f(z) = plz) (x ¢ BE). 


Since each linear functional f is also a p-function, i.e., F C P, the following 
theorem, of which we shall make explicit and implicit use, is trivial. 

THEOREM 1.2. If f « F, then there exists pe P with f(x) = p(x) for all x ¢ E. 

Let po « P and a set V of pairs {z, y} of elements x, y « E be prescribed. One 
problem in which we shall be interested is that of determining whether there 
exist linear functionals f « F possessing the properties 


(1.21) f(x) & pol(z) (x E), 
(1.22) Sy) = f(x) (ix, y} €W). 


We assume WV has the property that if {z, y} eW then {y, x} «¥, and that 
{z, x} «W for each x e E; this assumption is convenient and entails no loss of 
generality. 

We shall say that a p-function p = p(x) enforces a specified property (or set of 
properties) if every f « F, with f(x) < p(x) for all x « Z, must possess the specified 
property (or set of properties). 

For example, a slight amplification of work of Banach (loc. cit., p. 33) shows 


Received September 27, 1937; presented to the American Mathematical Society, October 
30, 1937. 
18. Banach, Théorie des Opérations Linéaires, Warsaw, 1932, p. 28. 
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that if # is the space of real bounded functions x = z(s) defined over — ~ < 
s < «, then 


n 


(1.23) p(x) = gl.b. lim > 2(s + x) 


n>O;\peR seo Nl k=1 


is a p-function which enforces the properties 


(1.24) f(x) S lim 2(s) (xe E); 
and 
(1.25) f(x(s + )) = f(x(s)) (AeR; re E). 


The interest in f(x) lies in the fact that Lim 2z(s) = f(z) is a generalization of 
Fe) 


lim x(s) which exists for all real bounded functions. The rdle of the analogue 


(1.24) of (1.21) is to ensure that the generalized limit of z(s) lies between the 
inferior and superior limits of z(s); and the rdéle of the analogue (1.25) of (1.22) 
is to ensure that the generalized limits of z(s) and 2(s + A) are equal. This 
example and related ones will be discussed in §9. 

There is of course no 4 priori reason for believing that there exists p « P 
which enforces specified properties. The situation is governed by 

THEOREM 1.3. In order that there exist f « F having a specified set of properties, 
it is necessary and sufficient that there exist at least one p ¢ P which enforces these 
properties. 

Proof of this theorem is quite trivial. To prove sufficiency, choose p, e P 
which enforces the properties. By Banach’s Theorem 1.1, there exists fi « F 
with fi(z) S p(x) and hence this f; must have the properties. To prove neces- 
sity, let f; « F have the properties. Then f, itself is a p-function which enforces 
the properties; for if f(x) is a linear functional with f(x) S fi(x) for all z « EZ, then 
—f(x) = f(—2) S fi(—z) = —fil(z), so fi(z) S f(x) for allae EH. Hence f(x) = 
fi(x), and f(x) has the properties in question. This proves the theorem. 

The preceding definitions and theorems suggest the main problem of this 
paper, namely, that of characterizing analytically the class of p-functions which 
enforce a specified property or set of properties. The part of the paper from §4 
onward deals largely with problems of this type. §§2 and 3 give lemmas 
involving p-functions and r-functions needed in later sections. 

It is known’ that, if G is a solvable group as in §8 and po € P is such that 
po(g(x)) = pox for all g eG, xe E, there exists a linear functional f with the 
properties 


(1.41) f(x) S po(z) (x € E), 
(1.42) S(g(x)) = f(x) (9 «G; rE). 


?R. P. Agnew and A. P. Morse, Extensions of linear functionals, with applications to 


limits, integrals, measures, and densities, Theorem 3. This paper is to appear in the Annals ~ 


of Mathematics. 
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Here ¥ is the set of all pairs {x, g(x)} obtained by takingg«G,x«E. In §8 we 
give a specific p-function which enforces (1.41) and (1.42), and characterizes 
the class of p-functions which enforce these properties. §§9 and 10 give appli- 
cations to limits and integrals. 


2. Properties of p-functions. In this section, we give as lemmas some proper- 
ties of p-functions of which explicit and implicit use will be made later. 

Lemma 2.1. In order that a functional p(x) may be a p-function, it is necessary 
and sufficient that 
(2.11) p(tzr) = tp(z), = p(x + y) S p(x) + ply) (t> 0; 2, ye £). 


Necessity is obvious from (1.02) and (1.03). To prove sufficiency, we require, 
in addition to (2.11), only the property 


(2.12) p(0) = 0; 


and this follows on putting x = 0 and ¢ = 2 in the first formula of (2.11). 
Lemma 2.2. If pe P and x «€ E, then a necessary and sufficient condition that 


(2.21) p(x + to) = p(x) (x « E) 


is that p(+29) = 0, .e., p(+20) = O and p(—2%) = 0. 

To prove necessity, suppose (2.21) holds. Using (2.11), (2.12) and the 
results obtained by setting r = —2) and x = 2 in (2.21), we find p(+2) = 0. 
To prove sufficiency, suppose p(+29) = 0. Then use of (2.11) gives 


p(x + x) S p(x) + p(x) = p(2), 


and 


lA 


p(x) = pl(x + x0) —2xo] S p(x + 2) + p(—20) = p(x + 2), 


from which (2.21) follows. 

Lemma 2.3. If peP, then the set Ey of xeE for which p(+r) = 0 forms a 
linear manifold in E. 

This is easily proved with the aid of Lemma 2.2. The set of z« # for which 
p(x) = 0 does not ordinarily form a linear manifold in EZ. 

Lemma 2.4. If pe P; 2, x2 € E; and p[+(x2— 2,)] = 0, then p(xe2) = p(x). 

This follows from Lemma 2.2 since it justifies writing 


p(t) = pit +(22 — 21)] = plas). 


Lemma 2.41. If pe P; 2, 22 € E; and p(xe) = p(x), then p[+(x2 — 2)] 2 0. 
From p(z2) = p{(t2 — 21) +2:] S p(rt2 — 21) + p(z:) and our hypothesis 

follows p(zz2 — 2:) 2 0. Likewise p(x, — x2) 2 0 and Lemma 2.41 is proved. 
Lemma 2.5. If pe P, then 


(2.51) —p(—z) S p(x) and —p(z) S p(—2) (x ¢ E). 
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The conclusions in (2.51) are obtained by transpositions in the inequality 
(2.52) 0 = p(0) = pe — x) S p(z) + p(-2) (x ¢ E). 
It is easy to show that the reverse inequality p(x) S —p(—z) cannot hold for 
all z e E unless p(2) is linear. 


Lemma 2.6. If p € P and, for some x ¢ E, p(+20) S 0, then p(+20) = 0. 
Lemma 2.7. If ~,, poe P and 


(2.71) p(x) S p»(x) (x « £), 

then 

(2.72) —p—zr) S —pi(—z) S plz) & pr(z) (xe E). 
Lemma 2.8. IffeF,peP, and f(x) S p(x) for all x ¢ E, then 

(2.81) —p(—2) S f(x) = p(z) (x € E). 


Lemma 2.9. If pe P and y is a linear transformation with domain and range 
in E, then the functional defined by 


(2.91) p(x) = p(y(z)) (x « E) 


is a p-function. 
Since F C P, Lemma 2.8 is a corollary of Lemma 2.7. Proofs of Lemmas 
2.6, 2.7, and 2.9 are left to the reader. 


3. Properties of r-functions. We now give, for future reference, the definition 
of r-functions and theorems involving them.’ A functional r(x) is called an 
r-function if there exists f « F with f(z) S r(x) forall2e #. In (3.11) and (3.12) 
below, > x, stands for the sum x, + --- + 2, of elements 2; ¢€ E. 

THEOREM 3.1. In order that a functional r(x) defined over E may be an r- 
function, it is necessary and sufficient that 


(3.11) gb. > et) > 9. 

n,tp>0; Dzyp=0 k=1 k 

TuEoreM 3.2. If r(x) is an r-function, then the functional p‘” (x) defined by 
(3.21) p’”(2) a g.l.b. b r(te x) 
n,t,>0; Tzy=z k=1 ti, 
is a p-function with 
—r(—2) S —p'"(—2) S p(x) € r(a); 

moreover, if p « P and p(x) S r(x) over E, then 


—p'(z) S —p(—2) S p(x) S p'(2) (xe E). 


3R. P. Agnew, On existence of linear functionals defined over linear spaces. This paper is 
to appear in the Bulletin of the American Mathematical Society. 
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THEOREM 3.3. In order that pe P may have the property p(x) S r(x) for all 
x € E, it is necessary and sufficient that p(x) S p‘"’(x) for all z ¢ E. 

The last theorem follows easily from Theorem 3.2. It is a consequence of 
Banach’s Theorem 1.1 that each p-function is an r-function. 

In §7 we use the following theorem which was not stated in the paper cited 
above, but which follows from a slight modification of work in the paper. 

THEOREM 3.4. Let r(x) be a functional defined over E and let p‘"’(x) be defined 
by (3.21). If p‘” (x) is finite for at least one x ¢ E, then r(x) is an r-function and 
p’” (x) is a p-function with p’ (x) S r(zx). 


4. Characterization of p-functions having specified properties. In the 
following and some later theorems, it is possible to replace po ¢€ P by a functional 
r(x) not necessarily a p-function and thereby obtain more general theorems. 
However, existence of f « F with f(z) S r(x) is, by Theorem 3.3, equivalent to 
existence of fe F with f(z) < p‘”(x); hence we confine ourselves here to p- 
functions. 

THEOREM 4.1. Let po ¢ P be fixed. In order that p « P may enforce the property 


(4.11) S(x) = po(z) (x £), 
it is necessary and sufficient that 
(4.12) p(x) S po(x) (x ¢ E). 


Sufficiency is obvious from our definitions; for, if f(z) < p(x) and (4.12) 
holds, then (4.11) will hold. To establish necessity, let p«P and suppose 
a ¢ E exists such that p(x) > po(ao). Let Eo be the linear manifold in £ 
consisting of elements of the form az» with a ¢ R, and let fo be the linear functional 
defined over Ey by the formula fo(azo) = ap(x). Ifa 20, then fo(are) = paz); 
while if a < 0, then f(axo) = ap(x%) = —p(|a|2) S p(— |a| 2) = p(ax). 
Thus we have fo(x) S p(x) for all ee EH). Therefore Banach’s theorem (loc. 
cit., pp. 27-28) on extension of linear functionals furnishes a functional f « F 
such that f(x) S p(x) for all z e EF and f(z) = fo(x) for allze Hy. In particular, 
S(x0) = fo(z0) = p(x) > po(x%o). Thus (4.11) fails and necessity of (4.12) follows. 

DEFINITION 4.13. If po € P enforces a set S of properties, if each p « P with 
p(x) S po(x) for all x ¢ E enforces S, and if each p ¢€ P with p(x) > po(z) for at 
least one x ¢ E fails to enforce S, then we shall call po the greatest p-function 
which enforces S. 

It is clear that if the greatest p « P which enforces S exists, it is unique. In 
this terminology, Theorem 4.1 states that po is the greatest p « P which enforces 
(4.11). 

THEOREM 4.2. In order that p2¢P may enforce all properties which p, « P 
enforces, it is necessary and sufficient that 


(4.21) p(x) < pi(z) (x € E). 


Necessity follows from Theorem 4.1; and sufficiency is a consequence of the 
fact that if (4.21) holds, then the class of f « F with f(z) S pe(z) is a subclass of 
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the class of fe F with f(x) < p(x). It follows from Theorem 4.2 that two 
p-functions p~, , pe « P enforce the same properties only when they are identical, 

When properties which some p-functions enforce (or do not enforce) are 
known, Theorem 4.2 furnishes a comparison test useful for determination of 
properties which other p-functions enforce (or do not enforce). 

Let V be (as in §1) a set of pairs |z, y} of elements z, y « EF having the property 
that if |x, y} e W then {y, rz} « Vand that {z, 7} eV foreach z « E. 

THEeoreM 4.3. In order that p « P may enforce the property 


(4.31) f(y) = f(z) ({z, y} €W), 
it is necessary and sufficient that 
(4.32) pl+(y — x)] = 0 (iz, y} €¥). 


It is easy to see that Theorem 4.3 follows from the following theorem involving 
a single element 2» ¢€ EZ. 
THEOREM 4.33. In order that p « P may enforce the property 


(4.34) f(x0) = 9, 
it is necessary and sufficient that 
(4.35) tind 0% 


We prove Theorem 4.33. Sufficiency of (4.35) follows from the inequality 


—p(—2%) S f(%) S p(x). 

To prove necessity, suppose either p(x) # 0 or p(—x%) ¥ 0. Let & = +2 
according as p(+2)) ~ 0. As in the proof of Theorem 4.1, there exists f « F 
with f(z) < p(x) for all xe E and f(&) = p(t). Thus f(a) = + f(x) = 
+ f(é&) = + p(t) ¥ 0; hence (4.34) fails and necessity of (4.35) follows. This 
proves Theorem 4.33 and therefore Theorem 4.3. On account of our definition 
of ¥, Theorem 4.3 remains true if we remove the negative sign in (4.32). 

THeoremM 4.4. Let poe P and WV be fixed. In order that pe P may enforce 
the two properties 
(4.41) f(z) = po(z) (x ¢ BE), 
(4.42) f(y) = f(z) ({z, y} e®), 


each of the four conditions 


(4.43) p(x) S Qu(z) 


Ill 


g.l.b. ps| 2 + p> ax(yx — »)|, 


n>0; an € Ri l[reeuele V 


1 n 
g.l.b. ps| x + - Z (Ye one »)|, 
N k=1 


n>0; {ze.ueje ¥ 


(4.45) P(r) S Q(x) =~ gb. . ps| 2 + > (yi. — n)|, 


n>0; (reeves 


(4.44) p(x) S Qu(z) 


(4.46) p(x) S Q(x) = gb. polx + (yi — 2)] 


{zimije¥ 








ao 


-“ Oo 
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is both necessary and sufficient; and the condition 


(4.47) p(z) $ RQ) = gb. ps > | 
n>0;{z.yeje¥ N k=1 
is necessary. 

It is essential to observe that Theorem 4.4 does not assert that Q(z), --- , 
Qo(z) are finite-valued. In many cases (for an example, see §5) one or more of 
Q.(z), --- , Qv(x) is — © for all x « HE; in such cases no p « P can exist satisfying 
(4.43), and it follows that no feF exists satisfying (4.41) and (4.42). We 
observe also that if Y happens to have the property that {z, y} «WV implies 
{azx, ay} « V for each a e R, then Qa(xz) = Qa(x) = Qc(x) forall z « E. 

Since Q,(x) S Qa(x) S Qo(x) and Q,(z) S Qc(x) S Qn(x) for each ze E, 
we can prove necessity and sufficiency of (4.43), --- , (4.46) by proving necessity 
of (4.43) and sufficiency of (4.46). To prove necessity of (4.43), let peP 
enforce (4.41) and (4.42), and let x « E be fixed. Let n > 0; a, € R; and let 
{ax, yx} «eV. It follows from Theorem 4.3 that 


(4.481) Pi (ye cur rx)] = 0 (k = 1, et n), 
hence from Lemma 2.3 that 
(4.482) ol > ale — n) | = 0, 


and therefore from Lemma 2.2 that 
(4.483) p(x) = of + > ax(y, — | 


It follows from Theorem 4.1 that p(é) S po(€) for each  « E; and if we let 
be the argument of p in the right member of (4.483), we find 


(4.484) p(x) s pl 2 a > ax(ye. — n)| 


From (4.484) we obtain (4.43). To prove sufficiency of (4.46), let p « P satisfy 
(4.46). Putting y: = 2, = 0, we see that p(x) S po(x) and it follows from 
Theorem 4.1 that p enforces (4.41). If {z, y} «¥, then we can put y= y, 
2, = x in (4.46) to obtain 


p(x — y) S pol(x — y) + (y — 2)] = po(0) = 0, 
and put y; = 2, % = y to obtain 
p(y — x) S pol(y — x) + (x — y)] = po(0) = 0. 


It follows from Lemma 2.6 that pl+(y — z)] = 0 when {z, y} « ¥ and hence 
from Theorem 4.3 that p enforces (4.42). This completes the proof of necessity 
and sufficiency of (4.43), --- , (4.46). To prove necessity of (4.47) we observe 
that if, in the g.l.b. of (4.44), we require that 2, = z for all k, the g.1.b. will not be 
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decreased and hence that Q(z) S R(x). Necessity of (4.47) follows, and proof 
of Theorem 4.4 is complete. 
TuHEorEM 4.5. If po € P and 


Q.(x) = g.l.b. pl 2 + Daly — x) | 
n>0; a, € Ri {revel e ¥ k=1 


is finite for at least one x € E, then Q,(x) is a p-function (therefore finite-valued 
for all x « E) which enforces the properties f(x) S po(x) and f(y) = f(x) for {x,y} «¥. 
When x , x ¢ E;a,¢R;and {x , yx} € V, we have 


Qu(mo) = py 2 + > ax(yx — n) | = pl 2 + > ax(ye — te) + (xo — 2)| 


IIA 


py + > ax(y, — n) | + po(xo — 2). 
Hence 
Q, (x0) = Po(Xo = x) < pl 2 + > ax(yx — n)| 


and we see that finiteness of Q,(xzo) and po(z» — x) implies finiteness of Q,(z). 
If xe E andt > 0, then 


Q,(tz) = g.l.b. pj tx +> aly, — x) | 
n>O; ape Ri {zeue} eV k=1 
=t g.l.b. p) 2 + } (a,/t)(yx — x) | = (Q(z). 
n>0;ax/t € KR (zeuel) eV k=1 
If x, y « Eand e > Oare fixed, we can choose m, a , --- , dm € Rand {u;,v;} « 
such that 
Pol = ao > a;(v; — u)| < Q(z) + €; 
= 
and choose n, bh; , --- ,b, ¢€ Rand {x , yx} € ¥ such that 





ml y + > bly — n) | < Qaly) + €. 

It then follows from the definition of Q,(x + y) that 

Qe +) srl e+) + Lalu) + Ew 2) | 

S Qa(x) + Quly) + 2e. 


Arbitrariness of « > 0 gives 
Qa(z + y) S Qa(z) + Quly). 


It now follows from Lemma 2.1 that Q, « P and hence from Theorem 4.4 
that Q, enforces (4,41) and (4.42). This proves Theorem 4.5. 
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From Theorems 4.4 and 4.5 and Definition 4.13, we obtain 

THEOREM 4.6. If Q(x) > — © for at least one x ¢ E, then Q(z) is the greatest 
p «P which enforces (4.41) and (4.42); if Q,4(x) = — © for at least one xe E, 
then no f ¢ F exists satisfying (4.41) and (4.42). 

THEOREM 4.7. Let poe P and W be fixed. In order that f « F may exist with 


(4.71) f(z) = plz); f(y) = f(x) (xe E; {x,y} €¥), 
it is necessary and sufficient that 


(4.72) Q,(0) = g.l.b. p> aly. — n) | = 0. 
n>O; a, ¢ Ri (zevel} e¥ k=1 

To prove necessity, suppose f ¢ F exists satisfying (4.71). Then by Theorem 
1.3, p « P exists and this enforces (4.71). Then, by Theorem 4.4, p(x) S Q(x) 
so Q,(x) must be finite-valued for all z ¢« EZ. Hence Theorem 4.5 implies Q, « P 
and therefore Q,(0) = 0. This proves necessity of (4.72). Sufficiency of 
(4.72) follows from Theorem 4.5. 

THEOREM 4.8. Let po ¢ P and W be fixed. If 


Qo(z) = glb. plz + (yi — 1)] 
{zimije¥ 
ts finite for at least one xo € E, then it is finite for all z « E. 

Proof of Theorem 4.8 is analogous to the first part of our proof of Theorem 
4.5 and is left to the reader. It is easy to show that Qp(tz) = tQp(z) fort > 0, 
zeE in case {zx, y} « ¥ implies {az, ay} « ¥ for each a e R; and to show that 
Qo(x + y) S Qo(z) + Qo(y) in case {21,41} € ¥ and {22 , ye} « ¥ implies 
{a, + 22,41 + Ye} «¥. However, if V has these two properties, then Qp(r) = 
Q.(x) for all x «€ E. 


5. An illustrative example. In this section, let Z denote the linear space of 
real bounded functions z = z(s) defined over — © < s < o, and let 
(5.01) pox) = lim 2(s) (xeE). 


Observe that, as the notation implies, p< P. Let 
(5.02) ¢g(s) = s+(1/12) sin 2xs (—2 <s< @), 


The function ¢(s) is analytic and has a positive derivative which is bounded and 
bounded from zero. In fact,1 — 7/6 S ¢’(s) S$ 1+ 7/6. Finally, let Vconsist 
of all pairs {z(s), z(s + d)} with ze H, \ eR together with all pairs {z(s), 
x(y(s))} and {x(¢(s)), x(s)} withz eH. Observe that, for this example, Q4(z) = 
Q.(x) = Qc(x) for allze EH. We proceed to show that, for this example, 


(5.1) Q,(0) = g.l.b. p> (yk — n) | = —o, 


n>0; (zeve} € ¥ 
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If M ¢ R, [s] denotes the greatest integer < s, and £(s) ¢ E is defined by 
t(s) = M s—[s] < 4), 
(5.21) (s—[s] 3) 
= 0 (otherwise), 


then, since ¢(s) is increasing, ¢(s + 1) = ¢(s); ¢(0) = 0, and g(3) = 3, 


E(y(s)) = M (s—[s] < 4), 
(5.22) 
= 0 (otherwise). 
Therefore 
(5.23) t(y(s)) — &(s) = —M (4 = s—[s] < 4), 
= 0 (otherwise), 
and hence 
(5.24) > | e(o(s + ‘)) - °(s + ) =—-M (-—-x~<s< 0»), 
or 
¥ [{e(o(s + B)) - ecovon} + telo() — xs + {ato - es + AD} ] 
= —M. 
The last equality has the form 
(5.25) } [yx(s) — 2x(s)] = —M (—x»x <s< o), 


where {x , yx} €¥. The definition (5.01) of po now gives 


(5.26) Pe > inate) — ld) = — I. 


It follow from (5.26) that the left member of (5.1) is S —M and, since M « R is 
arbitrary, that (5.1) holds. 

Since (5.1) holds, there is no p ¢ P satisfying (4.43) and hence by Theorem 
4.4 there is no f e F with the properties 


(5.31) fix) < lim x(s) (xe E), 
(5.32) f(x(s + d)) = f(x(s)) (eR, re E), 
(5.33) S(x(¢(s))) = f(x(s)) (xe E). 
It follows that there exists no generalized limit “Lim x(s)’’, defined for all z ¢ E, 


se 


having the properties 
(5.41) Lim [az(s) + by(s)] = a Lim z(s) + b Lim y(s) (a, be R; x, ye £), 


Be 


(5.42) | lim z(s) < Lim 2(s) S lim 2(s) (xeE), 


8 sae se 





is 
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(5.43) Lim 2(s + A) = Lim 2(s) (Ae R; xe), 
(5.44) Lim z(¢(s)) = Lim z(s) (xe E). 


For if such a “Lim” exists we could put f(z) = Lim 2z(s) to obtain fe F 
satisfying (5.31), (5.32), and (5.33). 
For the example under consideration we have, when {z, y} ¢ V, either 


poly — t) = lim [+2(s + d) ¥ 2(s)] = 0, 


sn 


or 


poly — x) = lim [+2(¢(s)) + 2x(s)] = 0. 
These inequalities and the equality po(0) = 0 give 


Qv(0) = g.l.b. poly — xz) = 0, 
{zuje¥ 
and it follows from Theorem 4.8 that Qp(z) is finite for all x ¢ E. 

From (5.1) and Theorem 4.4 it follows that there is no p « P satisfying any 
one of the four conditions (4.43), --- , (4.46). This example therefore shows 
that finiteness of Qp(x) does not guarantee existence of fe F with f(x) S Qp(z), 
i.e., does not guarantee that Qp(zx) is an r-function. In particular, Theorems 4.5, 
4.6 and 4.7 would not hold if Q,(x) were replaced by Qp(z) in their statements. 


6. Functionals f « F invariant under G. Let G represent a group of trans- 
formations g = g(x) each of which maps £ univalently into itself and is linear, i.e., 


(6.01) g(ax + by) = ag(x) + bg(y) (9 «G;a,beR;2,y€£). 


We shall at times omit parentheses, writing giger for g:(ge(x)), pgx for p(g(x)), ete. 

Let V be the set of all pairs {2z, g(x)} withg «G,2e£. Linearity of g implies 
that {az, ag(z)} eW whenaeR,geG,xeE. Thus W has the property that if 
ja, y} eV, then {az, ay} «VW for each ae R. Therefore, under the definitions 
(4.43), (4.44), and (4.45), we have 


(6.02) Qa(z) = Qa(x) = Qc(z) (x « E). 


These considerations, together with Theorems 4.4, 4.5 and 4.6 give the following 
theorem: 

THEOREM 6.1. Let po ¢ P and G be fixed. In order that p « P may enforce the 
properties 


(6.11) f(x) S po(z) (x £), 
(6.12) ; f(g(x)) = f(z) (9 «G; re EB), 
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each of the two conditions 


(6.13) P(x) S Qa(z) 


g.l.b. Do E _ . > (gee — n) | (xe E), 


n>O;gpeGizpek 


(6.14) p(x) S$ Q(z) = gb. _ Polx + (giz: — )] (xe E) 


g1¢G zr, ¢€k 


is both necessary and sufficient, and the condition 


. l< 
(6.15) pe) $ RG) = gb. | 2X one] (re) 
n>O; gh ¢G N k=1 
is necessary. If Q(x) = —©@ for at least one x « E, then no f ¢ F exists satisfying 


(6.11) and (6.12). If Q(x) > —@ for at least one xe E, then Qz(x) is the 
greatest p-function which enforces (6.11) and (6.12). 

We digress to state and prove a lemma which we shall use in gs. * 

Lemma 6.2. If T is a subgroup of G; q:i(x) is a functional defined over E; and 
qe(x), 93(x) and q;(x) are defined (finite or — ~) over E by the formulas 


1 m 
(6.21) q(x) = gb. al 2 a vel, 
m>0; yj «T ™m j=1 
(6.22) q(x) = gb. al D9 r|, 
n>0; 9, €G N k=l 
(6.23) q(x) = gl.b. ald > Gx r|, 
n>0; gp eG 


then q3(x) = qu(x) for alla ¢ E. 

To prove this lemma, we observe first that setting m = 1 and y, = I (the 
identity of G) in the argument of q in (6.21) shows that q(x) S q:(z); it then 
follows on comparing (6.22) and (6.23) that qs(r) S qs(z). 

On the other hand it follows from (6.21) and the hypothesis [ C G that 


qe(é) gb. qu 1 ve] (é « E) 


m>0; yj €@ Lm j=1 


IV 


and hence that 





ly j 
~ ' Ab. 
of) oe] - dae m 


Taking g.l.b. for n > 0, g, ¢ G, and using (6.22), linearity of the transformations 
in G, and finally (6.23), we obtain the estimate, 


1 mn 
glb. gLb. al x vit? | 


n>0;9h€G m>0; ¥j7 €G 


1 mn 
= glb. al a > 2 | = q(x). 
i,k 


m,n>0; 9k,.¥j €@ 


IV 
— 
|— 
M: 
s 
zie 
TM: 
—) 
& 
kiiconsll 


IV 


qa(x) 


Combining inequalities gives q;(7) = qi(z) and Lemma 6.2 is proved. 
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7. Both » « P and f « F invariant under G. Theorem 6.1 does not guarantee 
that Qp(x) and R(x), as defined by (6.14) and (6.15), are not — «; however, 
if po(x) is invariant under G, then they must be finite-valued in accordance with 

THEOREM 7.1. If po ¢ P and G are so related that 


(7.11) po(g(x)) = po(x) (g «G, re B), 
then 

(7.12) Q(z) = g.l.b. . polx + (gi ti - 21)], 

(7.13) R(t) = glib. ns > 02 | 

are finite-valued for all x « E and 

(7.14) —po(—z) S Qo(z) = po(z) (x « E), 
(7.15) —po(—z) = R(x) S poz) (x € E). 


Setting z,; = 0 in the argument of pp» in (7.12) shows that Q(x) S po(x). On : 
the other hand, if g; « G, 2; « Z, then (7.11) and Lemma 2.41 give 
0 S polgiz: — xi). 
Hence 
0 < pol(e + iti — 11) — 2) 
S polz+(gizi — %1)] + po(—2), 
and —po(—z) S Qp(zx) follows. This proves (7.14). 
Putting n = 1 and g, = I, the identity of G, in the argument of po in (7.13) 
shows that R(x) S po(x). On the other hand, (7.13) implies 
—R(x) = lub. -p| b 2]. 
n>O; gn ¢G nN k=l 


Using Lemma 2.5, linearity of g « G, and (7.11), we continue to obtain 


—R(x) s Lub. | ps 3 on(—2) | 
<s tub. 1S pgs(—2) = p(—2), 


n>0;9h€G TN k=1 
so that —po(—z) S R(x). This completes the proof of (7.15) and hence of 
Theorem 7.1. 

In case po is invariant under G, we can strengthen Theorem 6.1 by proving 
that (6.15) is sufficient to ensure that p enforces (6.11) and (6.12). This fact 
and Theorem 6.1 give 

THEOREM 7.2. Let po ¢ P and G be so related that 


7.21) po(g(x)) = po(z) (9 «G; xe E). 
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In order that p « P may enforce the properties 


(7.22) f(x) S po(z) (x € E), 
(7.23) S(g(z)) = f(z) (9 «G;x«E), 
each of the three conditions 

(7.24) p(x) S Qz(z) = a g.Lb. ' p| 2 as : * (gute — n) | (x ¢ E), 
(7.25) p(x) = Q(x) = g.l.b. m polx + (gia: — 2:)] (xe E), 
(7.26) pla) SR) = ghd. | is 02 | (ze), 


is both necessary and sufficient. 

To prove sufficiency of (7.26), let peP satisfy (7.26). Then (7.26) and 
Theorem 7.1 give p(x) S R(x) S po(x) so that, by Theorem 4.1, p enforces 
(7:22). To prove that p enforces (7.23), let g¢G and x «E be fixed. Then 
(7.26) gives 


1 n 
p(gx—x) Ss glb. p|? > (g.gx — 02) | 


n>0; gc ¢G 


The g.l.b. on the right will not be decreased if we require that g, = g*’ (g° being 
the identity of G) for each k. Hence 


1< . 
p(gx — x) S gb. p| 2X oz — 9 2) 


n>0 


(7.27) 


g.l.b. l alg"z — 2) S glib. i [po(g" x) + po(—z)] 
n n>o 1 


n>0 


= gb. + [po(z) + p(—2)] = 0. 
n>o 7 

Since a similar argument shows that p(x — gz) < 0, it follows from Lemma 2.6 

that pl+(gx — x)] = 0 and hence from Theorem 4.3 that p enforces (7.23). 

This completes the proof of Theorem 7.2. 

The condition (7.21) is not sufficient to ensure that Qs(x) as defined by (7.24) 
is finite-valued. To see this, let EZ, po , g, and W be specialized as in the example 
of §5. Let G@ be the group generated by transformations of the form gz(s) = 
x(s + d) with \ eR and the transformation gz(s) = x(¢(s)). Using results of 
§5, it is easy to see that for this example Q,(x) defined by (7.24) is — ~ for all 
xe. It thus appears that the Qz(x) of Theorem 7.2, which by Theorem 6.1 
must be a p-function if it is finite-valued, need not be finite-valued. In such 
cases no f ¢ F satisfying (7.22) and (7.23) exists; and no p e P satisfying (7.24) or 
(7.25) or (7.26) exists. Thus we see that Qp(x) and R(x), which must be finite- 
valued by Theorem 7.1, may fail to be r-functions and hence fail to be p-functions 
even when (7.21) holds. 
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On the other hand it follows from our theorems that if Q,(z) is finite-valued, 
or if Qp(x) is an r-function, or if R(x) is an r-function, then all must be true and 
f « F exists satisfying (7.22) and (7.23). 

It is obvious from the definitions (7.24), (7.25), and (7.26) that Q(x) < Qp(x) 
and Q;(z) = R(x) foreach z¢« E. We do not stop here to consider the interest- 
ing possibility that condition (7.21) may imply either or both of the inequalities 
Qp(x) S R(x) and R(x) S Qo(z) for all x ¢ EZ. 

The following theorem enables us to add two criteria, namely, p(x) < Q$” (zx) 
and p(x) < Qf (zx), to the set (7.24), (7.25), (7.26) in Theorem 7.2. 

THEOREM 7.3. If po € P and G are so related that 


(7.31) po(g(x)) = po(x) (g «G;xeE), 
and Qz(x), Q(x) and Q§” (x) are defined for x « E by 
(7.32) Qa(a) = gd. mle +S (un — 2) | 


n>O; gre Gizee BE 


(7.33) Qi'(z) = gb. > gl.b. polx; + (gj; — &)], 


m>0;Drj—z j=l gj eGitjek 
i i i 


(7.34) P(r)= glib. D> gb. p| 2 > ik ni} 
m>0;2zj—z j=l nj>O;gjne@ Nj k=1 
then, whether the bounds be finite or — ~, 
(7.35) Qe(x) = Qs (xz) = Qe’ (z) (xB). 


To prove Theorem 7.3, we observe first that, with Qp(x) and R(x) defined by 
(7.25) and (7.26), 


(7.36) Qa) = glib. LY Qula, 

(7.37) Qi) = glib. LY Re). 

Since 

(7.38) Qv(tz) = tQo(x); R(tr) = tR(z), (t>0;2¢E)’ 


it follows from Theorem 3.3 that (7.25) holds if and only if p(x) < Q§(x), and 
that (7.26) holds if and only if p(x) < Q(x). Consider now two cases. In 
case f ¢ F exists satisfying (7.22) and (7.23), then by Theorems 7.2 and 6.1, 
Q(x) is a p-function while Qp(x) and R(x) are r-functions. It follows from 
Theorems 7.2 and 3.2 that Q,(r), Q(x), and Q(x) each represent the greatest 
p-function which enforces (7.22) and (7.23). This gives (7.35) for the first case. 
In case no fe F exists satisfying (7.22) and (7.23), it follows from Theorems 
7.2, 6.1, and 3.4 that each member of (7.35) is — © forallze EH. This completes 
the proof of Theorem 7.3. 
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The proof we have just given illustrates the fact that the concept of “greatest 
pe«P which enforces - - - ”’ can lead to discovery of equality of functionals 
which might appear to be unequal (or which might possibly be so complicated 
that nothing would be apparent). 


8. Both p « P and f « F invariant under solvable G. In §7 we saw that R(z), 
defined by (7.13), may fail to be an r-function and hence may fail to be a p- 
function even when (7.11) holds. The fundamental result of §8 is that if G is 
solvable and (7.11) holds, then R(x) must be a p-function. We denote the 
derived subgroup of G (the subgroup of G generated by the commutators 
9:9291 92.) by G’, the derived group of G’ by G”’, ete. A group is called solvable 
if some derived group G‘” consists of the identity alone. 

THEOREM 8.1. If G is solvable and po ¢ P has the property 


(8.11) Pogx = pox (geG, xeE), 
then the functional R(x) defined by 


(8.12) R(x) = g.l.b. nr > Jk r| (xe BE) 
n>0; 9% €G N k=1 

is a p-function. 

To prove this theorem, let Gp C G; C G, C --- C G, be a sequence of groups 
having the properties: 

1. Go consists of the identity alone; 

2. for each a = 1, 2, --- , r, Ga_1 is the derived group G, of Ga; and 

3. G, is the group G appearing in Theorem 8.1. 
With po given in Theorem 8.1, we define p;(r), po(x), --- , p-(x) by the recursion 
formulas 


1 n 
(8.13) Pa(x) = g.l.b. pel yx 02 | (a = 1, 2, tee, r). 
n>0; 9k € Ga Nk=1 
It follows from Theorem 7.1 that p.(z) is finite-valued for each a = 1, 2, ---, 7 
and xe. Our proof of Theorem 8.1 depends upon two lemmas. 
Lemma 8.2. Foreacha = 1,2,---,r 
1 n 
(8.14) part) = glb. p| 7. 9k | (xe E). 
n>O; gk € Ga NT k=1 


The above lemma follows from the definitions (8.13) and iterated use of 
Lemma 6.2. 
Lemma 8.3. For eacha = 0,1,2, --- , 7, pa(x) is a p-function with the property 


(8.31) Palt(gz — x)] = 0 (g «G.;x€E), 


and if a <r, then pa has the property 


(8.32) : PaGl = Pak (9 € Gay; x € E). 
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Our hypotheses give po « P and imply that (8.31) and (8.32) hold when a = 0. 
To complete an induction proof of Lemma 8.3, let 0 < a S r, pas € P, and 


(8.331) Paalt(gx — x)] = 0 (9 €Ga1;2€E£), 
(8.332) Paige = Paix (g«G.;reE). 


We have seen that p, is finite-valued, i.e., is a functional. We show next that 
paeP. 

It follows easily from (8.13) that p.(tr) = tp.(r) whent > OandzeE. To 
prove pa(x + y) S pat + pay, let xz, y « Hand « > Obe fixed. Choose g;, ---, 
gm, hy, ---,hne eGo such that 


(8.341) De-I E »» oi < pa(x) + «€, 
(8.342) peal! yh | eo 


Using linearity of the elements of G, the hypothesis pz « P, and (8.332), we 
obtain the estimate 


1 mn 1 n 1 m 
peal z heovt | ™ pel * > hi = > a 
si¥ >» [2 So2]=1d» [2 Eo] 
= a— m = 2 n i oe m {<1 7 


N k=l 


But the last member of this equality is the left member of (8.341); hence 





(8.351) Pa-I x heoi2 | < pa(x) + €. 
An analogous estimate together with (8.342) gives 
(8.352) Pal = = aihey | < paly) + «. 
Our hypothesis (8.331) implies that 
Paalt(hgh gt — &)] = 0 (h, g €Ga; &€ E), 
and hence, since the elements of G map E univalently into itself, that 
Pa-l+(hgx — ghx)] = 0 (h,g €Ga;xeE). 


It follows from g; , h, «G. and Lemma 2.3 that 

peal +2, (higix — sihs2) = 0. 
This equality, Lemma 2.4, and (8.351) imply 
(8.353) pes| 2 L oi | < pa(2) + 


mn ji k= 
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Using the definition (8.13) and formulas (8.352) and (8.353), we find 


pArt+y)s pel D gihk(x + ”| S Pat + Pay + 2. 


jk=1 


Arbitrariness of « > 0 gives pa(x + y) S Pat + pay. This proves pz ¢ P. 
If g «G, , it follows from the definition (8.13) that 


Palgx — x) S g.lb. pl! > Giz - #2), 
n>0 k=l 


and, using (8.332), we can proceed as in (7.27) to obtain pa(gx — x) £ 0. Like- 
wise pa(x — gx) S 0 and (8.31) follows. 

We next prove (8.32). Let g eGo; and reE be fixed. It follows from 
Lemma 8.2 that 


l< : 
(8.36) pat) = gb. m| } at | (g¢ E). 
n>0; 9k € Ga nN k=1 
Replacing & by gz in (8.36), and using (8.11) with g replaced by g ', we find 
” lo _ 
(8.37) Page = g.l.b. | dg ‘oso2 | 
n>O; gk € Ga nN k=1 
Since g ¢ Gas1 , we conclude that ggg = (g ‘ge gge )gx € Ga When g; € Ga; hence 
1 n 
(8.38) Paget = g.lb. | ; nc] 
n>0; y¥k € Ga N k=l 
Thus 
(8.39) Pagt = Pak (9g €Gau; re). 
If in (8.39) we replace g by g' and z by gz, we obtain 
(8.391) Pat = Pagr (g €Gasi; 2 €E). 


From (8.39) and (8.391) we obtain (8.32) and proof of Lemma 8.3 is complete. 

Proof of Theorem 8.1 now follows easily. Definition (8.12) and Lemma 8.2 
imply that R(x) = p,(x) and Lemma 8.3 therefore gives R(x) = p,(x) € P. 
This proves Theorem 8.1. 

Combining Theorems 7.2 and 8.1 we obtain 

TueoreEM 8.4. If G is solvable and po € P has the property 


(8.41) Pogr = Por (9 «G; ze E), 
then there exists f « F with the properties 

(8.42) f(z) = pox); —f(g(z)) = FQ), (g¢G;xeE), 
and the functional 

(6.43) Riz) = J... pt > o | 


is the greatest p-function which enforces (8.42). 
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If G is solvable and (7.21) holds, then, by Theorem 8.1, R(z) is a p-function; 
it follows from Theorem 7.2 that Q(x), defined by (7.24), must be finite-valued 
and hence must be a p-function; and that Qp(x) must be an r-function. These 
observations and Theorem 8.4 enable us to strengthen the conclusions of Theo- 
rem 7.3 when G is solvable. Leaving details of proof to the reader, we give 

THEOREM 8.5. If G is solvable and po ¢ P has the property 


(8.51) Pogx = Por (geG;zeE), 
then the three functionals defined for x « E by 
1 n 

(8.52) Qala) = eld. let? & (unex) |, 

n>O; ore Gi; z~pek nN k=l 
(8.53) Q(z) = glib. Do gb. polz) + gti — &, 

m>0;Zzj—z j=l gpeG tjek 

1 n 

(8.54) R(z) = glb. | Zz 02 | 

n>0; 9h €@ nN k=l 


are p-functions (and therefore finite-valued) which are equal for all x « E. 

Theorem 8.5 is a theorem of analysis which may have some interest apart from 
its connection with the theory of linear functionals. We illustrate this remark 
by a very special example. Let E be the linear space of real bounded functions 
x = 2(s); let po(x) = lim 2z(s); and let G be the group of transformations of 


the form gx(s) = x(us + A) where py, Xe Rwithy > 0. It is easy to verify that 
the hypotheses of Theorem 8.5 are satisfied and it follows that Q,(0) = 0; in 
fact Q,(0) = 0. It is also easy to verify that the following theorem is merely a 
statement that Q(0) = 0 when E, po and G are as we have specialized them. 


THEOREM 8.6. If n > 0; x;(s), --- , 2n(s) are real bounded functions; uw, --- , 
un > O;andh,, --- , A, are real, then 
(8.61) lim Do ([xe(ues + x) — ae(s)] = 0. 


so k=] 


This incidental corollary of Theorem 8.5 may be known; it is given here 
merely as a representative of a set of corollaries of Theorem 8.5 which seem 
interesting and challenge one to find a simple direct proof. 

We point out finally in connection with the theorems of §8 involving solvable 
groups that the conclusions of Theorems 8.1, 8.4 and 8.5 may hold (at least for 
some po € P) when G is not solvable. In case pogx = por and po happens to be 
linear, the right members of (8.12), (8.43), (8.52), (8.53) and (8.54) all reduce 
to the p-function pp, irrespective of the character of G. In this trivial case, 
f «F satisfying (8.42) is obtained merely by setting f = po. It thus appears 
that a necessary and sufficient condition that (8.11) imply that R(x) be a p- 
function cannot be given in terms of pp alone or in terms of G alone, but must 
involve a correlation of pp) and G. In view of this fact, the following theorem 
may be of some interest. 
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THEOREM 8.7. If G (solvable or not) and po «¢ P are so related that R(x) « P, 
then for each linear transformation y (not necessarily « G) with domain and range in 
E the functional R,(x) defined by 


(8.71) Riaz) = glb. p.| > nr | (x e E) 


n>0; gh €@ 


is a p-function. 

It follows from (8.43) and (8.71) that R,(z) = R(yx); hence an application of 
Lemma 2.9 gives Theorem 8.7. In case y has an inverse and poy ‘x = pox for 
each x ¢ E, (8.71) can be written 


(8.72) Riz) = gilb. ps? > aT v2 | (xe E). 


n>O;gheG 
Observe that as g, ranges over G, y'gxy ranges over a group I’ which is simply 
isomorphic with G and which is therefore solvable if and only if G is solvable. 


9. Applications to limits. Let HE denote the set of real bounded functions 
x = x(s) defined over —« <s< «. As in the example of §1, we write Lim 


800 
x(s) in place of a linear functional f(z). Thus we have a 1-1 correspondence be- 
tween f ¢ F and linear definitions of Lim, i.e., definitions of Lim for which 


(9.01) Lim [azx(s) + by(s)] = a Lim 2(s) + b Lim y(s) (a, be R; 2, ye E). 


se 


Some additional properties which a given definition of Lim 2z(s) may satisfy 
(or may fail to satisfy) are 


(9.02) g...b. 2(s) S Lim 2(s) < Lub. 2(s) (xe E), 
—KDI8Ke se —e2<cs<ce 
(9.03) lim z(s) S$ Lim 2(s) S lim 2(s) (xe E), 
ante h _4*f" 
(9.04) lim — [ a(s)ds < Lim 2(s) S lim | z(s) ds (xe E), 
how h *J0 se h-—2 h 0 
(9.05) Lim 2(s + A) = Lim 2(s) (Xe R; xe E£), 
(9.06) Lim z(us + A) = Lim 2(s) (u>0;A\€R; re EF), 
(9.07) Lim z(us’) = Lim 2(s) (u,y > 0,2 £), 
(9.08) Lim o(s - 3 sin 2rs) = Lim 2z(s) (xe E), 
(9.09) Lim z(us’ + 4) = Lim z(s)  (u,y > 0;A€ R; re £), 


* 
where in (9.04), / and | denote respectively lower and upper Lebesgue 
* 


integrals. 
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We leave it to the reader to see what determinations of pp and G in Theorem 
8.4 give the following applications. 
9.1. The greatest p « P enforcing (9.02) is 


(9.11) p(x) = Lub. 2(s). 
—wcscw 
9.2. The greatest p « P enforcing (9.03) is 
(9.21) p(x) = lim 2(s). 


9.3. The greatest p « P enforcing (9.03) and (9.05) is 


n 


(9.31) pfz)= glib. im + ¥ 20+). 


n>O;A\peR seo Tl k=l 


9.4. The greatest p « P enforcing (9.03) and (9.06) is 


(9.41) p(z)= glb. lim 2 D 2(ues + rx). 


n>0;pe>O0; Ape R seo Mh k=l 


9.5. The greatest p « P enforcing (9.04) and (9.06) is 


.* h n 


(9.51) “iia eth te. p> 2(uz8 + dz) ds. 


n>0;pe>O; Ape R how h 0 
9.6. The greatest p « P enforcing (9.03) and (9.07) is 


n 


(9.61) px) = g.l.b. lim : Dd x(uxs”). 
n>0; ue>0; y~>0 seo TN k=l 

It is easy to give many applications of this sort, and the reader may formulate 
further applications to show even more vividly than the list we have given that 
in a sense the greater p-functions enforce fewer properties while the smaller 
p-functions enforce more properties. 

It is of interest to observe that the p-function p;(z) of 9.3, which is the same as 
pa(x) of (1.23) used by Banach to establish existence of a linear definition of 
Lim satisfying (9.03) and (9.05), is the greatest p«P which enforces these 
properties. There are in fact many different linear definitions of Lim having 
properties (9.03) and (9.05), and (by 9.3 and Definition 4.13) p; enforces only 
those properties common to all of them. An example of x9 « E for which it is 
easy to show p30 > pao is 2o(s) = sin log*s, where log*s = 0 or log s according 
ass ZS lors>1. The fact that, for each e > 0, x(s) > 1 — € over arbitrarily 
large intervals as s > © implies that pszp = 1. The fact that ro(e"s) + xo(s) = 0 
for s > 1 implies that pyz) = 0. This shows that p; does not enforce (9.06) or, 
in other words, that not all linear definitions of Lim having properties (9.03) and 
(9.05) have property (9.06). On the other hand, property (9.06) obviously 
implies property (9.05). 

We illustrate a significance of the notion of “greatest p ¢« P which enforces. . .”” 
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by an example. Since p;(sin log’s) = 1, there exists a linear functional p, 
and a corresponding linear definition of Lim with 

(9.71) pix) = Lim 2(s) S ps(zx) (xe E), 
and 

(9.72) p:(sin log* s) = Lim sin log* s = 1. 


Since p; e F, we have also p; « P, and it follows from (9.71) and (9.3) that p; 
enforces (9.03) and (9.05). Thus p; is the unique greatest p e P which enforces 
(9.03) and (9.05), while p; is merely one of the many p ¢ P which enforce (9.03) 
and (9.05). We saw in the preceding paragraph that p; is noncommital in 
regard to (9.06), i.e., enforces neither validity nor failure of (9.06). However, 
on account of (9.72) and p; ¢ F, p; actually enforces failure of (9.06). 

It was shown in §5 that no linear definition of Lim exists satisfying (9.03), 
(9.05), and (9.08); hence no p ¢ P exists which enforces these properties. 

It appears to be unknown whether a linear definition of Lim exists satisfying 
(9.03) and (9.09). If such a definition exists then (Theorems 1.3 and 4.4) 
p « P exists with 


n 


(9.8) pz) < R(c)= gib. lim 1 DY r(ms™* +2), 


n>O; ne yE>Oi Ape R seo NM k=l 
so that R(x) is an r-function. On the other hand, if R(x) is an r-function, then 
p « P exists satisfying (9.8). Since obviously R(x) S po(x), pa(x) and peo(x) it 
follows that p(x) S peo(x), pa(x), and pe(x) so that p enforces (9.03), (9.06), and 
(9.07). But (9.06) and (9.07) imply (9.09). Thus we have shown that a linear 


definition of Lim exists satisfying (9.03) and (9.09) if and only if R is an r- 
function. 


10. Application to integration. Let E be the linear space of real functions 
x = x(s), defined over —* < s < o, for which the upper Lebesgue integral 
*f | x(s) | ds of | 2(s) | over —~© <s < @ isfinite. Let 


(10.01) pox) = [x ds (xe E). 


Let G denote the group of transformations g such that if g eG, then real » and d 
with » + 0 exist such that 

(10.02) gx(s) = |u| «(us + 2) (—2 <s< @): 
It can be verified that g ¢ G is linear, G is solvable, and pgr = px forg «G, ze E. 


Writing x(s)ds in place of f(x) for x e E, we obtain a 1-1 correspondence 


between f ¢ F and linear definitions of integral, i.e., integrals for which 


(10.03) : [ax(s) + by(s)]ds = a [ a(s)ds + b [ y(s) ds 


—o we 


when a, b e R and 2, y ¢ E, and obtain the following application of Theorem 8.4. 





—— 
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LINEAR FUNCTIONALS AND PRESCRIBED CONDITIONS 
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10.1. The greatest p « P enforcing the properties 


Eo) * 
(10.11) [ eas < | z(s)ds S | xa (xe E), 
* —o 
(10.12) / x(us + A) ds = a x(s) ds (u ~ 0O;\e R; xe LE) 
—o |h| —o 
1s 
* 1 n 
plz) = gb. f 2X | mul alae +24) de 
n>O;we>O; Ap ER nN k=l 


It is easy to make other specializations of pp and G to obtain other applications, 
some with greater p-functions which enforce fewer properties and some with 
smaller p-functions which enforce more properties. 
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THE MEASURE OF TRANSITIVE GEODESICS ON CERTAIN THREE- 
DIMENSIONAL MANIFOLDS 


By ANnNITA TULLER 


Introduction. The problem of the existence of transitive geodesics on two- 
dimensional manifolds of constant negative curvature has been completely 
solved by Koebe [1].' These manifolds are obtained by assigning a hyperbolic 
metric to the interior of the unit circle in the complex plane and by considering 
as identical the points congruent under a Fuchsian group. 

The question of the measure of the transitive geodesics on such manifolds 
has also been treated but has not been completely solved. Using the theory 
of continued fractions, Artin [2] proved that almost all geodesics are transitive 
if the group is the modular group. Myrberg [3] proved that the same result 
holds if the group is of the first kind (i.e., one which ceases to be properly dis- 
continuous on the unit circle U), has a finite set of generators and has a funda- 
mental region either lying, with its boundary, entirely inside U or having all 
its vertices on U. These results are included in the work of E. Hopf [4], who 
shows that metrical transitivity holds if the group is of the first kind with a 
finite set of generators. Metrical transitivity implies that almost all the geo- 
desics are transitive. The case of an infinite set of generators has not been 
considered. 

Three-dimensional manifolds of constant negative curvature can be obtained 
by assigning a hyperbolic metric 

= 4(dx* + dy’ + dz’) 


. d—-2-y-2) 





to the interior of the unit sphere S and considering as identical the points 
congruent to each other under suitable groups of the rigid motions of this space. 
The groups must be properly discontinuous within S but may or may not be 
properly discontinuous on S. An example of such a manifold is the one obtained 
by using the Picard group. Recently Lébell [5] gave examples of closed mani- 
folds of constant negative curvature. 

As to the properties of geodesics on these manifolds Lébell [5] states that, 
by methods analogous to those in his proofs for two-dimensional manifolds [6], 
it can be shown that the periodic geodesics are everywhere dense among the 
totality of geodesics and that there exist transitive geodesics on the manifolds 
which he has set up. 

It is the object of this paper to prove that, for certain three-dimensional 


Received September 29, 1937. 
1 The numbers in brackets refer to the bibliography at the end of the paper. 
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manifolds of constant negative curvature, almost all geodesics are transitive. 
For transitivity, as in the two-dimensional case, it is necessary to assume that 
the group defining the manifold is of the first kind; i.e., that the group is not 
properly discontinuous in any domain on S. It will then be shown that under 
this hypothesis the periodic geodesics are everywhere dense among the totality 
of geodesics. The class of manifolds for which it will be proved that almost 
all geodesics are transitive is defined by means of a stability property. Hopf [7] 
has shown that for certain dynamical systems, including those considered in 
this paper, almost all motions are either stable or unstable—stable in the sense 
that the motion returns arbitrarily close to any one of the positions formerly 
occupied, unstable in the sense that it stays outside any finite domain after a 
finite length of time. It will be proved that, if almost all geodesics are stable, 
almost all of them are transitive. This includes the set of manifolds defined 
by groups of the first kind with a finite set of generators. Whether it includes 
manifolds defined by groups of the first kind with an infinite set of generators 
is unknown. 

The method of proof used in obtaining these results is direct, entirely geo- 
metrical and applies equally well to the case of two dimensions. 


1. Three-dimensional hyperbolic geometry. This section gives a brief sum- 
mary of the known properties of three-dimensional hyperbolic space which 
form the background for this paper. The proofs are omitted and references 
for the material used are given. 


Consider the Riemannian space of constant negative curvature k = —1, 
given by the metric 
2 2 2 
(a) a? wn w+at dz 


defining a geometry in the upper half-space z > 0. The angle between two 
curves is the ordinary Euclidean angle. The geodesics are circles orthogonal 
to the plane z = 0 [Bianchi, 8, p. 584]. The geodesic surfaces are spheres 
orthogonal to the plane z = 0. 

The rigid motions of the geometry defined must transform the plane z = 0 
into itself and also must transform two intersecting spheres orthogonal to z = 0 
into two spheres orthogonal to z = 0 and intersecting each other at the same 


angle. Hence, the transformation thus determined on the points of z = 0 
must be a conformal transformation. If we introduce into the plane z = 0 
the complex variable ¢ = x + iy, the desired transformation is the linear 
fractional transformation in this plane [Bianchi, 8, p. 586]: 

,-utb ad — be x 0 

+ a? c xX 0. 
(The class of anti-analytic transformations 
vat? ad — bec ¥ 0, f=2x2-—iy 


“+a 
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will not be considered in this paper.) From this the analytic form for the rigid 
motions in the space itself is very easily developed [Bianchi, 8, pp. 587-588]. 
It assumes the following form: 


» _ adap? + abe + abg + bb 
p cep? + ct + ed— + dd’ 
atp* + adt + bef + bd 
cép* + cdf + cdf + dd’ 

zs, _ Gcp* + adf + bet + bd 

ctép? + edt + édé + dd~ 

Therefore, corresponding to every rigid motion of the space there is a linear 

fractional transformation of the plane z = 0 into itself, and conversely. A 

study of this geometry and of the invariant curves under the different types of 
linear fractional transformations is given by Bianchi [8, pp. 588-589]. 

We will, however, transform this hyperbolic space with the metric (a) into 

the space with the metric 


p=rtyt2, 


_ 4(dz' + dy’ + dz’) 

(1-2 -—y —2*)? 
by transforming the space (x, y, z) into itself so that the upper half-space is 
transformed into the interior of the unit sphere. This is done by performing 
in succession the translation 





(b) ds’ 


x =2, y = Y, 2 =2+4 2, 
the inversion 


x = rsin @ cosy, 


= -, = 8, y’ =y, where 4 y = r sin @siny, 
z=rcos8, 
and the translation 
zg’ = &, y = y, 2=2z-1. 


Thus it will suffice for the purpose of this paper to give a brief description of 
the geometry defined by this new metric and the invariant curves under the 
linear fractional transformations in the new hyperbolic space. 

The metric (b) defines a hyperbolic geometry in the interior of the unit 
sphere S. The geodesics, or hyperbolic lines, are now arcs of circles orthogonal 
to S; the hyperbolic planes are parts of spheres orthogonal to S. The equi- 
distant surfaces, i.e., the locus of points at a given hyperbolic distance from a 
given hyperbolic line, will be called hyperbolic cylinders. The hyperbolic 
spheres, i.e., the locus of points at a given distance from a given point, are also 
Euclidean spheres not necessarily with the same center. The rigid motions 
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are given by the four types of linear fractional transformations. These trans- 
form circles and spheres into circles and spheres respectively and preserve 
angles. 

The hyperbolic transformation has two fixed points on the sphere. The 
geodesic through these points is the axis of the transformation. The family 
of fixed circles on S determines a family of fixed spheres through the two fixed 
points, orthogonal to S, and cutting S in the family of fixed circles. The 
invariant curves of the transformation are ares of circles through the two fixed 
points. The transforms of a point P under the iterates of a particular hyper- 
bolic transformation have as limit point one of the fixed points of that trans- 
formation. The hyperbolic transformation whose axis is AB and which sends 
points toward B will be denoted by 74s. The hyperbolic transformation 
which sends points toward A will be denoted by T'xs . 

The elliptic transformation also has two fixed points on S and an axis which 
is the geodesic through these two points. The family of fixed circles on S 
determines a family of non-intersecting fixed spheres orthogonal to S. The 
axis is fixed point for point. The invariant curves are circles of intersection 
of the fixed spheres with the hyperbolic cylinders around the axis. This trans- 
formation may be thought of as a rotation about the axis. The transforms of a 
point P under the iterates of a particular elliptic transformation form a discrete 
set of points on the invariant circle through P or are everywhere dense on that 
circle according as the angle of rotation is or is not commensurable with 27. 

The loxodromic transformation is the product of a hyperbolic transformation 
and an elliptic transformation. The invariant curves wind around the hyper- 
bolic cylinders and cut the circles through the fixed points at a constant angle 
not equal to zero or 7/2. The transforms of a point P under the iterates of a 
given loxodromic transformation have as limit point one of the fixed points 
of that transformation. A notation similar to that used for hyperbolic trans- 
formations will be used to show which fixed point is being approached. 

The parabolic transformation has one fixed point on S and a family of fixed 
spheres orthogonal to S, tangent to each other at the fixed point and cutting S 
in the family of fixed circles. The horospheres, i.e., the Euclidean spheres 
internally tangent to S at the fixed point, can also be shown to be fixed. The 
invariant curves are the circles of intersection of the fixed spheres with the 
horospheres. The transforms of a point under the iterates of a given para- 
bolic transformation have as limit point the fixed point of the transformation. 


2. Groups of linear fractional transformations. Let G be a group of linear 
fractional transformations, 


_ao+b 
~ et +d’ 


Since G defines an isomorphic group of motions of S and its interior into itself, 
the notation G can be used equally well for this second group. Two points 


” 





ad — be = 1. 
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P and P’ in or on S are said to be congruent or equivalent if there is a transfor- 
mation T of G such that T7(P) = P’. Either point will be called a copy of 
the other. 

DerinitTion. The group G will be called discrete if the unit element of G 
is not a point of accumulation of other elements of G [van der Waerden, 9, 
p. 28]. By this we shall mean that there exists a real positive number a@ such 
that for all transformations of G, other than the identity, 


lja—df+l|bP + |cfP>a. 


Geometrically this means that given a sufficiently small positive e, there exists 
no transformation T in G, other than the identity, such that the Euclidean 
distance between P and T(P) is less than e for all P in or on S. 

A theorem on discrete groups, which will be used later, is the following: 

THEOREM 2.1. If there exists a positive number a such that, given any positive 
e, there exists in G two elliptic transformations with fixed points AB and A'B’, 
respectively, such that the distances AB and A'B’ are each greater than a, but the 
distances AA’ and BB’ are each less than e, then G is not discrete [F-K, 10, p. 98]. 

DerinitT1ion. The group G will be called properly discontinuous in a domain 
D if each point P of D possesses a neighborhood N(P) which has points in 
common with only a finite number of copies of N(P), and if any two non- 
congruent points P and Q possess neighborhoods N(P) and N(Q) which are 
such that no point of N(P) is congruent to a point of N(Q). 

DeriniTion. A fundamental region of a group G in a domain D is an open 
set having no points in common with any of its copies and which contains in 
its interior or on its boundary a point congruent to each point P in D [van der 
Waerden, 9, p. 35]. 

If a group is properly discontinuous in a domain D, it possesses a fundamental 
region in that domain [van der Waerden, 9, p. 35]. It has also been shown that 
a necessary and sufficient condition that a group of linear fractional transfor- 
mations be properly discontinuous in S is that it be discrete [F-K, 10, p. 98]. 

Derinition. A group of linear fractional transformations will be said to 
be of the first kind if it is properly discontinuous inside S but not properly 
discontinuous in any domain on S. 

THEOREM 2.2. The set of transformations in a group of the first kind has fixed 
points which are everywhere dense on S. 

Since the group is properly discontinuous in S, it is discrete and the Euclidean 
distance between two congruent points, P and T(P), for generic P (i.e., for P 
not in the neighborhood of fixed points of 7’), is greater than a suitably chosen 
positive number ¢. Since the group is not properly discontinuous in any domain 
on S, any neighborhood on S contains at least one pair of congruent points; 
i.e., we can find a point P and a transformation T such that the Euclidean 
distance between P and‘*T(P) is less than ¢«. However, it is geometrically 
evident that this can happen only in the neighborhood of a fixed point. (See 
F-K, 10, pp. 94-98, for detailed description of the linear fractional transforma- 
tions of a discrete group.) 
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The groups with which this paper deals are groups of the first kind. Such 
a group has a “normal” fundamental region which consists of a simply con- 
nected polyhedron bounded by hyperbolic planes, congruent in pairs under 
transformations of the group. The transformations relating pairs of congruent 
faces of the normal fundamental region generate the group. The normal 
fundamental region and its copies cover the interior of S. These and further 
properties of properly discontinuous groups and their fundamental regions are 
dealt with at length in [F-K 10, pp. 94-150]. 

If points in S congruent under the transformations of a group G of the first 
kind are considered identical, a three-dimensional manifold M is defined. It 
is the behavior of the geodesics on this manifold that will be investigated. 


3. Periodic geodesics. 

Derinition. A directed geodesic in S is periodic if it passes through two 
congruent points with congruent directions. 

An immediate consequence of this is that the axis of a hyperbolic or loxo- 
dromic transformation is periodic. 

It will be shown that, if G is of the first kind, the periodic geodesics are every- 
where dense among the totality of geodesics. The following lemma must first 
be proved. 

Lemma 3.1. Let I; and I; be two arbitrary circular regions on S having no 
points in common and bounded by circles O, and O2 respectively. If T is a linear 
fractional transformation such that T(O,) = O2 and such that the part of the surface 
of S exterior to I, is transformed by T into the interior of I; , then T is a hyper- 
bolic or loxodromic transformation with one fixed point in I, and one in Ip . 

Since I, and J; have no point in common, the part of the surface of S exterior 
to J, contains J; , and hence T transforms a circular region on S into part of 
itself. We shall show that any such transformation must have a fixed point 
in I 2. 

If T is an elliptic transformation, then, no matter where the fixed points are, 
there are fixed circles either cutting one of the bounding circles and not the 
other or lying entirely in the region between them. Neither case is possible 
under the hypothesis of the lemma. Therefore T is not elliptic. 

If T is parabolic, hyperbolic or loxodromic, the transforms of a point P; on 
O, under the iterates of JT have as limit point a fixed point of 7. However, 
T(P;) = Pz on O,. Therefore, further transforms of P; under powers of T 
are inside J; , and thus 7’ has a fixed point inside 7;. A similar argument 
applied to 7 gives us a fixed point inside J,. Hence T is either a hyperbolic 
or a loxodromic transformation of the type desired. 

THEOREM 3.1. If G is of the first kind and if I, and Iz are arbitrary circular 
neighborhoods on S with no point in common, there exists a hyperbolic or loxo- 
dromic transformation of G with one fixed point in I, and the other in I; . 

It is convenient to divide the proof into three parts. 

Case 1. The group G contains a parabolic transformation Tg but no elliptic 
transformation. 
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It will first be shown that a hyperbolic or loxodromic transformation of G 
cannot have a fixed point in common with a parabolic one. If Q is a fixed 
point of a hyperbolic or loxodromic transformation whose axis is AQ, and if Q 
is also the fixed point of a parabolic transformation Tg, then T9(AQ) = A’Q 
is the axis of a hyperbolic or loxodromic transformation. We now have two 
hyperbolic or loxodromic transformations with a common fixed point. This, 
however, will be shown to lead to a contradiction. By applying powers of 74, 
to a point P on the axis A’Q we get congruent points arbitrarily close, in the 
hyperbolic sense, to the hyperbolic line AQ. We now construct a sphere S, , 
orthogonal to S and to AQ. Let S. = Tos(S:). By applying sufficiently 
high powers of Tg, , and by choosing a proper subset, we get an infinite sequence 
of distinct points congruent to P and having as limit point a point on the part 
of AQ between S; and S,. However, this is impossible for a properly dis- 
continuous group. 

It will now be shown that the fixed points of parabolic transformations are 
everywhere dense on S. Let J be an arbitrary circular region on S. There is 
a fixed point A in it (Theorem 2.2). If the corresponding transformation is 
not parabolic, then it is hyperbolic or loxodromic and its other fixed point B 
is not Q. By applying sufficiently high powers of T's, , we get Q’, congruent 
to Q, inside J. Since Q’ is the fixed point of a parabolic transformation and J 
is any region on S, we have the parabolic fixed points everywhere dense on S. 

We come now to the theorem itself. In J, there is a fixed point P; of a 
parabolic transformation. Let J; be a circular region containing all of J; but 
no part of J;. Let O; be the boundary of J;. By applying sufficiently high 
powers of 7p, we get O; transformed into O; entirely in J,. The part of S 
exterior to J; will be transformed into a region J t, bounded by Ot, inside J, . 
This can be seen by considering the behavior under the transformation of any 
one point exterior to J;. In a similar manner we get O; congruent to O; in Ie. 
This time, however, the interior of J; is transformed into a region I; , bounded 
by 0:, inside Jz. We note now that the regions J : and I, satisfy the con- 
ditions of the lemma, and the theorem is proved for this case. 

Case 2. The group G contains only hyperbolic and loxodromic transfor- 
mations. 

Since the fixed points are everywhere dense on S (Theorem 2.2), 7, contains 
a fixed point C, of a hyperbolic or loxodromic transformation whose other 
fixed point is D, ; and J, contains a fixed point C: of a hyperbolic or loxodromic 
transformation whose other fixed point is D,. Let J; be a circular neighbor- 
hood containing J, but not Jz , and bounded by a circle O; which passes through 
neither D, nor D,. By applying sufficiently high powers of T'p,c, we get a 
copy 0; of O; in I, bounding a region J; in J,. Similarly, we get a copy 0; 
of O; in I, bounding a region J; in Iz. However, I; and I; may not satisfy 
the conditions of the lemma, since the interior of J; may correspond to the 
interior of J;. We will show, however, that there exists a transformation of 
the group which takes the exterior of J; into a region Jy inside J;. Then J ; 
and J? will satisfy the conditions of the lemma. 
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Let A and B be the fixed points of a hyperbolic or loxodromic transformation 
Tas. By taking a region J, inside J; containing neither A nor B and treating 
it as we did J, above we get copies A’ and B’ of A and B, respectively, inside J, . 
This can be done since, as has been shown under Case 1, two hyperbolic or 
loxodromic transformations cannot have a common fixed point. By applying 
sufficiently high powers of Ty, we get a copy O2 of O} inside J; , bounding a 
region Iz in I; such that the exterior of J : corresponds to the interior of i 

Case 3. The group G contains an elliptic transformation. 

In a manner similar to that of the first part of Case 1, it can be shown that 
an elliptic transformation cannot have a fixed point in common with a hyper- 
bolic or loxodromic transformation unless the whole axis is common. 

We go on to show that any neighborhood on S contains a pair of fixed points 
of an elliptic transformation. Let PQ be the axis of our known elliptic trans- 
formation. First, let us suppose that the only fixed points in J, are elliptic. 
Then there must be a pair in J, belonging to the same transformation. Other- 
wise, the correspondents of all the fixed points inside any subneighborhood of 
I, would have a cluster point outside or on the boundary of J, , and this con- 
tradicts Theorem 2.1. Moreover, by applying the same argument to smaller 
neighborhoods inside J, , it is possible to obtain a pair of elliptic fixed points 
arbitrarily close together. 

If a fixed point Q’ inside J, is parabolic, then by applying sufficiently high 
powers of 7'g- we get copies of P and Q inside J, , again arbitrarily close. If a 
fixed point inside J, is hyperbolic, the other fixed point of the transformation 
is not P or Q and again we can get copies of P and Q inside J,;. The same is 
true if the fixed point inside J, is loxodromic. 

We come now to the theorem itself. Let O; be a great circle separating J, 
and J,;. Let E be the midpoint of the elliptic axis P,Q; whose fixed points 
P, and Q; are in J,. Let the plane through E and O perpendicular to the axis 
P,Q; cut O; in points A and B, and the boundary of J; in points C and D. Then 
AB is a diameter of S. Let 6, 62, 03, 0; be the angles in rotation about E 
between the geodesic rays EC and EA, EA and EB, EB and ED, ED and EC 
respectively. 

Since we can get P; and Q, arbitrarily close, we can get E arbitrarily near 
the surface, and thus angles @, , 6: , and @; can be made arbitrarily small, while 
angle 6, can be made arbitrarily close to 2x. Therefore, no matter what the 
rotation angle of our elliptic transformation is, we can get E close enough to 
the surface of the sphere so that repeated application of the elliptic transforma- 
tion T'p,e, will take the circle O; into a circle O; in J,. In a similar manner 
we get a copy O: of O3 in Is. 

If we let J; be the region of S bounded by O; and containing J, , the above 
process transforms the exterior of J; into the interior of the region J; in J, 
bounded by O;. Since Os separates I, and I; , the interior of J; will be trans- 
formed into the interior of the region I; in I, bounded by O:. Ij and I; 
satisfy the conditions of the lemma. This completes the proof. 
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4. Transitive horospheres. Let E be the set of elements 


p: (2, y, 2; ¥, 9), 
where 


r+yt+2 <1, Osy<r, 0 < 6 < 2r. 


Any such element determines a point P:(z, y, z) inside S and a direction d:(y, 6) 
at this point, where y is the angle between d and a line 2’ through P parallel 
to the z-axis, and @ is the angle between the plane determined by z’d and the 
plane through P parallel to the (z, z)-plane. The elements will be briefly 
designated by p:(x; d). Any such element determines a directed geodesic 
since there is one and only one geodesic through a point P inside S in a given 
direction d. We define the distance between two elements p;:(2%1; d:) and 
Pe: (x2; de) as 


|| pe — pi || = H(PiP2) + a, 


where H(P,P2) is the hyperbolic distance between the points P,;:(2) and 
P2: (a2), and @ is the least positive angle between d; and de . 

DeriniTion. Two elements p::(21; d:) and peo:(%2; de) of E are congruent 
if there is a transformation of G taking P,:(2;) into P2:(x2), and the direction 
d, at P; into the direction dz at P»2 ; i.e., taking P; into P2 and the directed 
geodesic determined by p; into the directed geodesic determined by pe . 

DeriniTion. An element of E is periodic if it determines a periodic geodesic. 

It follows that all the elements on a periodic geodesic are periodic elements. 

TueoreM 4.1. If G is of the first kind, the periodic elements are everywhere 
dense in E. 

Let N(p) be any neighborhood of any element p:(z; d) of E. The element 
p determines a directed geodesic AB. Let I, and J, be sufficiently small regions 
on S about A and B respectively, so that the set of geodesics having initial 
endpoint in J, and terminal endpoint in J, goes through N(p). However, by 
Theorem 3.1, there is at least one periodic geodesic in that set and hence a 
periodic element in N(p). 

Derinition. A horosphere is a Euclidean sphere internally tangent to S. 

The point at infinity of a horosphere is its point of contact with S.A horo- 
sphere is completely determined by its Euclidean radius and its point at infinity. 
The horosphere with Euclidean radius r and point at infinity Q will be denoted 
by h(Q, r). The elements of EF on the horosphere will be taken as its points 
inside S with a direction at each point normal to the horosphere and directed 
outward. It is clear that an element of E determines a unique horosphere, 
and that a point A in S and a point B on S determine a unique horosphere 
through A with point at infinity at B. 

We may also note that two horospheres A(Q, r:) and h(Q, r2) with Q as point 
at infinity cut off equal hyperbolic lengths on the set of geodesics through Q. 
For, let QA,;A2R and QB,B:S be any two geodesics through Q. The points 
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A, and B, are on h(Q, 7), and Az and Bz on h(Q, re). We can find a parabolic 
transformation Tg such that 79(A;) = B,. Then T,(QR) = QS. Since the 
horospheres are fixed under 79, T'g(A2) = Bz. Hence the hyperbolic dis- 
tances A,;A2 and B,Bz are equal. 

DerinitTi0on. A horosphere h(Q, r) is transitive if the totality of elements 
on it and on all its copies form a set everywhere dense in E. 

The remainder of this section is devoted to several theorems on the transi- 
tivity of horospheres. Where the proofs are completely analogous to those 
for horocycles in the two-dimensional hyperbolic space, the exact reference is 
given at the end of the statement of the theorem. The proofs are omitted. 

DeFiniTion. A set of horospheres is transitive if the totality of elements 
on all copies of all members of the set is everywhere dense in E. 

Lemma 4.2. Let P be a point inside S and I a circular domain on S. Let I’ 
be a circular domain of I, and h(P, I’) the set of horospheres through P with points 
at infinity in I’. If h(P, I’) is transitive for every circular domain I’ of I, then 
there exists an infinite set of transitive horospheres through P with points at infinity 
in I (Hedlund, 11, Lemma 1.1, p. 532]. 

THeroreM 4.2. If G is of the first kind and if P is an arbitrary point in S 
and I an arbitrary circular region on S, there exists a point Q in I such that h(P, Q) 
is transitive. 

The theorem will follow from the lemma if we show that the set A(P, J) is 
transitive. Let AB be the axis of a hyperbolic or loxodromic transformation 
of G, and hence a periodic geodesic. It has a copy A’B’ with endpoints in J. 
Let Py be a point on AB. It has a copy Pj on A’B’. By repeated application 
of Tye we get copies P,, P;, --- of Py approaching B’. Consider a set of 
horospheres, all passing through P and one through each P’,. As n becomes 
infinite, the set of horospheres through P and P’, will have points at infinity 
Q, approaching B’. The angle at which the horospheres cut A’B’ will approach 
a/2. Therefore, if p,:(2,; d,) is the element on A’B’ at the point of inter- 
section with the horosphere through P and P%, , and q,:(x,; d,) is the element 
on the horosphere at the point of intersection with A’B’, then, as n becomes 
infinite, the angle between d, and d,, approaches zero, and hence || qn, — Pn || 
approaches zero. Since po is any periodic element, and since the periodic 
elements are everywhere dense in E, the set A(P, J) is transitive. 

TuHEeorEM 4.3. If G is of the first kind, there exists an infinite set of transitive 
horospheres through any point in S. 

The points at infinity of these form a set everywhere dense on S. This 
theorem is an immediate consequence of the preceding one. 

THEOREM 4.4. If one horosphere with Q as point at infinity is transitive, all 
the horospheres with Q as point at infinity are transitive [Hedlund, 11, Theorem 2.1, 
p. 535]. 

DeriniTion. A point Q of S will be called h-transitive if all the horospheres 
with Q as point at infinity are transitive. 

TuHeoreM 4.5. If G is of the first kind, the endpoints of all axes of hyperbolic 
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or loxodromic transformations of G are h-transitive [Hedlund, 11, Theorem 2.2, 
p. 536]. 

THeEoREM 4.6. If G is of the first kind and there are copies of the horosphere 
h(Q, r) with radii arbitrarily close to 1, Q is h-transitive [Hedlund, 11, Theorem 2.3, 
p. 537]. 

TuHEoREM 4.7. If G is of the first kind, Q a point on S, and if there exists on 
OQ a sequence of points O, , Oz, --- such that the limit as n becomes infinite of 
the hyperbolic distance OO, is + and such that O, has a copy O}, with hyper- 
bolic distance OO', bounded, then Q is h-transitive (Hedlund, 11, Theorem 2.4, 
p. 537]. 

THEeorEM 4.8. If G is of the first kind with a fundamental region Ro which 
together with its boundary lies entirely inside S, then all points on S are h-transitive. 

This is an immediate consequence of the preceding theorem. 


5. The measure of transitive geodesics. 

Derinition. A directed geodesic is transitive if the totality of elements on 
it and on all its copies form a set everywhere dense in E. 

Derinition. An element of E will be called transitive if it determines a 
transitive geodesic. 

With the aid of the preceding theory on transitive horospheres we derive 
some theorems concerning the measure of the transitive geodesics on the mani- 
fold M, defined by considering as identical the points in S congruent under 
the transformations of a group G of the first kind. Measure in E is Lebesgue 
measure but the space will be considered as a Euclidean space. 

TuHeoreM 5.1. The transitive elements of E form a measurable set. 

Let « , @&, --- be a sequence of positive numbers such that lim e, = 0. Let 


no 
E be covered by a finite set of open cells such that the Euclidean diameter of 
each cell is less than « and such that every cell contains some of E. Let 0; 
be the set of elements of Z£, each of which determines a geodesic such that every 
cell contains an element of it or of one of its copies. The set O, is open; for, 
if p; is an element of O, and pe is an element in a sufficiently small neighborhood 
of p, , the geodesic ge determined by p, will stay close enough to that determined 
by p: so that every one of our open cells will contain an element of gz or of one 
of its copies. Let E be now covered by a finite set of open cells each of diam- 
eter less than « and such that every cell contains some of E; and let O2 be the 
set of elements, each of which determines a geodesic such that every one of 
these new cells contains an element of that geodesic or one of its copies. Con- 
tinuing in this manner we get sets 0; , O2, O3;, --- . An element is transitive 
if and only if it belongs to all of these sets. Hence the set of transitive elements 
0 
is I] O, which is measurable since each 0; is open and therefore measurable. 


n=1 

TueoreM 5.2. If G is of the first kind with a fundamental region Ro which, 
together with its boundary, lies entirely within S, any measurable set W in E, 
where W is of positive measure, determines a transitive set of geodesics. 
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We shall consider first a special set ©, the set determining a solid cone of 
geodesic rays with vertex at the point P in S of element p:(x; d) and with 
generators determined by the cone of directions through P making an angle 
less than or equal to ¢ with d. We shall show that the totality of elements 
on all the geodesic rays determined by ® is a transitive set. 

On each ray of the cone consider the element (zx, ; d,) of E whose point (z,) 
in S is at a hyperbolic distance s from P. The totality of such points (z,) 
is on a spherical zone a, of hyperbolic area A,. The elements (z, ; d,) have 
directions normal to a,. As s becomes infinite the hyperbolic radius of the 
zone becomes infinite. Let s become infinite through a sequence of values 
8 < Ss. < --- and consider the elements (z., ; dsn) thus determined on the 
central geodesic ray g-. Each such element has a copy (22,3 d2,) in Ro. Since 
we can pick a subsequence of these copies with a limiting element, we shall 
assume that this is already the subsequence with unique limiting element 
(x*; d*) in Ro. This element determines a horosphere h(Q, r) which is transi- 
tive (Theorem 4.8). Let 7, be the transformation of G which carries (x4, ; dsn) 
into (ai, . d:..), and let az, be T (den). As n becomes infinite a, isa sequence 
of spherical zones whose hyperbolic radii become infinite. Each a}, carries 
an element e*, at its center such that the lim e?, is (x*; d*) and such that a, 


approximates more and more of the transitive horosphere h(Q, r). Hence the 
limiting position of az, is the transitive horosphere h(Q, r). Now let ¢ be any 
element of E, and let N(e) be a neighborhood of this element. Since A(Q, r) 
is transitive, there exists an element e, on h(Q, r) which has a copy in N(e). 
Let N(e,) be a neighborhood of e, so small that each element in N(e,) has a 
copy in N(e). If we let ®, denote the set (2..; ds), where the points (z,,) 
are on the spherical zone a,, , there exists an N such that for n greater than N 
the set ©, has an element with a copy in N(e,) and hence in N(e). Thus the 
totality of elements on all the geodesic rays determined by ® is a transitive set. 

We now return to the arbitrary set W in E, where W is of positive five- 
dimensional measure. We take sections of it by planes determined by fixing 
particular (z, y, z). There exists on at least one of these planes 7 a section 
of W of positive plane measure [Hobson, 12, p. 185], and there is an element 
p:(x; d) of this section at which the two-dimensional metrical density is 1 
{[Hobson, 12, p. 179]. This element determines a geodesic ray g,, and letting s 
become infinite through a sequence of values s; < sp < --- , we again consider 
the elements (z,, ; ds.) ong». Let C, be the hyperbolic sphere with center x 
and radius s,. Given a positive constant A, let a, be a spherical zone of 
hyperbolic area A, on C, and with center at z,,. The set of elements ¢, at 
the point z and determining rays passing through a, forms a circular region 
in x with center at p:(z; d). As n becomes infinite, the radius of the set ¢, 
approaches zero, and we have 


(1) im ——_— = 
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where the measures are two-dimensional measures. (The cells used in the 
definition of metrical density are squares; but it is easily seen that if the metrical 
density is 1 when squares are employed, the same must be true when circles 
are used.) 

Let , be the elements of the geodesic rays, with initial point z and passing 
through a, , at the points where they intersect a,. Let W, be the subset of 
®, obtained when only rays determined by the set ¢,-W are considered, and 
let w, be the set of points on a, bearing the elements W,. The set w, is a 
measurable set. We wish to show that 


where the measure here is in terms of hyperbolic area on a, . 

It can be assumed that p:(zx; d) is such that z is at the center O of S, and d 
is such that its y is neither 0 nor r. For if the point z is transformed to O 
by a rigid motion of the hyperbolic space, angles are preserved and hyperbolic 
areas are preserved. The transformation can evidently be chosen in infinitely 
many ways such that the condition on direction is fulfilled. Then for each n, 
A is the hyperbolic area of a zone of a sphere whose equation in spherical co- 
ordinates is 


Tn Sin y cos 8, 


x 


y =r, sin y sin 8, 
z =r, cos y, 


where 0 <r, <1. The hyperbolic metric on this sphere becomes 
2 
ds = —"" _ (sin? y dé’ + dy’), 
(1 — r,)* 


and we have 


2 
rs e 
m(w,) = If. T=7 sin y dé dy, 


while 


2 
Tn ‘ 


where both integrals are Lebesgue integrals. Thus 


mite) — JS dw iv aed 
4 / | sin y dé dy 
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m(en-W) _ Jf. 
m(¢n) If do dy 


Letting M, and m, be the maximum and minimum, respectively, of sin y in 
, ’ 

¢n-W, and Mz and m, the maximum and minimum, respectively, of sin y in 

gn, we have 


m | f dé dy If sin y dé dy us| [ dé dy 
Jen'W oP ee : eee Se. 


ms | | “do dy fi sinydody m | do dy 


As n becomes infinite, y approaches a constant different from 0 or 7; namely, 
the y of the element p:(z; d); and the first and third ratios become equal. 
Hence, 


Now 


| 
| 
WA 


. m(¢en,-W) m(w,) 
as a 
From (1), 
(2) lim —_ = 


Again let e be any element of E and let N(e) be a neighborhood of this ele- 
ment. If we use the notation of the first case considered under this theorem, 
we see that there exists an element e, on A(Q, r) which has a copy in N(e). 
Let N(e,) be a neighborhood of e, so small that each element in N(e,) has a 
copy in N(e). Let A be chosen so that the zone a of h(Q, r) with center at 2* 
and hyperbolic area A contains the point bearing e,. The sequence of zones 
T,(a,) approaches the zone a uniformly, and for n sufficiently large one of the 
elements 7,,(W,,) will lie in N(e,). For if this were not the case, there would 
exist a 6 > 0 and an N such that for n > N the zone T,(a,) would contain a 
domain of hyperbolic area greater than 6 and containing no point of the set 
T,(w,). The same would hold with respect to the zone a, and the set w,, 
and thus 

m(w,) 6 


i tei < <= a 
a5 © A’ 





This contradicts (2). Thus the totality of elements on all the geodesic rays 
determined by W is a transitive set. 
THEOREM 5.3. If G is of the first kind with fundamental region Ry which, 
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together with its boundary, lies entirely within S, then almost all elements of E are 
transitive. 


This theorem will be proved by showing that the complement o( II 0n) of the 


n=1 


set [] 0, of Theorem 5.1 isazeroset. Since o( II 0n) is equal to C(O) + C(Oz) 
n=1 n=l 

+ --- , it will suffice to show that C(O;) has zero measure. Let the set of 
open sets in the mesh defined by « be denoted by ,O,; , 20, , --- , ,0:. Let 2; 
be the set of elements each of which determines a geodesic such that ,O; con- 
tains no element of that geodesic or of any of its copies. Then C(O,;) = E, 
+ E,+ --- + E,. The set E; is measurable since its complement is open 
and therefore measurable. By Theorem 5.2 each E; is a zero set. Therefore 
C(O,) is a zero set. In a similar manner we show that C(O,) is a zero set for 
every 7. Hence o( I 0.) is of measure zero. 

n=l 

The proof of Theorem 5.2, and hence that of Theorem 5.3, depends on the 
group’s being such that all points on S are h-transitive. However, we may have 
groups of the first kind where all points on S are not necessarily h-transitive. 
For example, if Q is a fixed point of two parabolic transformations of the group, 
not both in the same cyclic subgroup (e.g., the Picard group), the fundamental 
region on a horosphere with Q as point at infinity, for the subgroup generated 
by these two transformations, is of finite hyperbolic area. Hence, the horo- 
sphere cannot be transitive. We wish, therefore, to extend Theorem 5.3 to 
include such groups of the first kind. 

Let Eu be the space obtained from E by considering congruent elements 
identical. This is then the phase space associated with the manifold M. To 
the uniform motion along the geodesics on M there corresponds a steady flow 
on Ey. The element of five-dimensional volume dm = dvdédy, dv being the 
three-dimensional hyperbolic element of volume, is invariant under the flow 
[ef. Hopf, 4, pp. 300-304]. 

Derinition. An element p of Ey will be called unstable [Hopf, 7, “flie- 
hende’’} if the motion along the geodesic ray determined by it ultimately passes 
out of and stays out of any finite neighborhood in Ey once occupied. The 
geodesic ray determined by an unstable element will be called an unstable 
geodesic ray. 

Derinition. Anelement p of E y will be called stable [Hopf, 7, “wiederkehr”’; 
semi-stable in the sense of Poisson] if the motion along the geodesic ray deter- 
mined by it returns infinitely often to an arbitrarily small neighborhood of p. 
The geodesic ray determined by a stable element will be called a stable geo- 
desic ray. 

TuHeorEM 5.4. If G is of the first kind and if the unstable elements form a set 
of measure zero, almost all geodesics are transitive. 

Each element in Ey determines an infinite set of congruent elements of E. 
If the element of Ey is stable, each of the corresponding elements (x; d) of E 
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will determine a geodesic ray which has on it an infinite sequence of elements 
(aenj3 den) With lim s, = + and such that each (z2.n; den) has a copy (22,3 din) 


no 


with lim(z?,; d?,) = (z;d). Therefore the geodesic ray ends in a point on S 


which is h-transitive (Theorem 4.7). It has been shown that, under the hypoth- 
esis of this theorem, almost all the elements of Ey are stable [Hopf, 7, The- 
orem 1, p. 712]. Then almost all the elements of E are correspondents of 
stable elements of E y and thus have the property described above. 

The proof of this theorem now follows closely that of Theorem 5.2 with the 
following modifications. In choosing the element p:(z; d) which is to determine 
the central geodesic ray g. we choose one which is stable and such that the 
element with the same P:(x) but direction opposite to d is also stable. This 
excludes only a set of measure zero; for, since almost all elements of Ey are 
stable, then, of those elements p:(z; d) which are stable, only a zero set can 
be such that the elements with the same P:(x) but direction opposite to d are 
not stable. This assures us that the limiting element (z*; d*) is inside S (it is p 
itself) and that the unique horosphere determined by it is transitive. We do 
the same in choosing the element p:(z; d@) at which the metrical density is 1. 
This again excludes only a set of measure zero [Hobson, 12, p. 179]. The rest 
of this proof and that of Theorem 5.3 go through without change and thus 
Theorem 5.4 is proved. 

TueoreM 5.5. If G is a group of the first kind with a finite number of gen- 
erators, all points on S, with the exception of those which are fixed points of more 
than one cyclic parabolic subgroup of G, are h-transitive. 

A group with a finite number of generators can have only a finite number of 
points Q; (¢ = 1, --- , m) of the boundary of the fundamental region Rp on S. 
Each of the points Q; is a fixed point of more than one cyclic parabolic sub- 
group of the given group G [F-K, 10, pp. 125-126] and hence is not h-transitive. 
If we let Q be the set of points Q; (¢ = 1, --- , m) and their copies, this theorem 
will prove that all points on S except those of set Q are h-transitive. 

If the radii r; (¢ = 1, --- , m) of the horospheres h(Q; , r;) are chosen suffi- 
ciently near 1, it is geometrically evident that any point of Ry or its boundary 
and interior to S will be interior to some one of the set h(Q; , rs) (¢ = 1, --+ , m). 
If C denotes the set h(Q;, r;) and all copies of these, any point inside S is in- 
terior to some member of C. 

There exist at least two parabolic transformations of G with fixed point Q;. 
Hence each point of h(Q; , r;) with the exception of Q; has a copy within hyper- 
bolic distance D; of the origin O, where D; depends on h(Q;, ri) and not on 
the chosen point on it. If D is a constant denoting the largest of the D; , any 
point of the set C which is not on S has a copy within hyperbolic distance 
D of O. 

Now let P be any point on S, not belonging to the set Q. If P’ is any point 
on the ray OP, it lies interior to one of the horospheres of C. But P’P cannot 
lie entirely in any one member of C, for this would imply that P belonged to 
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the set Q. Hence P’P must intersect one of these horospheres and has on it 
a point P” with a copy within hyperbolic distance D of O. From Theorem 4.7, 
P is h-transitive. 

TueoreM 5.6. If G is a group of the first kind with a finite number of gen- 
erators, the unstable elements of E y form a set of measure zero. 

From Theorem 5.5 all points on S not belonging to set Q are h-transitive 
and hence cannot be endpoints of unstable geodesics. Therefore, the unstable 
elements of Ey determine geodesics in S ending in the points of set Q. These 
endpoints form a denumerable set on S. We may have an infinite number 
of geodesic rays going out to each point of Q. However, almost all unstable 
geodesic rays are also unstable when extended backward through the initial 
point [Hopf, 7, Theorem 2, p. 712]. Hence both ends of almost all geodesics 
determined by unstable elements must belong to the set Q. Therefore, the 
unstable elements form a set of measure zero. 

An immediate consequence of Theorem 5.4 and Theorem 5.6 is the following: 

TuHeEoREM 5.7. If G is of the first kind with a finite number of generators, 
almost all geodesics are transitive. 
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CHARACTERIZATION OF THE CONFORMAL GROUP AND THE 
EQUI-LONG GROUP BY HORN ANGLES 


By Epwarp KAsNER 


We begin by giving certain preliminary definitions. A horn angle consists of 
two curves which pass through a common point in a common direction. In 
this paper we consider only horn angles of first order contact, that is, the curves 
of the horn angle have different curvatures at the common point. By a contact 
transformation we mean a lineal element transformation by which every curve 
(union) corresponds to a curve. Thus it follows that every contact trans- 
formation converts every horn angle into a horn angle. In our previous work! we 
have defined a natural conformal measure M,z and a distinct natural equi-long 
measure 12 of a horn angle. In this paper we shall determine all contact trans- 
formations that preserve My or wi. Our results are that the group for which 
Mw is invariant is the direct conformal group; and, dually, the group for which 
uu is invariant is the direct equi-long group. 

Separate proofs are required for these two results. For, although the two 
theories are analogous (or roughly dual), they are not connected by any known 
automatic principle of duality or transference principle. In fact we will notice 
in the course of our work that some of our preliminary theorems lead to results 
which are not strictly dual. 

We shall consider the geometric properties of certain three-parameter families 
of curves designated as L-families and \-families. They may be regarded as 
generalizations of dynamical trajectories. One of our principal results is that 
the group of transformations which convert every L-family of curves into an 
L-family of curves is the conformal group. On the other hand, the group of 
transformations which convert every \-family of curves into a A-family of 
curves is a group of line transformations which convert parallel lines into parallel 
lines. This group is much larger than the equi-long group, so that our two 
results are not dual. The dynamical type group is projective. 

Finally we shall prove that there is no contact transformation which changes 
every conformal measure My. into an equal equi-long measure yy. This is an 
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immediate consequence of the theorem that there is no contact transformation 
which transforms every L-family of curves into a \-family of curves. 

In the first part of our paper we give a discussion of two auxiliary curves: (1) 
the extended lemniscate, a quartic curve, which is used in characterizing the 
L’-families of curves; and (2) the extended cissoid, a cubic curve, which is used in 
characterizing the )\-families of curves. Then we introduce the conformal 
measure Mj, and the equi-long measure yy of a horn angle; and define wide-open 
trihorns. Next we define and give some geometric properties of the L’-, L-, and 
\-families of curves. The relation to wide-open trihorns is stated in the basic 
Theorems 7 and 11. Then we find the transformations which preserve these 
families and also show the non-existence of a transformation converting every 
L-family of curves into a A-family of curves. In the final part of our paper we 
prove that My: and yw uniquely characterize respectively the direct conformal 
group and the direct equi-long group within the group of all contact transforma- 
tions, and that there is no contact transformation which changes every My 
into an equal wy». The relation to Finsler metric (or space) is stated at the end. 

The author wishes to thank John De Cicco for valuable assistance in writing 
this paper. 


1. The extended lemniscate. Let C be a unit circle and C’ any given circle 
such that C and C’ have a point O in common, and let k be a given number. 
Through O draw any linel. Then / will meet C and C’ in Q and Q’, respectively. 
On 1, let us take the point R so that OR = kOQ. Finally on l, we take the 
points P; (i = 1, 2) so that RP; is equal to the mean proportion between OQ 
and OQ’. The totality of points P; , P: constitutes an extended lemniscate. 

We note that if C and C’ are orthogonal and if k = 0, then our extended 
lemniscate is an ordinary lemniscate. 

The equation of an extended lemniscate is 


[x* + y’P — 4k[x cos a + y sin al[z” + y’] 


1 
@) +4[x cos a + y sin al[x(k’ cos a — r cos 8) + y(k’ sin a — rsin B)] = 0 


where O is taken as origin, and where (1, a) and (r, 8) are the polar coérdinates 
of the centers of C and C’, respectively. 

From this equation we observe that O is the node of the extended lemniscate 
and that the tangent to C at O is one of the tangent lines of the extended lemnis- 
cate at O. We call this the principal tangent element of our extended lemniscate. 

The equation of any extended lemniscate may be put in the form 


(2) [x” + y*P + [ax + byl[e(x* + y*) + dx + ey] = 0, 


where O is at the origin and az + by = 0 is the line of the principal tangent 
element. 

If the tangent lines at the node of an extended lemniscate are orthogonal, 
then we shall say that our extended lemniscate is an orthogonal extended lemnis- 
cate. 
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2. The extended cissoid. Let C be a fixed circle and OA a fixed chord of C. 
At A let us draw the tangent line t to C. Let 1 be any line through O. Then 
it will meet C and ¢ in the points Q and Q’, respectively. On / let us take the 
point P so that OP = QQ’. The set of points P is called an extended cissoid. 

We note that, if the chord OA is a diameter, we obtain an ordinary cissoid. 

The equation of an extended cissoid is 


(3) [z* + y'Ilz cos (a — 8) — ysin (a — 8)] = 2r[z cos B + y sin BJ’, 


where O is taken as origin, (r, a + 8) are the polar coérdinates of the center of C 
and @ is the inclination of the chord. 


From this equation we observe that O is the cusp of the extended cissoid and 
its tangent line at O is the chord OA. 
Thus any extended cissoid takes the form 


(4) (x* + y’)(ax + by) = (cx + dy)’, 
where O is at the origin and cr + dy = 0 is the equation of the fixed chord OA. 


3. The conformal measure M,.. In our previous work it was shown that 
any horn angle of first order contact has the unique conformal invariant 


= (a, — a)" 
” Mem "Th 


where a, and b; are the curvature and the rate of variation per unit length of are 
of the curve C; of the horn angle at the vertex of the horn angle. We call it the 
conformal measure of the horn angle. 

A trihorn is defined to be three curves C; , C; , C3 , which pass through a given 
point in a common direction. The fundamental triangular inequality is 


M12 M23 M3\(M + Mos; + Mu) S 0. 
If a trihorn (C,; , C2 , C3) satisfies the condition 
(6) My + Mz + Mn = 0, 
then it is said to be wide-open. 


4. The equi-long measure »,.. We have previously shown that any horn 
angle of first order contact has the unique equi-long invariant 


a (az = a)" 


m ee Ba Bt’ 


where a; and 6; are the radius of curvature and the rate of variation of curvature 
per unit radian measure of the angle that the tangent line makes with a fixed 
line of the curve C; of the horn angle at the vertex of the horn angle. We call it 
the eqgui-long measure of the horn angle. 
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If a trihorn (C, , C2 , C3) satisfies the condition 
(8) Miz + wes + wn = 0, 


then we shall say that the trihorn is dual-wide-open. 


5. The L’-family of curves. A three-parameter family of curves is called an 
L'-family of curves if its differential equation is of the form 


(9) y’” = fy” + gy” +h, 


where f, g, h are arbitrary functions of z, y, y’. 

The L’-families of curves include the trajectories of dynamics (Kasner, 
Trajectories of dynamics, Transactions of the American Mathematical Society, 
1906); the plane sections of a surface (Dynamical trajectories and the »* plane 
sections of a surface, Proceedings of the National Academy of Sciences, 1931); 
and the curvature trajectories (Dynamical trajectories and curvature trajectories, 
Bulletin of the American Mathematical Society, 1934). 

THEOREM 1. For a three-parameter family of curves to be an L'-family of curves, 
it is necessary and sufficient that 


(10) b = Aa’ + Ba+C, 


where A, B, C are arbitrary functions of x, y, y’, and a and 6 are the curvature and 
the rate of variation of curvature per unit length of arc. 

THEOREM 2. For a three-parameter family of curves to be an L'-family of curves, 
it is necessary and sufficient that the locus of the second centers of curvature of the 
oo ' curves which contain a given lineal element, constructed at the point of the element, 
be a cubical parabola (related to the tangent and normal lines of the given lineal 
element as the y- and x-azes, respectively), which contains the point of the element. 

THEOREM 3. Fora three-parameter family of curves to be an L’-family of curves, 
it is necessary and sufficient that the locus of the foci of the osculating parabolas 
of the ~' curves which contain a lineal element, constructed at the point of the element, 
be either a circle passing through the point of the element or an extended lemniscate 
with the given element as the principal tangent element of the extended lemniscate. 


6. The L-family of curves. A three-parameter family of curves is called an 
L-family of curves if its differential equation is of the form 


3y’ 
11 we, 
( ) y 1 + y”? 
where g and h are arbitrary functions of z, y, y’. Thus every L-family of curves 
is also an L’-family of curves. 
THEOREM 4. For a three-parameter family of curves to be an L-family of curves, 
it is necessary and sufficient that 


y’” + gy” + h, 


(12) | Aa + Bb+C =0, 








es 


es, 
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where A, B, C are arbitrary functions of x, y, y’, and a and b are the curvature and 
the rate of variation of curvature per unit length of arc. 

THEOREM 5. For a three-parameter family of curves to be an L-family of curves, 
it is necessary and sufficient that the locus of the second centers of curvature of the 
x’ curves which contain a given lineal element, constructed at the point of the 
element, be a cubical parabola (related to the tangent and normal lines of the given 
lineal element as the y- and x-axes, respectively), which passes through the point of 
the element in a direction orthogonal to the direction of the element. 

THEOREM 6. For a three-parameter family of curves to be an L-family of curves, 
it is necessary and sufficient that the locus of the foct of the osculating parabolas 
of the «* curves which contain a lineal element, constructed at the point of the 
element, be either a circle passing through the point of the element and orthogonal 
to the element or an orthogonal extended lemniscate with the given element as the 
principal tangent element of the orthogonal extended lemniscate. 

THEOREM 7. For a three-parameter family of curves to be an L-family of curves, 
it is necessary and sufficient that every trihorn of the family be wide-open. 

This last theorem indicates the immediate importance of L-families in con- 
formal geometry. 


7. The d-family of curves. A three-parameter family of curves is called a 
d-family of curves if its differential equation, in Hessian coérdinates, is of the form 


(13) 0” = fo” + 9, 


where f and g are arbitrary functions of uw, v, v’. 
In Cartesian coérdinates, the differential equation of a \-family of curves is 


(14) y"”" i hy’” he ky’”, 


where h and k are arbitrary functions of z, y, y’. 
THEOREM 8. For a three-parameter family of curves to be a d-family of curves, 
it is necessary and sufficient that 


(15) Aa+ BB+C=0, 


where A, B, C are arbitrary functions of u, v, v', and a and B are the radius of 
curvature and the rate of variation of the radius of curvature per unit radian measure 
of the angle that the tangent line makes with a fixed line. 

THEOREM 9. For a three-parameter family of curves to be a -family of curves, 
it is necessary and sufficient that the locus of the second centers of curvature of the 
27 curves which contain a given lineal element, constructed at the point of the 
element, be a straight line. 

THEOREM 10. For a three-parameter family of curves to be a d-family of curves, 
it is necessary and sufficient that the locus of the foci of the osculating parabolas, 
of the ~' curves which contain a lineal element, constructed at the point of the 
element, be an extended cissoid which contains and has its cusp at the given element. 
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THEOREM 11. For a three-parameter family of curves to be a d-family of curves, 
it is necessary and sufficient that every trihorn of the family be dual-wide-open. 

This theorem shows the importance of the concept of d-family in general 
equi-long geometry. 


8. L’-families of curves into L’-families of curves. 

THEOREM 12. Any contact transformation which converts every L'-family of 
curves into an L’'-family of curves must be a point transformation. 

Let 


(16) X = o(z,y,p), Y=V(z,y,p), P=x(z,y, p) 
be a contact transformation, so that 

” vz t+ Dby _ vp 

l —“q-—“sSs-—- = . 
” $2 + poy o> * 


The extended form of this contact transformation is given by the equation 


dP _ x2 + pxy + D'X> 








(18) dX oz + poy + D'dy’ 
dP _ A+ Bp’ + Cp” + Dp® + Ep” 
dX? (¢2 + poy + p'dp)* ; 
where 


A = (2 + Poy) (X22 + 2PXzy + PD Xw) — (Xz + PXy) (bez + Wobey + P'bw), 
B = ($2 + poy)(xy + 2xzp + 2xy») + Op(Xze + Wey + P'Xw) 
— (xz + Pxu) (Gy + Wer + Wow) — Xv(Gzz + Woy + Pow); 
(19) C = (Gz + Poy) xvp + bn(xy + 2xzp + 2x) 
— (xz + PXxv)bop — Xv(by + Wey + Woy»), 
D = opXpp — Xv 5 
E = xp(oz + Poy) — dp(xz + Pxy)- 
If we use the formulas 
a=p(l+p)*, b=[(1+ p’)p” — 3pp"\(1 + p’)”* 


and the corresponding formulas for @ and 6, the curvature and the rate of 
variation of curvature per unit length of are of the transformed curve, the 
equations (18) become 


on (xz + PXxy) + q Xpa 

(1+ x*)* [(¢z + poy) + q' ¢pa)’ 
A + q' Ba + [°C + 3pq° Ela” + q' Da® + q° Eb 
(1 + x*)*[(¢: + poy) + a dpa} : 





(20) 
6 











), 


of 
the 
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where 

A = (1+ x°)A — 3x(xz + Dxv)"(bz + PO), 

B= (1+ x°)B — 6xxo(xz + Pxv) (Oz + Por) — 3Bxbo(xe + PXw)”, 
(21) C = (14 x°)C — 3xxi(be + Poy) — 6xxveo(xz2 + PX»), 

D = (1+ x°)D — 3xxiep, 


E=(14+x)E, q=1+p. 


For a fixed lineal element (2, y, p), (20) is a transformation from (a, b) to 
(a, 6). Then for every L’-family of curves to be carried into an L’-family of 
curves, the transformation (20) must carry every equation of the form (10) into 
an equation of the form (10). This can happen when and only when 


(22) ¢%=0, D=0. 
By equations (17), (19), (21), (22), we see that the required transformation 


must be a point transformation, and our theorem is proved. 


9. L-families of curves into L-families of curves. 

THEOREM 13. Any contact transformation which changes every L-family of 
curves into an L-family of curves must be a conformal transformation. 

If our contact transformation carries every L-family of curves into an L-family 
of curves, the transformation (20) must carry every equation of the form (12) 
into an equation of the form (12). It therefore follows that (20) must be a 
linear transformation, and therefore we must have 


(23) ¢=0, D=0, (1+ p)C + 3pE = 0. 


By equations (17), (19), (21), (23), we observe that our contact transforma- 
tion must be a point transformation, and also we must have 


(24) (1+ p)C + 3pE = 0. 
Upon simplifying (24) by means of (19) and (21), we obtain the single condition 
(bub + Wey) + (Wbeby + bay — o: — 2 + OMy)P 
+(bwi +o) — iby — babay — dz)" — bu(baby + Vy)p’ = 0. 
Since (25) is an identity, we then obtain the four conditions 
b:(ob, + Vy) = 9, 
26.45 + bly — o: — 2 + oa, = 0, 
ows +o, — Widy — dvy — oz = 0, 
ould, + vy) = 0. 


If ¢. = 0, then ¢, ~ 0, and ¥, ~ 0. From (26) we obtain y, = 0, and ¢, = 
+y,. Thus our transformation is conformal. 


(25) 


(26) 
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If ¢, = 0, then ¢, + 0, and y, + 0. From (26) we obtain y, = 0, and ¢, = 
+y,. Thus our transformation is conformal. 

Now we can assume that ¢, ~ 0 and ¢, + 0. The equations (26) are then 
equivalent to the equations 


oty+¥y=0, ¢+H=¢+¥}, 


which are obviously the conditions for conformality. This completes the proof 
of the theorem. 


10. \-families of curves into \-families of curves. 
THEOREM 14. Any contact transformation which transforms every d-family of 
curves into a d-family of curves must be a line transformation of the form 


¢= F(u), 
vy = G(u, v). 


It is seen that this theorem is not the exact dual of Theorem 13. This group of 
transformations contains one arbitrary function of one variable and one arbi- 
trary function of two variables. A subgroup of this group of transformations 
is the set of equi-long transformations. 


(27) 


Let 
(28) U = $(u, v, w), V = Yu, », w), W = x(u, », w) 
be a contact transformation, so that 
(29) Yut Who _ dw _ : 


gut Ud, bw 
The extended form of this contact transformation is given by the equations 
dW _ Xu t+ Ux + W'Xw 
dU gu t+ Why + w'bw’ 
dW _ A+ Bu'+ Cw” + Dw” + Ew’ 
dU? (du + Wor + w'dw)? 


where A, B, C, D and E are given by formulas of the same form (19). 
If we use the formulas 





(30) 





a=V+— B=W+— a=v-+u’, B=wt+w", 


the equations (30) become 


(xu + Wxv) + Wbu + wey) — o(xw + Ybw) + alxw + Yow) 
Du + Woy — Vow + aby ; 


+ wo, — v6, + ad») B = (A — vB + °C — oD — Ew) 
+ a(B — 20€ + 30° D) + a(C — 3vD) + oe D + BE, 


a= 


(31) (d. 











_ 
nm 


BE, 
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where 


A=A+x(o. + wo)’, 

B = B + 3x(ou + wr)'oe , 
C=C + 3x(o. + who , 
D=D+ xd. 


(32) 


For a fixed lineal element (u, v, w) the equations (31) define a correspondence 
from (a, 8) to (&, 8). If our contact transformation carries every \-family of 
curves into a \-family of curves, the transformation (31) must carry every 
equation of the type (15) into an equation of the type (15). It therefore follows 
that (31) must be a linear transformation, and hence 


(33) ov = 0, D = 0, C — 30D = 0. 


From equations (19), (29) and (32) we see that our contact transformation 
must be a line transformation, and also we must have 


(34) C= 0. 
Upon simplifying (34) by means of (19) and (29), we obtain the single condition 
(35) —3J/¢, = 0, 


where J is the Jacobian of the transformation. Hence ¢, = 0, from which we 
obtain immediately the equations (27). Theorem 14 is completely proved. 
From Theorems 13 and 14 we obtain 
THEOREM 15. The group of contact transformations which change every L-family 
of curves into an L-family of curves and every d-family of curves into a d-family of 
curves is the group of rigid motions, reflections and magnifications, that is, the 
similitude group. 


11. Impossibility of converting L-families into \-families. 

THEOREM 16. There is no contact transformation which changes every L-family 
of curves into a d-family of curves. 

By means of the obvious relations 


the equations (20) may be written in the form 

_ +x). + po) + q'¢pal 
(xz + pxy) + @xpa 

_ (+ x°)[4 + @' Ba + {¢°C + 3pq°E}a? + g'Da® + ob! 

[(xe + pxv) + a xpal? 


Qi 





(36) 
B= 
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If our contact transformation carries every L-family of curves into a \-family 
of curves, then (36) must carry every equation of type (12) into an equation of 
type (15). Thus (36) must be a linear transformation, and therefore 


(37) Xp = 0, D = 0, (1 + pC + 3pE = 0. 


From (17), (19), (21), (36), (37) we see that our contact transformation must 
be of the form 


o = 2 + 
fz + pf,’ 

38 
( ) y= Se — 9, 

is I 
where f and g are arbitrary functions of z and y only, and where 
(39) (1+ P )idoxy — (xz + Pxv)bor] — 3pbp(xz + Pxy) = 9. 

Substituting (38) into (39) and simplifying, we obtain 

(40) (— pf: + fy)J = 0, 


where J = f.gy — fygzz. Now J = 0, for otherwise by (38) ¢, ¥, x would be 
independent of p. Hence (40) becomes 


Since (41) is an identity, we obtain f = constant. By (38) this is impossible, 
and hence there is no contact transformation which converts every L-family of 
curves into a \-family of curves. 


12. Conformal transformations and horn angles. We now prove that the 
conformal measure Mj. completely characterizes the group of direct conformal 
transformations among all contact transformations. 

TuHEeorEM 17. If a contact transformation leaves invariant the conformal 
measure M2 of every horn angle, then it must be a direct conformal transformation. 

For then every wide-open trihorn must be carried into a wide-open trihorn, 
and hence by Theorem 7, every L-family of curves must be transformed into an 
L-family of curves. By Theorem 13, our transformation must be conformal. 
Thus equations (20) assume the form 


a = ma +h, 


42 
(42) 5 


II 


+m’b + k, 


where we take the plus or minus sign according as the correspondence is direct or 
reverse conformal. Then for Mj, to be invariant we must take the plus sign, 
and hence the required transformation is direct conformal. 








Av 


, or 
gn, 
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13. Equi-long transformations and horn angles. Finally we prove that the 
equi-long measure yi completely characterizes the group of direct equi-long 
transformations among all contact transformations. 

THEOREM 18. If a contact transformation leaves invariant the equi-long measure 
M2 Of every horn angle, then it must be a direct equi-long transformation. 

For then every dual-wide-open trihorn must be transformed into a dual- 
wide-open trihorn, and hence by Theorem 11 every A-family of curves must be 
transformed into a \-family of curves. By Theorem 14 our transformation 
must be a line transformation of the form (27). For such a transformation the 
equations (31) become 





- (xu + WX») + Vou — UXw + aXw 





a 
(43) _ me 
3 = (A — vB one! WXw bu) + aB + BXw Ou 
ou s 
where 
A=A+xh., 
B = B = @.(xe + 2xuw + 2Wxow) — Xwhun - 


For (43) to leave uy» invariant, we must have 


dulxe + 2xu0 + 2Wx vw) — Xwbuu = 0, 


(44) Xw («) 

o.  \bus 
Since ¢, ~ 0, and x, # 0, the second of equations (44) shows that 
(45) Xv = 1. 


From (27), (29) and (45) we obtain immediately that our contact transformation 
is a direct equi-long transformation. Of course it is obvious that our direct 
equi-long transformation satisfies the first of equations (44). Theorem 18 is 
completely proved. 

From Theorems 17 and 18 we obtain 

THEOREM 19. If a contact transformation leaves every conformal measure Mj: 
and every equi-long measure 2 invariant, then it must be a rigid motion. 


14. Not every M, into a yu. 

THEOREM 20. There is no contact transformation which carries every horn angle 
of conformal measure My into a horn angle with an equal equi-long measure 42. 

For then every wide-open trihorn must be carried into a dual-wide-open 
trihorn, and hence by Theorems 7 and 11, the transformation must carry every 
L-family of curves into a A-family of curves. By Theorem 16 this is impossible. 
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15. Finsler metric. Since M and u have the same algebraic form (x2 — 2,)*/ 
(ye — yi), the conformal and equi-long theories of horn angles lead to the same 
abstract metric. This may in fact be considered as a special Finsler metric (Finsler 
space), defined by the integral 


dx® 1 
8- {5-Jo* 


We thus obtain essentially the same trihornometry in the two theories. 

Theorem 20 asserts that it is impossible to pass from the conformal plane (z, y) 
to the equi-long plane (u, v) by any contact transformation. The auxiliary 
planes (a, b) and (a, 8) may be related, of course, by a transformation of differ- 
ential elements of third order. 

We remark in conclusion that relative invariants, for example Ostrowski’s 
v2 — ¥1, or our expression of third order, dy2/ds. — dy,/ds,;, may serve to charac- 
terize completely the conformal group. The dual results are also valid. 


CotumBia UNIVERSITY. 











QUATERNARY CREMONA GROUPS OF TERNARY TYPE 
By Frank C. GrentTRY 


Introduction. We consider the possibility of using involutions determined 
by webs of quartic surfaces of degree 2 as generators of groups of Cremona 
transformations in space. Coble’ has discussed the same problem using involu- 
tions determined by webs of cubic surfaces as generators. 

For a web of quartic surfaces of degree 2 to contain in its base a curve of index 
numbers” (ao, a) and of multiplicity i, a simple curve (ao, a:) meeting the 
multiple curve s times, B; j-fold points (j = 1, 2, 3, --- ), Hudson’ gives for the 
postulation P and the equivalence E the formulas: 





p= =* Y) 36a) + (21 + Iai} + Bay + SH is 





+ pe + oY + 2)B; _ 31, 


E = *(12a9 + tai) + 1200 + a — (3i — 1)s + Do iB; = 62. 
7 


The following solutions of these equations, for i > 1, ao ~ 0, B, ¥ 0, lead to 
webs of non-degenerate quartic surfaces: 


No. i ao a a a s B, By No. i a a, a a s B, B 
I2 1-26 —-18 5 1 0 VIII2 1-2 2 -4 2 4 2 
II2 1-2 7 -—30 5 1 0 IX2 1 -2 0 00 6 3 

IlII2 1 -—-2 5 —12 4 2 0 X22 -6 4 -16 4 2 0 
IV2 1-26 —24 42 0 XI2 2 -6 3 -10 3 3 0 
V2i1+-25 -18 3 3 0 XII2 2-6 2 -4 2 4 0 
VI2 1 -—-2 4 -12 2 4 0 XIII 2 2 -6 0 006 1 

VII2 1-24 -8 42 1 


Sharpe and Snyder* have determined the homaloidal webs and fundamental 
and principal elements of the involutions of Cases II, IV, V and VI. Except in 
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Case X, we shall use their methods for obtaining a description of the involutions 
of the other cases. Then, in each case, by allowing the simple base points to 
vary while the remainder of the base is held fixed, we shall generate groups of 
Cremona transformations isomorphic to certain linear groups. 


I. The involution I, determined by the web of quartic surfaces W = (€5 Cs & & p:)* 
where the double line & is trisecant to the rational quartic curve C; and across the 
two lines & , . 'Twomembers of the web W meet in ¢) , Cy, & , @ and an elliptic 
sextic curve C, on p; and meeting € 3 times, C; 9 times and « , € each 3 times. 
The web W contains 3 pencils of degenerate members: Wo = (€ Cs)"(€ «1 € Pi), 
W ; = (€ €;)'(eo Cs x 1) (j,k = 1,237 #h). The plane Px;(€ e;)' is a P-surface 
of the F-curve of the first kind K; , of order 2, on p, , 4-secant to C, and 2-secant 
toe. The quadric P,(@ C,)’ is a P-surface of the F-curve L, of the first kind, 
of order 1, on p; and across « , @&, K, and Ke. The P-surfaces Px, , Px,, Px 
and the surface of coincident points R(6 Céd pi)® make up the Jacobian of 
the web W. R meets Px,, Px, and P,, respectively, in 2 lines p;, 2 lines p: and 
2 conics 6 which are therefore self-corresponding F-curves of the second kind. 

The homaloidal web H and the other P-surfaces of the involution are de- 
termined by making use of the (1, 2) transformation y; = Qf (x) (i = 1, 2, 3, 4), 
where Q}"’ (x) are 4 linearly independent members of the web W. By considering 
the intersection of these surfaces with one another and with the surface R, we 
find that the involution J; possesses the additional self-corresponding F-curves 
of the second kind: the line r on p; and across € and C, ; the 6 lines s across 
€,, € and bisecant to C, ; the 4 conics C2 on p,; and meeting & , « , €& each once 
and C, 3 times; and the rational cubic C; on p; and meeting & once, «& , & each 
twice and C;, 5 times. 

The characteristics of the homaloidal web H and the P-surfaces with respect 
to the base (n: L, K;, Kn, « , Ca, €;, &, 1 3 93,7, 8, 9, C2, Cs) are as follows: 
H (17: 2,1,1, 8, 4, 5, 5, 6; 1, 1, 1, 2, 2, 3), 

P, ( 2: 0,0,0, 1, 1, 0, 0, 0; 0, 0, 0, 1, 0, 0), 

Px,( 1:0,0,0, 1,0, 1,0, 0; 1, 0, 0, 0, 0, 0), 

P., (8: 1,1,1, 4, 2, 2, 2, 3;1, 1,0, 1, 1, 1), 

P¢, (26: 4, 1, 1, 12, 6, 8, 8, 9; 1, 1, 2, 4, 3, 5), 

P., (9: 1,1,0, 4, 2, 3, 3, 3; 1, 0, 1, 1, 1, 2), 

P,, ( 4: 0,0,0, 2,1, 1, 1, 2; 0, 1, 0, 0, 1, 1), 
where j, h = 1,2 (j # h). 

Let a surface s, have the characteristic (z: Zo, 2, 22, 20, 2*, 21, 22, 21) With respect 
to the involution J, , where z is the order of s, and Z , 2 , Z2 , 20, Z* , 21, 22, and 
2, are its multiplicities on the F-curves L, Ki, Ke, e, Cs, &, @ and at the F-point 
pi, respectively. The surface s, is transformed by the involution J; into a 
surface s,, whose characteristic is given in terms of the original characteristic 


by means of a linear transformation obtained immediately from the description 
of J, given above. 








-_-w Ww 
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Let G be the group of Cremona transformations generated by involutions J, 
with fixed F-curves «, Cy, &, € and variable F-point p, chosen from the p 
points p; (i = 1, 2, --- , p), and hence the variable F-curves L, K,, K2. Let the 
points p; be generically placed with respect to the fixed F-curves and the fixed 
P-surfaces of the variable F-curves. In forming products of such generators 
we suppose that the F-point p, of the last factor may fall on one of the variable 
F-points of the preceding product but that, aside from such incidence, it is in 
generic position with respect to such F-points. The additional base points of 
these involutions would appear in the characteristic of s, and in the transforma- 
tion giving the characteristic of s,, we should have the additional equations: 
a; = x (i > 1). 

If in the linear transformation on the characteristic of s, we make the sub- 
stitutions: uw = 22 — 2 — 42% — 2 — Z, U = 2 — % — Me — 21, we = 2 — 
Zo — Ze — 22,0 = 2 — Qe — 2% — Ze, bo = 62 — 32% — OZue — 32. — 32, ti = Ti; 
then aside from u; = 2;, u; = 2; (j = 0,1, 2) and v’ = —», the transformation 
becomes the involution 


ti = 2h — 3h, 
ti: ty = to _ 2t; , 
i= t; (i > 1). 


Let g,(2) be the group of linear transformations generated by involutions 
i, (a = 1, 2, 3,---, p). Evidently g,(2) belongs to the type g,(a@) for r = 1 
discussed by Coble.” 

If the generic element of the linear group g,(2) is 


to = anole — ant — +++ — aopl,, 
g’: ti; = antl) — anh — +--+ — ail, (i = 1,2, tee »P); 
t; = t; (j > p); 


then by a comparison of particular products in the groups G and g,(2) we infer 
that the corresponding element G’ of the Cremona group G has a homaloidal 
web H and P-surfaces whose characteristics with respect to the base (n: 


L, Ki, Ke, e , Cs, 1, @, Pi, Po, -** , Pp) are: 

H ( 8a + 1: 2, 1, 1, 4x00 , 2evoo , Zero + 1, Zao + 1, Barro , Garo, --- , Garo), 
P,, ( 4ca00 : 1,1, 1, 2a0, ao, co » oo , 3a19 , Sata, +--+ , Sao), 
P¢,(12a + 2: 4, 1, 1, 6aoo , 3a00 , 3a00 + 2, Sao + 2, Doro , Yar, «++ , Dero), 
P., ( 4a00 + 1: 1,1, 0, 2a, ao, coo +1, ao + 1, 3a, 3am, --- , Sao), 
P., ( 4a00 + 1: 1,0, 1, 2ao0, ao, ao +1, ao + 1, Say, 3a”, --- , da,0), 
P,, ( 4k :0,0,0,2k , k , k , k » Me, Ai, ++, Mi), 


5 A. B. Coble, A class of linear groups with integral coefficients, this Journal, vol. 3 (1937), 
pp. 175-199. 
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(i = 1, --- , p); where ap; = 3k, k an integer, and where L, K, , Ke are variable 
F-curves of the first kind corresponding to the fixed P-surfaces P1(@ C,)’, 
Px,(€ 4)’, Px,(€ @)', respectively. 

The theorem is true for 7; and J;. Hence in order to complete the proof we 
need only show that g’i; ~ G’I; and g’i,4; ~ G’I,.,. This follows immediately 
from a comparison of the products indicated. 


Il. The involution I, determined by the web of quartic surfaces W = (€& Cz p:)' 
where the double line € is 5-secant to the septimic curve of genus 2 C; . Two members 
of the web W meet in ¢}, C; and an elliptic quintic curve C; on p, and meeting « 
3 times and C; 11 times. W contains the uniquely determined degenerate 
member W, = (€ P1)'(€ C;)* whose factors are interchanged by the involution J, . 
The quartic surface Px(¢} Cz)‘ is a P-surface of an F-curve K, of the first kind, of 
order 5, 3-fold at p, and meeting C; 14 times. The surface of coincident points is 
R(¢C; pi)’. The involution possesses the following self-corresponding F-curves 
of the second kind: the 6 lines p meeting C; twice and « once and on R and Px , 
the 2 lines r on p; and across C; and « , the 4 lines ¢ quadrisecant to C; and the 
4 conics Cz on p; and meeting € once and C; 5 times. The characteristics of the 
homaloidal web H and the P-surfaces with respect to the base (n: K,e€ ,Cz ,pr ; 
p, r, t, C2) are as follows: 


H(15: 1, 7, 4, 5; 1, 1, 1, 2), 
Px(4: 0, 3, 1, 0; 1, 0, 0, 0), P.,(8: 1, 4, 2, 3; 1, 1, 0, 1), 
P-,(36: 2, 16, 10, 11; 2, 1, 4, 5), P,,(4: 0, 2, 1, 2; 0, 1, 0, 1). 


Let G be the group of Cremona transformations generated by involutions J, 
with fixed F-curves « , C; and variable F-point p, chosen from the p points 
pi (¢ = 1, 2, 3, ---,p) and hence the variable F-curve K. We restrict the 
points p; as in Case I. 

The surface s, having the characteristic (z; Z, Zo , 21 , 21), where z is the order of 
s, and 2, 2, 2, 2, are its multiplicities on the F-curves K, « , Cz and at the 
F-point p, , is carried by J, into the surface s,, whose characteristic is given in 
terms of the original characteristic by a linear transformation. If in this 
transformation we make the substitution uw, = z — z — 2%, w= 2 — 42, 
to = 5z — 32 — 1lz,,t; = x; ; then aside from ul = Z,u, = 2 and us = —Ue, 
it becomes the transformation 7, of Case I and the linear group generated by 
involutions 7, (a = 1, 2,3, --- ,p)isag,(2). If the generic element g’ of g,(2) is 
defined as in Case I, then the homaloidal web H and the P-surfaces of the 
corresponding element G’ of the Cremona group G have the following char- 
acteristics with respect to the base (n: K, € ,Cz, pi, pe, +++ 5 Do)! 


H (20k + 5:1,10k + 3, 5K 41, 5ay, 5an,---, Sapo), 
P.,( 4a0 :1, 2a0 » G  , Sa, Ban,---, Bayo), 
Po,(44k + 8: 2, 22k + 6, 11k + 1, law, llaw, ---, lap), 
Py 49 :0, 2 a » Gi, Ciae, +++, Mi), 
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(¢ = 1, 2,---, p), where ao = 3k + 1, ao; = 3j, k and j integers; and where K is a 
variable F-curve of the first kind corresponding to the fixed P-surface P x(¢ C;)*. 
The proof is the same as that for the theorem of Case I. 


III. The involution I,. determined by the web of quartic surfaces W = (& C2 
€ € € Pi po)’ where the double line & meets the conic Cz and each of the lines «, 
€ , € once. Twomembers of the web W meet in 6, C2, &, @, & and an elliptic 
septimic curve C; on p; and pe and meeting « 4 times, C2 7 times and ¢; (j = 
1, 2, 3) 3 times. W contains the three pencils of degenerate members W; = 
(€ €;)'(€0 Co €m €n Pi D2)’ (j, m,n = 1, 2,3;7 ¥ m ¥ n); the uniquely determined 
degenerate member (€ C2 p; p2)"(€0 € € €)'; and the pencil of degenerate members 
(C2)'(€0 €: @ € P1 pz). The planes P,(C2)', Px,(e €;)' (j = 1, 2, 3) are P-surfaces 
corresponding to the F-curves of the first kind LZ, K;. L is of order 2, is on p, 
and po, and meets @, &, @&, € each once. K; is of order 3, is on p; and pre 
and meets ¢€) once, C2 3 times and em , €, each twice. The surface of coincident 
points is R(é Gaede Pi po). The involution J,. possesses the following 
F-curves of the second kind: the 3 sets of 2 lines p; (j = 1, 2, 3) across C2, &, €; 
and on R and Px; ; the 3 lines r across C2, € , @ and ¢; ; the two lines s; (¢ = 1, 2) 
on p; and across € and Cz ; the 2 conics @ meeting C2 3 times and @ , 4, @, 6 
each once and on R and P_ ; the 6 conies Cx (¢ = 1, 2; k = 1, 2, 3) on p,, and 
meeting «, €&, @, € each once and C, twice; the rational cubic C; on p, , pe 
and meeting « twice, C2 3 times, and «, @, €; each once; and the rational 
quartic C, on p; , pe and meeting @ , 4, €, €; each twice and C, 4 times. The 
characteristics of the homaloidal web H and the P-surfaces with respect to the 
base (n: L, K;, Km, Kn, €, Co, €;, €m, €ny Diy Pri Pj, 7, Si, 9, Cx, C3, Ca) (i, h = 
1,2;2 + h;j,m,n = 1, 2,3;7 4 m # n), are as follows: 

H (22: 2,1, 1, 1, 11, 5, 6, 6, 6, 7, 7; 1, 1, 1, 2, 2, 3, 4), 
P, (1: 0,0, 0,0, 0, 1, 0, 0, 0, 0, 0; 0, 0, 0, 1, 0, 0, 0), 
Px,;( 1: 0,0,0,0, 1, 0,1, 0, 0, 0, 0; 1, 0, 0, 0, 0, 0, 0), 
P,,(12: 1,1, 1,1, 6, 3, 3, 3, 3, 4, 4; 1,0, 1, 1, 1, 2, 2), 
Pe, (22: 3, 1, 1, 1, 11, 5, 6, 6, 6, 7, 7; 1, 1, 1, 3, 2, 3, 4), 
P,, (10: 1,1, 0,0, 5, 2, 3, 3, 3, 3, 3; 1, 1, 0, 1, 1, 1, 2), 
P,,( 4: 0,0,0,0, 2,1, 1,1, 1, 2,1; 0,0, 1,0, 1, 1, 1). 

Let G be the group of Cremona transformations generated by involutions 
I. with fixed F-curves « , C2, &, €&, € and variable F-points p, , ps selected 
from the p generic points p; (i = 1, 2, 3, --- , p), and hence the variable F- 
curves L, Ki, Ke, Ks. 

The surface s, having the characteristic (z: 2 , %: , Z2, Zs, 20, Ze, 21, 22, 23, 
21 , X2), where z is the order of s, and Z , % , Ze, 23 , 20, Ze, 21, 22, 23, 41, Ye are 
its multiplicities on the F-curves L, Ki, , Ke, Ks, @, C2, &, @, € and at the 
F-points p; , ps2 , is carried by the involution J,: into a surface s,, , whose char- 
acteristic is given in terms of the original characteristic by means of a linear 
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transformation. If in this transformation we make the substitutions: uw = 


2z — 2% — Bie — 4 — Ze — 23, Uj = 2—% — & — 2; (7 = 1,2,3)9=2- 

Ze — 21 — 22 — 23, lo = 72 — 4% — Tae — 32; — See — 323, t; = 2;; then, 
° , os af , = - , . 

aside from up = Z, Ue = 2%, uj; = 2;, uj = Z; and v’ = —2, it becomes the 


involution 


to = 3to = 4t, > 4ty ’ 
: th = th —-2h- &, 
ti2 : , 
te = to ate t 7 2te , 
i= t; (i > 2). 


Let g,(2, 1, 1) be the group generated by involutions 7. (a,b = 1, 2, 3, --- , p; 
ab). This group is readily seen to belong to the type of linear groups g,(r, «, e) 
discussed by Coble. If the generic element g’ of g,(2, 1, 1) be defined as was 
that of g,(@) in Case I, then the homaloidal web H and the P-surfaces of the 
corresponding element G’ of the Cremona group G have the following char- 
acteristics with respect to the base (n: L, K;, Kn, Kn, €, Co, €j, €m, En, 
mie *** 9 Pp): 

H (Tao + 1:2,1,1,1, 149 +3, 7g + 2,79 1,79 + 1,79 + 1, Taw, --- , Tao), 
P,, (Aco :1,1,1,1, 2a0 , ao , Go , Go , ao , 400, --- , 40), 
P¢, (7am F 1:3,1,1,1, 14g + 3, 7g + 2,79 1,79 1,79 +1, Taw, --- , Tao), 
P, ,(3e00 F 1:1,1,0,0, 69 + 1, 3g + 1, 39 , 3g , 3g , S10 , +++ 5 SQ~o), 
P,,( ai :0,0,0,0, 2h or ae a . io » Mi, -*, i), 


(j,m,n = 1,2,3;7 ¥ mF n;i = 1,2,3, --- , p), where aw = 4g + 1, ao; = 4h, 
g and h integers, and where L, K, , Ke , K; are variable F-curves corresponding to 
fixed P-surfaces. In order to prove this theorem we have only to show that 
Jie ~ Gly, Jitu ~ GTi, and Q’ipsi pig ~ G'Ipir ps2. A comparison of 
the products shows this to be true. 


IV. The involution I;: determined by the web of quartic surfaces W = (€5 Cs p: p2)* 
where the double line € is quadrisecant to the elliptic sextic curve C,. Two members 
of the web W meet in ¢}, Cs and an elliptic sextic curve on p; , p2 and meeting 
€) 4 times and C, 12 times. The web W contains 2 uniquely determined degene- 
rate members W; = (€ pi)'(€ Cs p,)° (i,j = 1, 2; i x j) whose factors are inter- 
changed by the involution. 

The ruled quartic surface Px = (€ Cs)‘ is a P-surface corresponding to the 
F-curve K, of the first kind, of order 11, 4-fold at p,; and pe, and meeting & 
4 times and C, 24 times. The surface of coincident points is R(¢ Cé pi p2)°- 
The involution J. possesses the following self-corresponding F-curves of the 
second kind: the 8 lines p across € and bisecant to Cs and on Px and R; the 


6 Tbid. 





, ee ae 
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4 lines r;; on p; and across & and C; ; the 2 lines s quadrisecant to C, ; the 4 conics 
C;; on p; and meeting € once and C, 5 times; and the 2 rational cubies C; on 
Pi, Pz and meeting « twice and C, 6 times. The homaloidal web H and the 
P-surfaces of the involution J, have characteristics with respect to the base 
(n: K, @, Cs, pi, Pi 3 p, Piz, 8, Ci; , C3) as follows: 


H (19:1, 9, 5, 6, 6;1, 1,1, 2,3), 
Px( 4:0, 3, 1, 0, 0;1,0,0,0, 0), 
P.,(12: 1, 6, 3, 4, 4;1,1,0,1, 2), 
Pc, (40: 2, 18, 11, 12, 12; 2, 1, 4, 5, 6), 
P,.( 4: 0, 2, 1, 2, 1;0,1,0,1,1) (i,j = 1,2). 


Let G be the group of Cremona transformations generated by the involutions 
I, with fixed F-curves « , Cs and variable F-points p,, ps selected from the p 
generic points p; (¢ = 1, --- , p), and hence the variable F-curve K. 

A surface s, having the characteristic (z: 2, zo , 21 , 21 , 2), where z is the order of 
s, and Z, 2 , 2; , X, and 2 are its multiplicities on the F-curves K, «& , Cs and at the 
F-points p; and pe, respectively, is carried by the involution J, into the surface 
s,- whose characteristic is given in terms of the original characteristic by a linear 
transformation. If in this transformation we make the substitutions: u = z — 
Z — 2%, to = 62 — 4% — 122, ; t; = 2; ; then, aside from u’ = Z, u = 2’, the 
transformation becomes the linear transformation i, of Case III. Evidently 
the group generated by involutions 7,, (a, b = 1, 2, 3, --- ,p; a # b) is the 
group g,(2, 1, 1) of Case III. Let g’ be the generic element of g,(2, 1,1). Then 
the homaloidal web H and the P-surfaces of the corresponding element G’ of the 
Cremona group G have the following characteristics with respect to the base 
(n: K, « , Cs, Pi, Pe, °° » De)! 


H (12k +5: 1,64 +3,3k +1 , 6aw, Gan,---, Gay), 


P., ( 4e00 :1,2a0 , ao , fay, 4a9,--+, 4ax0), 
P¢,(12a00 + 4: 2, bao , 3at0 + 2, 12a, 12a , tery 12a,0), 
P,,( 4h :0,2h ,Ah » Qe, Ga, s+ Bi) 

(¢ = 1, 2,---, p), where ao = 2k + 1, ao; = 4h, k and h integers, and where K 


is a variable F-curve of the first kind corresponding to the fixed P-surface 
Px = (&Cs)*. The proof is the same as for the theorem of Case III. 


V. The involution I;23 determined by the web of quartic surfaces W = (5 Cs pi pz 
Pps)’ where the double line € is trisecant to the rational quintic curve C;. Two 
members of the web W meet in 6, Cs and an elliptic septimic curve C; on p, , 
P2, ps and meeting « 5 times and C; 13 times. W contains 3 uniquely determined 
degenerate members W; = (€ px)’ (€ Cs p; px)’ (i, j, k = 1, 2,331 #7 ¥ k) 
whose factors are interchanged by the involution. 








114 FRANK C. GENTRY 


The ruled quartic surface Px = (¢€) Cs)‘ is the P-surface of an F-curve K, of 
the first kind, of order 19, 5-fold at p; , pe and ps; and meeting « 10 times and C; 
36 times. The surface of coincident points is R(¢é C3 Di Dp? D3). The involu- 
tion possesses the following self-corresponding F-curves of the second kind: 
the 10 lines p on R and Px across & and bisecant to C; ; the 3 sets of 2 lines each 
r; on p; and across ¢ and C; ; the line s quadrisecant to C; ; the 3 conics C; on p; 
and meeting « once and C; 5 times; and 3 rational cubies C$” on p; and p, and 
meeting € twice and C; 6 times; and the rational quartic Cy on p; , pe , ps and 
meeting « 3 times and C; 7 times. 

The homaloidal web H and P-surfaces of the involution I; have characteris- 
tics with respect to the base (n: K, «@&, Cs, Pi, Pj, Pei P, Ti, 8, Ci, CS”, cc". 


$”, Cs) as follows: 


H (23: 1,11, 6, 7, 7, 7;1,1, 1, 2, 3, 3, 3, 4), 

Px( 4:0, 3, 1, 0, 0, 0; 1, 0,0, 0, 0, 0, 0, 0), 

P.,(16: 1, 8, 4, 5, 5, 5;1, 1,0, 1, 2, 2, 2, 3), 

P¢,(44: 2, 20, 12, 13, 13, 13; 2, 1, 4, 5, 6, 6, 6, 7), 

RLS & 1, & 4. O46 4684, 8, 
Let G be the group of Cremona transformations generated by involutions I jx, 
with fixed F-curves € , Cs and variable F-points p;, px , pra chosen from the p 
generic points p; (¢ = 1, 2, 3, --- , p), and hence the variable F-curve K. 

A surface s, with characteristic (z: Z, 20, 21, 21, 22, %3) with respect to the 
involution is transformed into a surface s, whose characteristic is given in 
terms of the original characteristic by a linear transformation. If in this 
transformation we make the substitutions: wu = z — 29 — 22,, t) = 7z — 5z — 132, 
t; = 2;; then, apart from u’ = 2, u = 2’, it becomes the involution 

to = 4% — 5t, — She — Sls, 
1423: j= bh- h- k- &-ft (i = 1, 2,3), 
i= 1; (j > 3), 
Let g,(3, 1, 1) be the linear group generated by involutions 7 jx, (j, k, h = 1, 2, 3, 

-,pij #~kx#h). g,(3, 1, 1) belongs to the type g,(r, €, e) mentioned above. 
The generic element G’ of the Cremona group G has the following characteristics 


with respect to the base (n: K, «, Cs, pi, p2,--+,p,) and in terms of the 
coefficients of the corresponding element of the linear group g,(3, 1, 1): 


; H (28f + 5:1,14f43, 7f+1, Taw, 7am,-:+, Tap), 
P.,( 400 :1, 2a0 , ao , Saw, 5an,---, Sao), 
Pc, (52f + 8: 2, 26f + 6, 13f + 1, 13a, 130%, «++ , 13a,0), 
P,,( 49 : 0, 29 s a » OM, Ae, s+, Api) 


(t = 1,2, ---, p),-where aw = 5f +1, ao; = 5g, f and g integers, and where K is a 
variable F-curve of the first kind corresponding to the fixed P-surface P x(¢ Cs)’. 
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To prove the theorem we show that g’i123 ~ G’ Ties, gti, 941 ~ G@’ Tigi, 9 tivettwie ™ 
GT pit.p42 and 9b 41,p4+2.048 tied GT y41.042.048 . 


VI. The involution Iy23, determined by the web of quartic surfaces W = (€ C2 C2 
Pi D2 Ps ps)’ where each of the conics C2, Cz meets the double line « once. Two 
members of the web W meet in « , C2, C3 and an elliptic octavic curve Cs on 
p: (i = 1, 2, 3, 4) and meeting « 6 times and C2, C2 each 7 times. The web W 
contains the 12 uniquely determined degenerate members: Wy; = (€ C2 pi p;)” 
(€ C2 pe Pm)” (i, j, k, m = 1, 2,3, 4:34 #7 Hk ¥ Mm); Wo = (C2)"(5 Co 1 De 
Ps ps)’; Ws = (C2)'(e Cz Pi Pe Ds ps)’; W; = (@ Pi) (€ C2 C2 Pi Pk Pm) The 
factors of each of these surfaces are interchanged by the involution J)23, . 

The ruled quartic surface P x(e C2 C:)' is the P-surface of the F-curve K, of the 
first kind, of order 29, 6-fold at p; (¢ = 1, 2, 3, 4) and meeting «& 18 times and 
C2, C: each 25 times. The surface of coincident points is R(€) C3 C2’ pi p2 ps pi) - 
The involution possesses self-corresponding F-curves of the second kind as 
follows: the 12 lines p on R and Px and across & , C2 and C3; the 4 lines r; on p; 
and across € and C; ; the 4 lines s; on p; and across €& and C2 ; the line ¢ bisecant 
to C2 and C3 ; the 6 rational cubics C;; on p; , p; and meeting « twice and C2 , C2 
each 3 times; and the rational quintic C; on p, , pe, ps, ps and meeting & , C2, 
C2 each 4 times. 

The homaloidal web H and P-surfaces of the involution have characteristics 
with respect to the base (n: K, € , C2, C3, Di, Di,» Pe» PmiP, Ti, &, t, Cis, Cs) 
as follows: 


H (27: 1, 13, 7, 7, 8, 8, 8, 8;1, 1, 1, 1, 3, 5), 
Px (4:0, 3,1, 1,0, 0, 0, 0; 1, 0, 0, 0, 0, 0), 
P., (20: 1, 10, 5, 5, 6, 6, 6, 6; 1, 1, 1, 0, 2, 4), 
Po,(24: 1, 11, 7, 6, 7, 7, 7, 7; 1, 1, 0, 2, 3, 4), 
Po;(24: 1, 11, 6, 7, 7, 7, 7, 7; 1, 0, 1, 2, 3, 4), 
P,,( 4: 0, 2,1,1,2,1,1,1;0,1,1,0,1,1) (=1,2,3,4). 


Let G be the group of Cremona transformations generated by involutions I jim» 
with fixed F-curves & , C2, C2 and variable F-points p; , px , Pm , Pn Chosen from 
the p generic points p; (i = 1, 2, 3, --- , p), and hence the variable F-curve K. 

A surface s, with characteristic (z: Z, 20 , 21 , 22 , 21, X2 , 23 , Xs) defined as in the 
preceding cases is transformed by J,235 into a surface s,-. If in the linear trans- 
formation giving the characteristic of s,, we make the substitutions: u = z — 
Zo — 2 — 22, bo = 82 — 6a — 7a, — Tze, ts = 2; ; then, aside from u’ = 2Z, 
u = 2’, it becomes the involution 


L=- %-@ -&% —-& — Gh, 


11034 t; = b — ti — t — t; — ts — t; (i = 1, 2, 3, 4), 


, 
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Let g,(4, 1, 1) be the group of linear transformations generated by involutions 
likmn (j, k, m,n = 1, 2,3,---, p37 # kx m+n). It belongs to the type 
go(T, €, €). 

The characteristics of the generic element G’ of the Cremona group G with 
respect to the base (nm: K, @, C2, C2, Pi, Pe, ++, >) and in terms of the 
coefficients of the corresponding element g’ of the group g,(4, 1, 1) are: 


H (32f + 5: 1, 16f + 3, 8f + 1, 8f + 1, 8a, 8an, --- , 8a), 
P.,( 4000 :1, 2a , ao , co , Gayo, Bao, --- , ba), 
Po, (28f + 4: 1, 14f + 3, 7f , f + 1, Taw , 7a, --- , Tao), 
P¢3(28f + 4: 1, 14f + 3,7f + 1, 7f , Taro , 7a, ++ , 7a), 
P,,( 49 :0, 24 ~=C 9, 9  —» Me, Ai, +++, Mi) 


(¢ = 1,2, ---,p), where ao = 6f + 1, ao; = 69, f and g integers, and where the 
variable F-curve of the first kind K corresponds to the fixed P-surface Px(€C2C2)*. 
The theorem is proved by showing that g’ij234 ~ G’Ii2s4, g’tie3.e41 ~ G@’Ti23,941, 
9'ti2.p+1.942 ™ G'Theps1cs2 ys G'Urr1es20t3 ~ GTi pst+2.043 ANd Q’Ip41.942.043,.44 ™ 
GT 441.042.043.044 . 


VII. The involution I\2 determined by the web of quartic surfaces W = (6 eee 
D* p; ps)’ where the line €; (j = 1, 2, 3, 4) meets the double line € once and the 
double point D is in generic position with respect to the rest of the base. Two 
members of the web W meet in «, & , @, 6, & and an elliptic octavic curve Cs 
on pi , pe, 4-fold at D and meeting « 4 times and e; 3 times. The web W con- 
tains the 16 uniquely determined degenerate members: Wi, = (€ €; « D p,)° 
(€0 €m €n D pr) (j, ky myn = 1,2,3,4;7 Hk ~ mH nji,jh = 1,2;1 # h); 
W; = (€ €;)'(€ €& €m €x D’ py p2)°; W’ = (e; D)'(& & €m én D P; Pe)’; Wo = 
(€ D)'(€ € € € € D p, po)’; and Wiz. = (D p, po)’ (6 &: @ & & D)*. The factors 
of all of these surfaces except Wp and Wy: are interchanged by the involution. 

The plane Px(¢ D)' and the ruled cubic surface P1(eé 4 @ 6 « D)’ are P- 
surfaces corresponding respectively to the F-curves of the first kind: K, of 
order 9, 2-fold at p:, pe, 3-fold at D, and meeting « twice and 4, @&, 6, & 
each 5 times; and L, of order 5, 2-fold at p, , pe, 3-fold at D and meeting «6 
twice, &, @, 6, & each once. The surface of coincident points is R(¢é éeéa 
D*‘ p} p2)*. The involution possesses self-corresponding F-curves of the second 
kind as follows: the 4 lines p on R and Px across ¢ and D; the 4 conics @ on P, 
and R meeting 6, &, @, €, € each once and on D; the 6 lines rx, on D and 
across ¢;, « ; the 8 conics C;; on p; and meeting &, €& , €m, €n each once; the 
rational cubic C; on D, p; , pe and meeting ¢ twice and «& , @&, €3, & each once; 
and the rational quintic C; on p; , pz , 3-fold at D and meeting @ , 4, @&, 6, & 
each twice. 

The homaloidal web H and P-surfaces of the involution J, have the following 
characteristics with respect to the base (n: K, L, € , €;, &, €m, €n, D, Pi, Pa} 
p, Tix , 0, Ci; , Cx 5 Cim, Cin, Cz , Cs): 
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H (24: 1, 2, 11, 6, 6, 6, 6, 13, 8, 8; 1, 1, 2, 2, 2, 2, 2, 3, 5), 
Px( 1: 0,0, 1,0,0,0,0, 1,0, 0; 1, 0, 0, 0, 0, 0, 0, 0, 0), 
P,( 3: 0,0, 2,1,1,1,1, 1,0, 0; 0, 0, 1, 0, 0, 0, 0, 0, 0), 
P,,(12: 1,1, 6,3, 3,3,3, 6, 4,4;1, 0,1, 1, 1, 1, 1, 2, 2), 
P,,( 9: 0,1, 4,3, 2,2,2, 5,3, 3;0, 1,1, 0, 1,1, 1, 1, 2), 
Py (12: 1,1, 5, 3,3, 3,3, 7,4, 4;1,1, 1,1, 1,1, 1,1, 3), 
P,,( 4: 0,0, 2,1,1,1,1, 2,2, 1;0,0,0, 1,1, 1,1, 1, D. 


Let G be the group of Cremona transformations generated by involutions J. 
with fixed F-curves € , & , €, €;, «and F-point D and variable F-points p, , p» 
chosen from the p generic points p; (¢ = 1, 2, 3, --- , p), and hence the variable 
F-curves K and L. 

Let a surface s, have the characteristic (z: % , Z , 20 , 21, 22, 23 , 24, Yo, X1, Ze), 
where z is the order of s, and 2, , Ze , 20 , 21, 22 , 23, 24, Yo, X1, 2 are its multiplici- 
ties on the F-curves K, L, &, &, @&, 6, « and at the F-points D, p, , pz, respec- 
tively. The characteristic of the transform s,- of s. by Iz is given by a linear 
transformation. If in this transformation we make the substitutions: u,; = z — 
Zo — Yo, Ue = 22 — % — 4 — & — 23 — 2% — Yo, to = Bz — 42% — 3x, — 3x2 — 
3z3 — 32, — 4yo, t; = 2; ; then, aside from w=, = 2, = Zo, Ue = 23, 
it becomes the generator 7,2. of Case III. Hence the linear group generated by 
transformations ia (a,b = 1, 2,3, --- , p;a # b) isag,(2, 1, 1). 

The generic element G’ of the Cremona group G has the following char- 
acteristics with respect to the base (n: K, L, € , €;, €& , €m, €n, D, pi, Po, ---, 
Po) (j,k, myn = 1,2,3,4;7 ek Amen): 


H (8a: 1, 2, 4a00 + 1, 2a00, 2a0 ,2a0 ,2a0 , 4000 F 1, Say, --- , 8a), 
P.,(4a00 : 1, 1, 2eoo » M00, Go , Goo 4, Gm , 2A , 4ayo, +--+ , 4a0), 
P,,(3a0:0,1,6f +2,3f ,3f+1,3f41,3f41,6f +1, 3a, --- , 3a), 
Pp(4a0: 1,1, 2a0 +1, aw, ao , ao , Go , 200 1, 4a, --- , 400), 
P,,( ao; : 0, 0, 2g cos «0D, eB: se » Mises > Ops) 


(¢ = 1, 2,3, --- , p), where ao = 4f + 1, ao; = 49, f and g integers, and where K 
and L are variable F-curves of the first kind corresponding respectively to the 
fixed P-surfaces Px(e D)' and P1(é « @ 6 « D)*. The proof is the same as 
for the theorem of Case ITI. 


VIII. The involution I,235 determined by the web of quartic surfaces W = (6 4 & 
Dj D3 p; p2 ps ps)* where the double line meets each of the lines &, @ once. Two 
members of the web W meet in €) , 4 , @ and an elliptic 10-ic Cy on p; , po, Ps, 
ps, 4-fold at D, , De and meeting «& 6 times and « , «& each 3 times. The web 
contains the 5 uniquely determined degenerate members: W; = (€ €;)'(€ «& 
Di Di p; pe Ps ps) (j,k = 1,237 ¥ k), W* = (eo Di) (eo ae Di D? p, Po Ds ps)’, 
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Wo = (€ € € D; Dz)’ (€ D; De p; po ps ps)”. The factors of W, are interchanged 
by the involution. 

The quadric P1(€ € € D, D2) is the P-surface of an F-curve L, of the first 
kind, of order 9, 2-fold at p; , pe , ps , ps , 3-fold at D, , D2 and meeting & 6 times 
and ¢,, each once. The plane Px,(€ Dx)’ is the P-surface of an F-curve K; of 
the first kind, of order 13, 2-fold at p: , pe , ps , ps , 3-fold at D, , 7-fold at D; and 
meeting ¢) 6 times and e&, , @ each 5 times. The surface of coincident points is 
R(e & & Di D} pi p: ps pi). The involution possesses the following self-cor- 
responding F-curves of the second kind: the 2 sets of 4 lines p,; on D; and across 
€ and on R and Px, ; the line r on D, and D, ; the 4 conics 6 on D, , Dz and 
meeting € , & , € each once and on R and P, ; the 8 conics C;; on D,; , Dz and p, 
and meeting & , €; each once; the 6 cubics Cj” (i, h = 1, 2,3, 4; i ¥ h) on Dy, 
Dz , pi, pr and meeting € twice and «& , & each once; and the rational septimic 
Cron pi , P2 , Ps , pa, d-fold at D,; , D. and meeting € 4 times and « , @ each twice. 

The homaloidal web H and the P-surfaces of the involution J123; have char- 
acteristics with respect to the base (n: L, Ki, Kj, €, €;, &, Di, Dj, Di, Pry Dm, 
Dn; pe, 7, 0, Ci;, C$”, Cr) (ji, k = 1,235 ¥ kj i,h, m,n =1,2,3,4;5 4 h# 
m # n) as follows: 


H (33: 2, 1, 1, 16, 8, 8, 17, 17, 10, 10, 10, 10; 1, 1, 2, 2, 3, 7), 
Px,( 1: 0,0,0, 1,0,0, 1, 0, 0, 0, 0, 0;1,0, 0,0, 0, 0), 
P, ( 2:0,0,0, 1,1,1, 1, 0, 0, 0, 0;0, 0, 1, 0, 0, 0), 
P., (20: 1, 1, 1, 10, 5, 5, 10,10, 6, 6, 6, 6;1,0, 1, 1, 2, 4), 
P,,(10: 1,0,0, 5,3,2, 5, 5, 3, 3, 3, 3;0,0,1,1, 1, 2), 
P,,(13: 1, 1,0, 6,3,3, 7, 7, 4, 4, 4, 4;1,1,1,1, 1,8), 
P,, ( 4:0,0,0, 2,1,1, 2, 2, 2, 1, 1, 1;0,0,0,1, 1,1). 


Let G be the group of Cremona transformations generated by involutions 
Tavea With fixed F-curves & , & , € and F-points D,;, D2 and variable F-points 
Pa, Pd, Pe , Pa Chosen from the p generic points p; (¢ = 1, 2, 3, --- , p), and hence 
the variable F-curves L, K, , Ke. 

If in the linear transformation giving the characteristic of the transform 8, 
of a surface s, with characteristic (2: Z) , 2: , 22, 20, 21, 22, Yr» Y2, %1, T2, Xs, Ls) 
with respect to the involution J;23; , we make the substitutions: uw = 2z — z — 
21 — 22 — Yi — Yo, Ue = Z— BH — yx (kK = 1, 2), te = 10z — Ba — 3a — 3a — 
4y, — 4ye, ti; = 2;; then, aside from uy = 2, wo = 2, Ue = Be, Ue = 2, it 
becomes the generator 71233 of the linear group g,(4, 1,1) of Case VI. The generic 
element G’ of the Cremona group G has the following characteristics with 
respect to the base (n: L, Ki, K;, 0, €;, &, Die, Dj, pi, p2, Ps, +++ » Do): 


H (40f47: 2,1, 1, 20f-44, 10/42, 10f+2, 20/43, 20f+3, 10a, --- , 10a,0), 
Pa 4a 7. 3.8. 2a : aon ; ao ys Zao . 2a 9 Gayo , eee, 62,0), 


P,,; ( Zao : 1,0,.0, ao ; 3f Z 3f+1, a0 , Go , S3a0,°°-, 3a,0), 














QUATERNARY CREMONA GROUPS OF TERNARY TYPE 119 


?p, (16/43: 1,1,0, 8f+2, 4f21, 4f41, 8f41, Sf4l1, 4aw,---, sap), 
P,,( 4g : 0,0, 0, 29 ’ g ’ g ’ 29 ’ 29 ’ me te % Qi), 


where ao = 6f + 1, ai = 6g, f and g integers, and where L, K, and Kz are 
variable F-curves corresponding to fixed P-surfaces. The proof is the same as 
for the theorem of Case VI. 


IX. The involution Iyos:¢ determined by the web of quartic surfaces W = (« Dj 
D? D5 pi ps Ps Ps Ps Ps)’. ‘Two members of the web W meet in « and an elliptic 
12-ic Cyz with 4-fold points at D; , D., Ds, simple points at p; (¢ = 1, 2, 3, 4, 5, 6) 
and meeting ¢ 8 times. The web W contains the 14 uniquely determined 
degenerate members: W. = (€ Dz)'(€ Da Di D? p; po ps ps ps ps)’ (a, b, c = 1, 2,3; 
axb#c),Wo = (DD: Ds)'(e& D, Dz Ds pi po ps Ps Ps Ds)’, Wianj = (€ D, De Ds 
Di Pr Ps) (€) DiD2 Ds pi Pm Pn) (i, h, j,k, m,n = 1,2,3,4,5,6;5 Hh ¥ J#AL# 
mn). The factors of the 10 surfaces Wy; are interchanged by the involution. 

The plane (D, D. D;)' is the P-surface of an F-curve L, of the first kind, of 
order 13, with a double point at p,;, a triple point at D, and meeting «© 10 
times. The plane Px,(@ D.)' is the P-surface of an F-curve K,, of the first 
kind, of order 17, 3-fold at D, , 7-fold at D,, D., 2-fold at p; and meeting & 
10 times. The surface of coincident points is R(¢} Dj D} Dj Pi p2 D3 Pi Ps ps)’: 
The involution possesses self-corresponding F-curves of the second kind as 
follows: the 3 sets of 4 lines p, on D, and across « and on Px, and R; the 4 
conics @ on D, , De, D3; and meeting € once and on P,; and R; the 15 cubics 
Cy, on D,, De, D3, p;, and p, and meeting «& twice; and the rational 9-ic Cy 
3-fold at D, , on p; and meeting ¢ 6 times. 

The homaloidal web H and the P-surfaces of the involution J)23456 have char- 
acteristics with respect to the base (n: L, Ka, Ky, Ke, @, Da, Ds, De, pi, 
Ph, Pi» Pr, Pm, Pn 3 Pa, 9, Cx, Cy) as follows: 


H (42: 2,1, 1, 1, 21, 21, 21, 21, 12, 12, 12, 12, 12, 12; 1, 2, 3, 9), 
P,( 1: 0,0,0,0, 0, 1, 1, 1, 0, 0, 0, 0, 0, 0;0,1,0,0), 
Px,( 1: 0,0,0,0, 1, 1, 0, 0, 0, 0, 0, 0, 0, 0;1,0,0,0), 
P., (28: 1, 1, 1, 1, 14, 14, 14, 14, 8, 8, 8, 8, 8, 8;1, 1, 2, 6), 
Py,(14: 1,1,0,0, 7, 7, 7, 7, 4, 4, 4, 4 4, 4;1,1,1,3), 
P,, ( 4:.0,0,0,0, 2, 2, 2, 2, 2, 1, 1, 1, 1, 1;0,0,1, 1). 


’ 


’ ’ ? 


Let G be the group of Cremona transformations generated by involutions 
I jrikmn With fixed F-curve « and F-points D,, Dz, D; and variable F-points 
Po, Pr» Pi» Pr» Pm, Pn Chosen from the p generic points p; (¢ = 1, 2, 3, ---, p) 
and hence the variable F-curves L, K, , Ke, K3. 

If in the linear transformation giving the characteristic of the transform s, 
of the surface s,, whose characteristic with respect to the involution J 23456 is 
(2: 2), 21, Ze, 3s, 2, Yr, Yo, Ys, X1, Le, Xs, Xs, Xs, Xe), we make the substitu- 
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tions: uw = 22 — 2 — yi — Y2 — Ys, Ua = 2 — % — Ya (2 = 1, 2, 3), & = 122 — 
° ea a? , = 
829 — 4y: — 4y2 — 4ys, ti = x; then, aside from wp = 2%, UW = 2%, Ue = 2a, 
, 


Ua = 2,, it becomes: 


C=u=%- 8-8 <«& -h-h — fh. 
ant Ce bw haw he be he Aw heh (i =1,--- , 6), 
h= th (h > 6). 


Let g,(6, 1, 1) be the group of linear transformations generated by involutions 
Ughikmn (9, h, j,k, m,n = 1,2,3,--- , pig A hAjAkKAme#n). g,(6, 1, 1) is 
evidently of the type g,(r, «,e). The generic element G’ of the Cremona group G 
has the following characteristics, in terms of the coefficients of the corresponding 
element g’ of the group g,(6, 1, 1), and with respect to the base (n: L, K,, Ko, 
K., @, Da, Di, De, Pr, P2 s Ds ; hii » Dp): 


H (Ga : 2, 1, 1, 1, 3a00 , Sao , Saoo , Baro , 1Zayo , 12a, --- , 1Za,o), 
P,,, (4a00 : 1, 1, 1, 1, 2eroo , Zeroo , Zao , Zao, Sar, 8a%,---, Sago), 
Pp,(2a: 1,1, 0,0, ao, ao, coo, G0, 4a, 4a9,---, 4e0), 
Faas t*@6086 7 « 7 i FT 0 §¥ + Geto Gie***> Ge 


(¢ = 1, 2,3, --- , p), where ao; = 4f, f an integer, and where L, K, , Ke , K; are 
variable F-curves of the first kind corresponding to fixed P-surfaces. The 
theorem is proved in the same way as the theorems in the other cases. 


X. The involution I; determined by the web of quartic surfaces W = (C2 Cs pr po)" 
where the elliptic quartic curve C, meets the double conic C, 4 times. 'Two members 
of the web W meet in C2, C, and an elliptic quartic C; on p,, po and meeting 
C., Cy each 4 times. The web W contains 2 nets of degenerate members: 
W, = (C2 C,)*(Co py po)’, We = (Cs)'(Co Cs pi ps)®. Wand W2 have in common 
the pencil of degenerate members Wi: = (C2)'(C2 Cs)°(p; po)’. 

In each plane of the pencil (p; p2)' the web W determines an involution which 
is the transform under a quadratic transformation T, of a special Geiser’s 
involution having 6 of its 7 base points on a conic. But the curves of the 
homaloidal net and the p-curves of this involution are generic sections of the 
surfaces of the homaloidal web H and the P-surfaces of the involution deter- 
mined in space by the web W. The plane Pp,(C:2)' is the P-surface of an isolated 
F-point Py on the line joining p; and pe. The involution possesses self-cor- 
responding F-curves of the second kind as follows: the 2 sets of 4 lines r; (¢ = 1, 2) 
on p; and across C2 and C, ; and the 2 conics C on p, , pe and meeting C2 , Cy 
each twice. 

The homaloidal web H and the P-surfaces of the involution J,2: have char- 
acteristics with respect to the base (n: Py, C2, Cs, pi, pr iri, C) GA = 1, 2; 
1 ~ h) as follows: 
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H(10: 1, 5, 2, 4, 4; 1, 2), 
Pp,(1: 0, 1, 0,0,0;0,0),  Pe,(10: 2, 5, 2, 4, 4; 1, 2), 
P¢,(8: 0, 4, 1, 4, 4; 1, 2), Pf 4:6, 3, 1, 3, 3; 1, 1). 


Let G be the group of Cremona transformations generated by involutions J x 
with fixed F-curves C,, Cy and variable F-points p;, p, chosen from the p 
generic points p; (i = 1,2, --- , »), and hence the variable F-point P» . 

If in the linear transformation giving the characteristic of the transform s,. 
of a surface s, , having the characteristic (z: Z, zo , 21 , 21 , £2) with respect to the 
involution J;2, we make the substitutions: u = z — 2z, to = 4z — 42 — 4a, 
t; = x;; then, apart from u’ = 2Z, u = 2’, it becomes the generator 712 of Case III. 
Hence the group generated by involutions 7; (j, k = 1, 2, 3, ---,p;7 # k) is 
g.(2, 1,1). The generic element G’ of the Cremona group G has the following 
characteristics with respect to the base (nm: Po, C2, Cs, pi, Po, Ps, -+* 5 Po)? 


H (4aum — 2: 1, Zao — 1, aco — 1, 4ay0 , 4a, -- + , 4x0), 
Pc, (4a — 2: 2, 2a — 1, aw — 1, taro, 4a20, +--+ , 4a,0), 
Pc, (4a — 4: 0, Zao — 2, ao — 2, 4a , 409, --+ , 400), 
P»,( ai : 0, 2f me » Me, Ces, -** 5, Mi) 


(¢ = 1, 2,3, --- ,p), where ao; = 4f, f an integer, and where P, is a variable 
F-point corresponding to the fixed P-surface Pp,(C2)'. The theorem is proved 
as in Case III. 


XI. The involution I23 determined by the web of quartic surfaces W = (C3 C3 rr 
P2 ps)’ where the rational cubic C3 meets the double conic C23 times. Two members 
of the web W meet in C}, Cs and an elliptic quintic Cs on p; , pe , ps and meeting 
C., C; each 5 times. W contains the net of degenerate members W, = (C:)' 
(C2 Cs pi pe ps)’ and the pencil of degenerate members W2 = (C2 C3)*(C2 p: po ps)’. 
W, and Wz: have in common the uniquely determined member Wy = (C. s)* 
(C2 C3)"(p1 Ps Ps) - 

The plane Pp,(C2)' is the P-surface of an isolated F-point Po. The quadric 
Px(C2 C;)° is the P-surface of an F-curve K, of the first kind, of order 2, on 
Pi, P2, ps and meeting C, twice. The surface of coincident points is R(C2 C3 pj 
P2 ps) The involution possesses self-corresponding F-curves of the second kind 
as follows: the 2 lines p on R and Px , across C2 and bisecant to C; ; the 3 sets of 
3 lines r; on p; and across C; and C; ; the 3 conics C; on p; , p, and meeting C; , 
C; each twice; and the rational cubic C3 on p; , p2, ps and meeting C2 , C; each 
3 times. 

The homaloidal web H and the P-surfaces of the involution have the following 
characteristics with respect to the base (n: Po, K, C2, Cs, pi, Pi, Pes 0, Tis 
C; ’ C;; Ci, C3): 
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H (16: i, 1, 8, 4, 5, 5, 5; 1, 1, 2, 2, 2, 3), 
Pp,( 1: 0, 0, 1, 0, 0, 0, 0; 0, 0, 0, 0, 0, 0), 
Px( 2: 0, 0, 1, 1, 0, 0, 0; 1, 0, 0, 0, 0, 0), 
P¢,(16: 2, 1, 8, 4, 5, 5, 5; 1, 1, 2, 2, 2, 3), 
P.,(16: 0, 2, 8, 4, 5, 5, 5; 2, 1, 2, 2, 2, 3), 
P,,( 4: 0, 0, 2, 1, 2, 1, 1;0, 1, 0, 1, 1, 1), 


(i,j,k = 1,2,3;4 #7 #k). Let G be the group of Cremona transformations 
generated by involutions J; with fixed F-curves C2 , C3; and variable F-points 
Pr, Pi, Pe chosen from the p generic points p; (i = 1, 2, 3, --- , p), and hence 
the variable F-point Py and F-curve K. 

If in the linear transformation giving the characteristic of the transform s,, 
of a surface s, , having the characteristic (z: 2 , Z: , Zo , 21 , 21 , Z2 , Y3) With respect 
to the involution J;23; , we make the substitutions: uw = z — 22, u = z — 2% — 
22; , to = 5z — 5zo — 5z, , t; = 2; ; then, apart from un = Zn, Um = z., (m = 0, 1), 
it becomes the generator 7; of Case V. Hence the group generated by invo- 
lutions 7%; (h, j, k = 1, 2, 3,---, pp h # j ¥ k) is g,(3, 1, 1). The generic 
member G’ of the Cremona group G has characteristics with respect to the base 
(n: Po, K,C2,Cs, pr, pe, +++ , Po) as follows: 


H (4a: 1, 1, 2aoo, ao , 5ayo , 5ae9, --- , Sao), 
Pc, (4a : 2, 1, Zao , coo , Sao, S5a20, -++ , Sarpo), 
Pc, (4ec00 : 0, 2, Zeon , aon , Sao , 5a, --+ , Sapo), 
Py 4f :0,0,2f ,f , ans, ari,-++, ai) 


(¢ = 1,2,3, --- , p), where ao; = 5f, f an integer, and where P, and K are variable 
F-point and F-curve corresponding respectively to the fixed P-surfaces Pp,(C:)' 
and Px(C2C3)*. The proof is the same as for the theorem of Case V. 


XII. The involution Ij23, determined by the web of quartic surfaces W = 
(CE € € Pi D2 Ps ps)’ where each of the lines €, € meets the double conic C2 once. 
Two members of the web W meet in C2 , «: , « and an elliptic sextic Cs on p1 , pe, 
Ps, ps and meeting C2 6 times and « , @& each 3 times. W contains the net of 
degenerate members W, = (C2)'(C2 € € Pi Po Ps Ps)’ and the 7 uniquely deter- 
mined degenerate members: Wo = (C2 € €)°(C2 pi p2 Ds Ps), Wai = (C2 Pr Di)” 
(C2 € p; px) (h, i,j, k = 1, 2,3,4;h ix 7k). The factors of the surfaces 
W,, are interchanged by the involution. 

The plane Pp,(C2)' is the P-surface of an isolated F-point Py. The quadric 
Px(C2 & @)’ is the P-surface of an F-curve K, of the first kind, of order 6, on 
Pi, P2, Ps, ps each twice and meeting C2 6 times and «, & each once. The 
surface of coincident points is R(C} ae Pi De D3 pi). The involution possesses 
self-corresponding F-curves of the second kind as follows: the 4 lines p on R and 
Px and across C2, « and & ; the 4 sets of 2 lines each r;, on p; and across C2, 
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ém ; the 6 conics C;; on p; , p; and meeting C2 twice and « , €« each once; and the 
rational quartic C; on p; , p2 , ps , ps and meeting C, 4 times and & , & each twice. 

The homaloidal web H and the P-surfaces of the involution Jj23, have char- 
acteristics with respect to the base (nm: Py, K, C2, €m, €n, Diy Pray Pi» Pe 
Pp, Tim , Ci;, C4) as follows: 


H (20: 1, 1, 10, 5, 5, 6, 6, 6, 6; 1, 1, 2, 4), 
Pp,( 1: 0,0, 1,0, 0, 0, 0, 0, 0; 0, 0, 0, 0), 
Px (2: 0,0, 1,1, 1,0, 0, 0, 0; 1, 0, 0, 0), 
P.,(20: 2, 1, 10, 5, 5, 6, 6, 6, 6; 1, 1, 2, 4), 
P.,.(10: 0,1, 5, 3, 2, 3, 3, 3, 3; 1, 1, 1, 2), 
P,,( 4: 0,0, 2,1, 1, 2,1, 1, 1;0, 1,1, 1), 


(i,h,j,k =1,2,3,4;¢4% 7 ~Ah#xk; m,n = 1,2;m #n). Let G be the 
group of Cremona transformations generated by involutions Jas-¢ with fixed 
F-curves C2, & , @ , variable F-points pa , po , Pe , Pa Selected from the p generic 
points p; (i = 1, 2, 3, ---, p), and hence the variable F-point Py and F-curve K. 

If in the linear transformation giving the characteristic of the transform s, of a 
surface s,, having the characteristic (z: % , 3:1, 20, 21, 22, 21, %2, %3, Xs) with 
respect to the involution Ij; , we make the substitutions: uw = z — 2%, 
U) = 2 — 2 — 2 — 22,0 = 2) — 22, bo = Bz — Czy — Bz, — 3ze, ts = 2; ; then, 
apart from u, = 2, U. = z. (s = 0, 1), »' = —2, it becomes the generator ty 
of the group g,(4, 1,1) of Case VI. The characteristics of the generic element G’ 
of the Cremona group G with respect to the base (n: Po, K, C2, €m,€n,Pry-** 
Pp») are as follows: 


H (4a: 1,1, 2a, ao, ao , Gayo, Gas, --+ , bao), 
P¢,(4a : 2,1, 2ao0, coo, a0 , Garo , ba, +++ , Gao), 
P.,,(2a0: 0,1, a0, 3f ,3f+1, 3aw, 3a, --- , dao), 
P,, (49 :0,0,29 , g , 9 4 Gri, Gas, -+, M%i), 


(¢ = 1,2,3,---,p;m,n = 1,2; m # n), where aw = 6f + 1, ao; = 69, f and g 
integers, and where Py and K are variable F-point and F-curve corresponding to 
fixed P-surfaces. 


XIII. The involution Ths determined by the web of quartic surfaces W = 
(C3 D® p; po Ps Ps Ps Ps). Two members of the web W meet in C3 and an elliptic 
octavie Cs on p; (¢ = 1, 2, 3, 4, 5, 6), 4-fold at D and meeting C; 8 times. W 
contains the net of degenerate members Wy = (C2)'(C2 D® p; po ps ps Ps Ps) and 
the 10 uniquely determined degenerate members Wi; = (C2 D pi pr p;)' (C2 D 
Pr Pm Pn) (i, hy j, ky m,n = 1, 2,3,4,5,6;5 Ah AG AkAm#zn). The 
factors of the surfaces W »; are interchanged by the involution. 

The plane Pp,(C2)' is the P-surface of an isolated F-point Py. The quadric 
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cone Px(C2 D*)’ is the P-surface of an F-curve K, of the first kind, of order 20, 
4-fold at p; (¢ = 1, 2, 3, 4, 5, 6), 6-fold at D and meeting C; 20 times. The 
surface of coincident points is R(C2 D* pj p3 p3 pi ps ps). The involution pos- 
sesses self-corresponding F-curves of the second kind as follows: the 8 lines p 
on D and across C2 and on Px and R; the 15 conies C;; on D, p; , p; and meeting 
C. twice; and the rational sextic Cs on p; , pe, Ps, Pi, Ps, Ps, 3-fold at D and 
meeting C, 6 times. 

The homaloidal web H and P-surfaces of the involution J 23455 have characteris- 
tics with respect to the base (n: Py , K, C2, D, pi, Dr, Pj, Pi» Pm» Pn 30, Ci; , Co) 
as follows: 

H (28: 1, 1, 14, 14, 8, 8, 8, 8, 8, 8; 1, 2, 6), 
Pp,( 1: 0,0, 1, 0, 0, 0, 0, 0, 0, 0; 0, 0, 0), 
Px ( 2: 0,0, 1, 2,0, 0, 0, 0, 0, 0; 1, 0, 0), 
P¢,(28: 2, 1, 14, 14, 8, 8, 8, 8, 8, 8; 1, 2, 6), 
P, (14: 0,1, 7, 7, 4, 4, 4, 4, 4, 4; 1, 1, 3), 
P,.( 4:66 8 228414141556 1, 0. 


Let G be the group of Cremona transformations generated by involutions 
I jijkmn With fixed F-curve C; and F-point D and variable F-points p,, pr, Pp; , 
Pk , Pm, Pn Chosen from the p generic points p; (¢ = 1, 2, 3, ---, ) and hence the 
variable F-point Py and F-curve K. 

If in the linear transformation giving the characteristic of the transform 8, 
of a surface s. , with characteristic (z: 2, 21, 20, Yo, 1, %2, V3, Ts, Xs, Xe) With 
respect to the involution J)23ss6, we make the substitutions: uw = z — 2%, 
us = 2 — % — Yo, tb = 82 — 8% — 4yo, t; = 2,3 then, apart from uo = %, 
Uo = 2, Ur = Hh, us = 4, it becomes the generator i346 of the linear group 
g.(6, 1, 1) of Case IX. The characteristics of the generic element G’ of the 
Cremona group G with respect to the base (n: Py , K,C2,D, p1, Po, Ps, +++ 5 Po) 
are as follows: 


H (Aa : 1, 1, 2aoo , Zaoo , Sao , Sa29 , 8az0, --- , Sapo), 
P¢,(4eo : 2, 1, Zeon , Zao , Sao , 8a, Baz, --- , Sapo), 
Py (2a: 0,1, ao, coo, tayo, 4e29 , 4030, --+ , 400), 
P,(2f :0,0, f , ff 5 one, Gre, Gai, e+, Opi) 


(¢ = 1, 2, 3,---, p), where a; = 4f, f an integer, and where Py and K are 
variable F-point and F-curve corresponding to fixed P-surfaces. 


Conclusion. We have thus exhibited a rather large aggregate of groups of 
Cremona transformations simply isomorphic to the linear groups g,(@) and 
g(r, €, €). 


UNIVERSITY OF ILLINOIs. 
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WEAKLY COMPLETE BANACH SPACES 
By H. H. GoupstIne 


Banach has shown that if every bounded sequence of elements from a separ- 
able Banach space contains a subsequence which converges weakly to some 
element of the space, the space is equivalent to the adjoint of its adjoint 
and recently the converse of this theorem has been shown to be true.’ In this 
paper we shall investigate necessary and sufficient conditions that a space be 
equivalent to the adjoint of its adjoint. We show that if the adjoint space is 
separable, such a condition is that the space be weakly complete. In fact, the 
assumption of separability can be dispensed with by redefining the notion of 
weak completeness. 

Most of the results herein contained follow from a representation theorem 
that is based upon one of Hildebrandt’s.? This result enables us to examine 
the analytic character of functionals in the adjoint of the adjoint of a Banach 
space. 


1. Definitions. Therepresentation theorems. Before proceeding to establish 
the basic theorems of this section, we shall find it convenient to fix upon certain 
notations and definitions which will be used throughout this paper. For this 
purpose we agree that 

(a) R is the set of all real numbers; 

(b) $ is an arbitrary class of elements p; 

(c) Q is a non-null subset of $; 

(d) ¥ is a linear class of functionals — on $B to R, which are bounded on Q; 
i.e., to each there corresponds a number n; such that 


| E(q) | S ne (qe Q); 


(e) the norm, || ||, of a functional ¢ in X is the least upper bound of | £(q) | for 
qin Q; 

(f) D is the class of all partitions or divisions 6 of © into a finite number of 
mutually exclusive subsets E;. In accordance with Hildebrandt’s notation 
we say that 6, = & in the event that every set E, of 6, is contained in some sub- 
set Ee of de ; 


Received October 25, 1937; presented to the American Mathematical Society, No- 
vember 27, 1937. 

1See S. Banach, Théorie des Opérations Linéaires, Warsaw, 1932, p. 189, and V. Gant- 
makher and V. Smulian, Sur les espaces linéaires dont la sphére unitaire est faiblement 
compacte, Comptes Rendus (Doklady) de l’Académie des Sciences de l’URSS, vol. 17 
(1937), pp. 91-94. 

2 On bounded linear functional operations, Transactions of the American Mathematical 
Society, vol. 36 (1934), pp. 868-875. 
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(g) if as is a real-valued function defined on D, then lim a; = a in case to 
8 


each positive number e there corresponds a 6, in D such that | aj — a| < e, 
whenever 6 2 6,. This limit is utilized by Hildebrandt and is a special case 
of the general limit of E. H. Moore and H. L. Smith.’ 

We now proceed to establish two representation theorems which are essen- 
tially due to Hildebrandt.‘ 

TuHeoreM I. Every linear and continuous functional M on &¥ to R is expres- 
sible as 


M(:) = / Edd (§ € X), 


where \ is some real-valued, additive function of bounded variation’ defined on 
the class of all subsets E of 2. The integral is either of the Hildebrandt-Stieltjes 
or of the Hildebrandt-Lebesgue type. Moreover, the bound or norm of M, || M ||, 
is the total variation of X. 

In order to prove this theorem let 9) be the class of all functionals n on $ 
to ®, that are bounded on Q, and let the norm || 7 || of 7 be the upper bound 
of | 7 | on Q. Clearly X is a linear subset of 9). Two functionals m, 72 of 9) are 
said to be equivalent when they are equal on Q;.e., for every g, m(q) = m(q). 
Then if m is equivalent to 2, the norm of m equals the norm of 2 and the 
norm of 7; — m2 is zero. Moreover, it is also clear that this relation is reflexive, 
symmetric and transitive. Consequently it divides 9) into mutually exclusive 
and exhaustive subsets [7]; hence [] consists of all m that are equivalent to 7. 
The class of all these subsets becomes a normed linear space when the following 
definitions are made: the norm of [y] is the norm of 7; a[n] is the set [ay]; and 
[m] + [ne] = [m + mm]. It is evident that these operations are well defined. 

If 6 = (E,, --- , E,) is any partition in D, q; is any point in Z£; (i = 1, 2, 

. ,n), and if n is any functional in 9), then 7; is defined to be the sum 


n 


} i n(qiee; ’ 


i=l 


where gg is the characteristic function of the subset E of Q;i.e., ge(p) is unity 
if p is in E and is zero if pis not. It is, of course, true that 3 and gg are in ¥). 
The limit as to 6 of ns exists and is equivalent to ». Moreover, the limit, lim [ns], 

é 


exists and is [n], both limits being taken in the sense of the norm. The proof of 
the first assertion is entirely analogous to the one given by Hildebrandt, and 
the second follows at once from this and the definition of the equivalence 
relation. 


3 A general form of limit, American Journal of Mathematics, vol. 44 (1922), pp. 102-121. 
* Bounded functional operations, p. 875. 

5 Tbid., p. 869. 

6 Bounded functional operations, p. 870. 
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Let N([é]) be defined as M(é). Then N is a single-valued function on the 
class of all subsets [¢], where ¢ is in X; for, if £& and & are both in [¢], then 


| M(&) — M@&) | S || M||-/|& — &|| = 0. 


Furthermore, it is linear, continuous and has its bound || N || equal to || M ||. 
Hence by Banach’s extension theorem’ there exists a linear continuous func- 
tional P on the class of all [ny], having the same bound as N and coinciding 
with N on the range of definition of N. 

Having thus extended the range of N, we define \(Z) to be P({[gg]) and pro- 
ceed in the manner of Hildebrandt.® That is to say, we can see that 


P(l&)) = :* £(q:)A(E,); 


and consequently by means of the continuity of P that 
MQ) = NC) = tim Taz = [ ea. 


This integral is of the Hildebrandt-Stieltjes type, but since — is measurable 
relative to the class of all subsets E of Q, in the sense that the set E [a < &(q) 
< b] is a subset of QO, the Hildebrandt-Lebesgue integral exists and equals the 
Stieltjes integral. 

THeorReEM II. Every linear and continuous functional M on & to R is expres- 
sible in the form 


M(é) = lim > §(p)Bs(p) (é € %), 


the function B; being different from zero for at most a finite number of places p, and 
|| M || = lim 2 | x(p) |. 
Dp 


To establish this result it suffices to modify the proof of Hildebrandt” as 
was done in the preceding theorem. 


2. Adjoint spaces. Throughout the remaining sections it will be understood 
that 

(h) $ is a normed linear space; 

(i) Q is the unit sphere [ali p such that || p || < 1] in $; 

(j) X¥ is the set of all linear continuous functionals — on $ to R; 

(k) M is the set of all linear continuous functionals M on X to R. 


7 Opérations Linéaires, p. 55. 

8 Bounded functional operations, pp. 870-872. 
® Ibid., p. 869. 

0 Tbid., p. 871. 
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THEOREM III. To every linear continuous functional M on X to R there corre- 
sponds a function ps , defined on D and having functional values in B% such that 


M(é) = lim &(p») (§€ X), 
and 
lim ‘| ps|| << +. 
Since each ¢ is linear, 


p> £(p)Bs(p) = &(2o pBs(p)) ; 


whence if ps is defined to be >> p8;(p), then 
P 


(0 pBs(p)) = E(ps). 


Moreover, it is evident from the definition of Q and from the fact that 8;(p) = 0 
if p is not in Q that 


ll ps || S 2 | Bs(q)| S || M|| 
q 


for every 6. 

Let us now turn attention to an arbitrary class % and a relation rR on && 
which is transitive and compositive.”’ We shall say that B is weakly complete 
relative to £ in the event that to every function p; on % to $ such that 


lim |pr|| <+ % and lim &(pi) (é « X) 


exists there corresponds a pp in $ with the property that 


£(po) = lim (p.) ( € X). 


If @ is the set of positive integers and R is the “greater than” relation, then the 

restriction that the upper limit of || p; || is finite is a consequence of the existence 

of the lim é(p,), for every &. However, this is not necessarily the case for 
l 


more general {r-systems. If $ is weakly complete relative to every % and R, 

then it is termed weakly complete. For separable spaces this definition is 

equivalent to the one of Banach,” as will be shown later. First we shall prove 
THeEoREM IV. Every functional M in M is uniquely expressible as 


M(&) = &(po) (& € X) 


if and only if 8 is weakly complete relative to D. Furthermore % is weakly com- 
plete relative to D if and only if it is weakly complete. 


11 R is compositive in case, for every 1; , J, in &, there is an 1; in @ such that J;r1; and 
lsrl,. (See Moore-Smith, loc. cit., p. 103.) 
12 Opérations Linéaires, p. 240. 
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If $ is weakly complete relative to D, then it follows from Theorem III 
that there exists, for every linear continuous functional M on X¥ to ®, a po in B 
with the desired property. Moreover, the existent po is clearly unique. Later 
it will be shown that the transformation M,(¢) = &(p) establishes an equivalence 
in the sense of Banach” between B and M, the adjoint of %. 

Suppose that every M in QM is expressible in the form &(p) and that p; is a 
function on % to $ such that the upper limit as to 1 of || p || is finite and the 
limit as to 1 of &(p;) exists for each in ¥. If M,(&) is defined to be &(p,), there 
is a linear functional M,() which is the limit of M,(é) for each —& Furthermore, 
this limit is continuous since 


| Mo(é) | = lim | M.(é)| $ || § | -lim || pr || - 


Therefore there must exist a po such that lim &(p;) = Mo(t) = &(po). 
l 


If one observes that f is weakly complete relative to D whenever it is weakly 
complete, then the proof of the theorem is completed. 

Coro.tuary 2.1. If X¥ is separable and $ is complete, then a necessary and 
sufficient condition that 3 be weakly complete is that it be weakly complete relative 
to the set of positive integers. 

Clearly it suffices to show that $ is weakly complete if it is weakly complete 
relative to the positive integers. For this purpose let 9 be the set of all M(é) 
which are of the form &(p). Then ¥ is a linear and total subset of M; i.e., if 
& has the property that N(é) = 0 for every N in ®, & is the zero functional. 
Furthermore }t is weakly closed. For if the sequence N,,(¢) = &(p,) of functionals 
in N converges weakly to M(é), then 


lim &(pn) = M(é) (§ ¢ X). 


But by hypothesis f is weakly complete relative to the set of positive integers. 
Hence there is a po such that 


(po) = lim t(p,.) = M(é), 


which proves that M isin 9. Therefore since X is separable, N coincides with 
m."* The desired result then follows at once from Theorem IV. 

In his treatise on linear operations Banach establishes a sufficient condition 
that a space be equivalent to the adjoint of its adjoint.” The following theorem 
is a distinct generalization of his result. 

TueoreM V. If $ is weakly complete, then it is equivalent in the sense of 
Banach to M the adjoint of %. 


13 Tbid., p. 180; i.e., there is a bi-continuous linear transformation p = T(M) between 
both spaces such that || M || = || T(M) ||. 

4 Thid., p. 126. 

15 Tbid., p. 189. 
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The theorem follows from Theorem IV and the remark on equivalence made 
in the proof of that theorem. To establish this fact, note that the transfor- 
mation effecting the isomorphism is M,(é) = &(p). Therefore | M,(é) | s 


|| p |\-|| € ||, and hence the norm of M, is not greater than the norm of p. 
But by a theorem of Banach,” there is a functional & in ¥ such that £(p) = || p || 
and || & || = 1. Hence the norm of M, equais the norm of p. 


The theorem as proved by Banach assumes that §$ is separable, complete, 
and that every bounded sequence in $ contains a subsequence which converges 
weakly to an element of $. Without assuming either the completeness or 
separability of $ it is easy to show that this latter compactness property 
always implies the weak completeness of $ relative to the set of positive integers. 


3. The converse of Theorem V. It is of considerable interest to know when 
the converse of Theorem V is true. We proceed to investigate that question 
in this section. Furthermore, we determine the analytic character of any 
equivalence between $ and the adjoint of X. 

If ¢ is a transformation of $ into M, then it is clear that ¢(p) is a function 
of ¢. For convenience we shall use the notation ¢g(p | &) to denote the func- 
tional M = ¢(p) evaluated at & = &. 

TueoreM VI. Let $ be complete and let ¢ be a transformation between $ and 
the adjoint of %, which establishes an equivalence in the sense of Banach between 
these spaces. Then there is a unique rotation” f(p) of B about O, such that 


M(é) = ¢(p | &) = f(P)] (p « B, & € X). 


Since the function &(p), as — varies over X, is in I and since the vanishing of 
¢(p | &) for every & implies that p = O,, it is clear that there exists a unique 
function p(p) such that 


(3.1) ¢lo(p) | §] = &(p) (p « B, & € %). 


Let $B) C $B be the contradomain of p, i.e., Bo = p(P). Then p is linear and 
continuous on $ to By. In fact, since ¢ establishes an equivalence between $ 
and the adjoint of ¥ and since the norm of £(p), as & varies over X, is the norm 
of p, we know that 


(3.2) l| o(p) || = Il p Il. 


Hence p has a linear continuous inverse” p* on By to $B. 

It is apparent from what has been said above that $ is a linear closed subset 
of %. Therefore it is a Banach space and is of the second category.” But 
Yo , being the contradomain of a linear continuous operator, is either of the 


8 Thid., p. 55. 
" [bid., p. 173. 
8 Thid., p. 145. 
1 Tbid., p. 14. 
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first category or is identical with $.” Therefore ®) = $, and equation (3.2) 
implies that p is a rotation of $ about O,. Hence by equation (3.1) we have 


e(p | &) = ef(p)] (& € %), 


for every p in $, where f is defined to be p'. Then since p is a rotation about 
O,, 80 is f. 

TueoreM VII. If $ is complete, a necessary and sufficient condition that % 
be equivalent to the adjoint of ¥ is that B be weakly complete. 

The sufficiency of the condition was shown in Theorem V without assuming 
the completeness of 2. The necessity will be shown to follow from Theorem VI. 
Let ¢ establish an equivalence between $ and M. Then ¢(p | &) is of the form 
t[f(p)]. Suppose that p; on D to $ is such that the upper limit with respect 
to 6 of || ps || is finite and the limit with respect to 6 of &(ps) exists for every 
tin ¥. It is apparent that there is a functional M on ¥ to ® such that 


M(t) = lim elf” *(ps) | €] (t € X). 


It follows readily that M is linear and continuous. Therefore, there is a po 
in $ such that 


(3.3) elf "(po) | §] = lim el f"(ps) |&] (€ € X). 
Put into other terms, equation (3.3) states that 
§(po) = lim &(ps). 
Hence, by Corollary 2.1, 8 is weakly complete. 
UNIVERSITY OF CHICAGO. 


20 Tbid., p. 38. 











SOME EXISTENCE THEOREMS FOR PROBLEMS IN THE 
CALCULUS OF VARIATIONS 


By E. J. McSHANE 


Introduction. In a recent paper’ I have established a theorem on semi- 
continuity of integrals of the calculus of variations under hypotheses weak 
enough to apply to the parametric and ordinary problems, as well as to several 
other problems. Here I wish to establish existence theorems of a comparable 
generality for the parametric and ordinary problems, as well as for problems 
involving higher derivatives. 

The added generality in the parametric problem is not very important. It 
consists merely of a relaxing of the continuity requirements on the integrand; 
instead of being required to have certain partial derivatives, the integrand is 
required only to be a lower semi-continuous function of its arguments. The 
chief point of interest is that the existence theorem for the parametric problem is 
obtained without added effort as a special case of one of the auxiliary theorems 
designed to handle the problem in ordinary form. 

With problems in ordinary form the situation is quite different. The existence 
theorems for such problems may be roughly classified into two types: those 
which depend on the behavior of the integrand f(z, y, y’) as|y’|—> ©, and 
those which depend on the differential properties of minimizing curves. The 
second type is not considered in this paper. In the first type, a fundamental 
theorem is the one” which applies to quasi-regular integrands for which 


(*) fayy)/\y|> 2 as|y’|> &. 


This requirement implies in particular that f fdz is “positive quasi-regular semi- 
normal’’, in Tonelli’s terminology. Clearly the requirement that (*) hold 
everywhere can be relaxed in two ways. We may suppose that (*) fails to hold 
on a set E, but f fdr remains positive quasi-regular semi-normal on E. The 
question is, how general can the set E be without disturbing the existence of the 
solution? In this paper a class of sets (progressively distributed sets) is defined, 
and it is shown that EZ may be any progressively distributed set. All previously 
known classes of sets Z are contained in this class. A different way of relaxing 


Received October 28, 1937. 

1 Semi-continuity of integrals in the calculus of variations, this Journal, vol. 2 (1936), 
p. 597. This paper will henceforth be referred to as SC. 

2M. Nagumo, Uber die gleichmassige Summierbarkeit und ihre Anwendung auf ein Varia- 
tionsproblem, Japanese Journal of Mathematics, vol. 6 (1929), pp. 173-182. 

E. J. McShane, Existence theorems for ordinary problems of the calculus of variations, 
Annali della R. Sc. Norm. Sup. di Pisa, ser. II, vol. 3 (1934), p. 298. 

L. Tonelli, Su gli integrali del calcolo delle variazioni in forma ordinaria, Annali della R. 
Se. Norm. Sup. di Pisa, ser. II, vol. 3 (1934), p. 400. 
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(*) is simply to omit it without substituting the hypothesis of semi-normality. 
The sets E on which this may be done are of two types; those lying on absolutely 
continuous curves y = ¢(x), and those whose projections on the z-axis have 
measure 0. The first type’ we shall not discuss. The second type is here shown 
to be in a sense somewhat illusory; for under the other hypotheses on f(z, y, y’) 
it is shown that it is possible to change independent variable from x to — = A(z) 
in such a way that the transform of f satisfies (*). However, it should be 
remarked that it is only because of the weak continuity requirements on our 
integrands that this transformation can be used, for the transform of f is not 
continuous. 

This last remark exemplifies the unification of theorems resulting from the 
analytical generality of the present methods. A previous example was the 
obtaining of a theorem for problems in parametric form as a by-product of our 
study of ordinary problems. A third example is contained in §10, where a 
theorem on integrals involving higher derivatives‘ is deduced without difficulty 
from the theorem on problems in ordinary form, which latter theorem is in turn 
immediately deducible from the theorem of §10. 


1. Notation and definitions. The letters y, » (with or without affixes) will 
be used to denote vectors (y', --- ,y*), (’, ---, 7°) in q-dimensional space; 
their lengths will be denoted by | y |, |n |. We shall use a modification of the 
tensor summation convention: if a Greek-letter affix is repeated, the expression 
is to be summed over the values 1, --- , g of that affix. Thus ae¢,.y% = diny, + 
«++ + a¢ny%, summed on a but not on n. 

For functions ¢(t) the symbol ¢(t) shall denote ¢’(¢) whenever ¢’(é) is defined 
and finite, and shall have the value 0 elsewhere. 

Functions shall be permitted to assume the value +, but not —«. For 
the symbol « we adopt the same (obvious) calculation rules as in SC, and the 
same (trivial) extension of the meaning of lower semi-continuity. We again 
use the letters a.c. as an abbreviation for “absolutely continuous’’, and L.s.c. for 
“lower semi-continuous”. The integrals used will be Lebesgue integrals, with 
the same minor modification as in SC. 


2. The principal objects of study in this paper will be integrals 
Ty) =f fe, v9) de 


in which the integrands f(z, y, y) = f(z, y',---, y*, y', ---, 9") satisfy the 
following conditions: 
(2.1a) f(z, y, y) is defined and finite for all (x, y) in a closed set A and all (finite) » 
and is l.s.c. as a function of its 2q + 1 arguments; 
(2.1b) f(x, y, 0) is bounded on A; 
(2.1¢) for each (x, y) € A the function f(z, y, ¥) is a convex function of y. 

3 Tonelli, loc. cit., p. 428. 


‘This theorem generalizes the theorem obtained by Cinquini, Sopra l’esistenza della 
soluzione, etc., Annali della R. Sc. Norm. Sup. di Pisa, ser. II, vol. 5 (1936), pp. 169-190. 








134 E. J. MCSHANE 


As is well known, if f has partial derivatives with respect to the 9‘, (2.1c) is 
satisfied if and only if 


E(x, yo, Yo, ¥) = S (x0, yo, y) — f(x0 , Yo, Yo) sa (y* me Yo) fia(Xo , Yo , Yo) = 0 


for all (zo , yo) € A and all % and y. 
From f(z, y, y) we form the associated parametric integrand g(z, y, z, 9), 
defined by the equations: 
(2.2) g(x, y, t, y) = £f(z, y, y/t) if (x, y)eA andz > 0, 
. g(x, y, 0, 9) = lim g(x,y, & 9) if (zy) eA. 
t—-0 


If f(z, y, y) satisfies conditions (2.1), then g(x, y, ¥) satisfies the following 
conditions :° 


(2.3a) g is defined (finite or + ~) for (x, y) « A, & = 0, all y, and is finite for z > 0; 
(2.3b) g is l.s.c. as a function of all its arguments; 
(2.3c) for each (xo , yo) € A, each (Xo , Yo) with % = Oand each u < g(x, Yo, Zo, Ho), 
there is a linear function az + b.¥y* such that 

(i) av + bays > u and (ii) g(a, yo, 2, ¥) 2 at + bay” 
for all (z, y) with ¢ = 0; 
(2.3d) g(x, y, tz, ty) = tg(x, y, z, y) if (xz, y)e A andt 20. 


It follows’ that if C: z = x(t), y = y(t), (a S t S b) is an a.c. representation of a 
rectifiable curve lying in A, the integral 


Jc) = [ (x(t), y(t), #(0), gO) at 


is defined and is independent of the particular (a.c.) representation of C. In 
particular, if C happens to have an a.c. representation of the form y = y(z) 
(a S x S b), we may use this representation to evaluate J[C]; then, recalling 
(2.2), we see that 


ei a [ f(a, y(2), y(2)) de = JIC. 


An important class of integrands f consists of those which, in addition to (2.1), 
satisfy (for some or all points (z, y) ¢ A) the following condition: 
(2.4) the graph of f(x, y, y), as a function of y, has a plane of support which touches 
it at only a single point;' that is, there is a linear function a + bay* and a particular 
Yo such that 


Say, y)-a-—bey" >O0 fy¥ wh, 
I(x, ¥, Yo) — a — bayo = 0. 


5 The proof of this statement is contained in SC, p. 613. 
* SC, Theorem 2.1." Here g satisfies conditions (2.2) of SC. 
7 In the theory of convex bodies such a point is called an extreme point. 


(2.5) 
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In case f has partial derivatives with respect to the y', the plane of support at go 
is the same as the tangent plane at # , which is the graph of the linear function 


a+ bay* = f(z, y, yo) + (Y* — W) fia(z, Y, Yo); 
so, if we recall the definition of the E-function, condition (2.3) requires 
E(z, y, j,y) > 0 if y ~ wo. 


(The other condition, E(x, y, yo , yo) = 0, is always satisfied.) The integrals for 
which f satisfies (2.4) for every (z, y) «A have been called “positive quasi- 
regular semi-normal”’. 

We now wish to prove 

Lemma 1. [f f(z, y, y) satisfies (2.4), then g(x, y, z, y) satisfies the following: 


(2.6) there is a linear function cz + day* such that for all (z, y) # (0, 0) having 
% = O the inequality 


g(z, Y; Z, y) — ci — day* > 0 
holds. 

With the a and b; of (2.5) we define c = a — 1, d; = b;. Suppose now 
g(x, y, z, y) — cz — day* S 0 for some (z, ¥); we shall show that (z, 7) = (0, 0). 
If we use (2.2) and (2.3), 

g(z, Y; 1, Yo) =e + baw; 
g(x, y, #, 9) S at — & + bay”. 
Since g is convex in (2, 9), 
g(x, y; 3(1 + z), (Yo + y)) - ga(1 + z) aia ha + $b.(y* + yo). 


Dividing both members by 3(1 + 2) and recalling that g is homogenous, we see 
that 


f(z, y, Yo + y)/(1 + £)) = g(a, y, 1, Go + 9)/(1 + 4)) 
Sa — #/(1 + &) + daly + gF)/(1 + &) 
Now this, together with (2.5), implies that z#/(1 + #) S 0, whence ¢ = 0- 
Making the substitution, we get 
f(z, y, + ¥) Sat bAly* + wo), 


which by (2.5) is possible only if y = 0. This establishes the lemma. 

Condition (2.5) attains usefulness through 

Lemma 2. If g(x, y, %, ¥) is l.s.c. and satisfies condition (2.6) at a point (x0, yo) 
of A, then there is a positive constant k and a neighborhood U of (x0 , yo) such that 


g(2,y, 4,9) 2k + yy +ct+day* if % = 0 and (2, y) € AU. 


Suppose this false; we can then find a sequence (z, , y,) of points of A tending 
to (zo , yo) and a sequence (z, , y,) such that 


(In, Yny tn» Un) < [#2 + or ys}'/n + ct, + day?. 
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This implies at once that (z, , y.) # (0,0). As both members are positively 
homogeneous of degree 1 in (#, y), we may as well suppose that the expression 
in square brackets on the right has the value 1. From the (%,, y,) we can 
select a subsequence (%m, Ym) converging to a limit (Z%, go); this limit will 
satisfy + yo yo = 1. Now, since g is Ls.c., 


g(xo, Yo, Zo, Yo) S lim inf glam, Ym, Lm, Ym) S CLo + daYo. 


This violates condition (2.6), and so Lemma 2 is established. 


3. In the paper cited in footnote 1, some theorems on semi-continuity were 
established and utilized, together with the simplest convergence theorem, to 
obtain general existence theorems. This simplest convergence theorem applies 
only to integrals for which g(z, y, z, y) > 0 if (#, y) # (0,0). In this section 
we shall establish a more general convergence theorem, of the type already 
studied by Hahn* and Tonelli.’ 

Lemma 3. If 

(a) A is a bounded closed set; 

(b) J[C] satisfies conditions (2.3) and (2.6) for all (x, y) € A; 

(c) for each constant xo , there is a number yu(x9) such that all the curves 


C:r=a, y =y'(, (a<t<b) 


in A for which J(C] S 0 have lengths S u(x); 
then for every positive number M all’® curves C in A such that J[C] < M have 
lengths less than a number N depending only on M. 

In the course of the proof of this lemma we shall consider curves C with 
various affixes. For such curves the defining functions, etc., will have 
corresponding affixes; thus, if C’, be a curve, we understand that it is defined by 
functions z = r),(s), y = y,(s), (0 S s S L’,), where L}, isthe length of C). Also, 
we shall have occasion to select from among a finite number of ares of a curve 
one which satisfies a certain criterion; if several of the ares satisfy the criterion, 
we shall always choose the one on which s is smallest. Finally, given a curve 


8 


C,, we define J,(s) to be the integral [ g(tn, Yn, dn, Yn as (0 S 8 S L,). 
0 


Suppose now that the lemma is false. We can then find an M and a sequence 
{C,} (with z,(s) 2 0) such that 


(3.1) J(C,] = M, 
and 
(3.2) lim L, = ©. 


8H. Hahn, Uber ein Existenztheorem der Variationsrechnung, Sitzungber. d. Akad. d. 
Wiss. Wien, Mathem.-Naturwiss. K]., Abt. II-a, vol. 134 (1925), pp. 437-447. 

*L. Tonelli, Sull’esistenza del minimo in problemi di calcolo delle variazioni, Annali 
della R. Se. Norm. Sup. di Pisa, ser. II, vol. 1 (1932), pp. 89-99. 

1 We continue to.assume z 2 0. 
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We shall first show that the sequence {C,,} can be taken so as to have the follow- 
ing properties: 

(a) lim inf J,(s) S Ofor alls = 0, 

(8) lim L, = ~, 

(y) the sequences {z,(0)} and {z,(Z,)} converge to a common limit &. 

In order to prove this we find it convenient to consider two cases. 

Case I. The oscillations Ose J,(s) are unbounded. Let J,(s) assume its 
maximum at s,,. and its minimum at s,,. Either J,(s,.2) is unbounded above, 
in which case we may assume lim J,(8,2) = ©; or else J,(8,,:) is unbounded 
below, in which case we may assume lim J,(8.1) = —*. In the former case we 
select the are corresponding to 8,2 < s < L, and rename it C*; in the latter 
case we denote by s,,o the greatest s in the interval [0, s,,] for which J,(s) = 0, 
and choose C* to be the are corresponding to 8,0 S 8 S 8:,. In either case we 
have 


(3.3) lim J[Ct] = —«. 
We may assume that J[C*] < —n’; if this is not the case, we have only to 
choose a subsequence of {C%}, as is shown by (3.3). For k = 0,1, 2, --- ,n we 


define s; to be the greatest s for which J*(s) = kn‘J[C%]. The curve C% is thus 
cut into n ares. If d be the diameter of the set A, for at least one such arc the 
projection on the z-axis is S d/n; we choose one such arc and call it C,. Then 
by the definition of the s, we have 


(3.4) Jn(s) = Jn(se + 8) — J2(s) <0 (0<s <TL,), 


[oe = = Yn) ds = J{C,] = * JC? = —n. 


The set of all arguments (z, y, , ¥) with (z, y) «A, = 0, # + y*y* = Lis 
bounded and closed, and on it g is l.s.c.; hence on this set g attains its lower 
bound —é. From (3.4) it is obvious that —é < 0, and 


Le 
—éL, = -[ 6-ds < J(C,] s —n, 

0 
so that 
(3.5) L, = n/6, 
and 

L,— ©. 

From the curves C, we select a subsequence C, for which the numbers ,(0) 

approach a limit £ But the projection of C,, on the z-axis is at most d/n, so 
that #,(0) S #(L,) S %,(0) + d/n. This implies that lim 2,(Z,) = &, and 


conditions (a), (8), (y) are all satisfied. 
Case II. The oscillations Ose J,(s) are bounded. Suppose that Ose J,(s) S 
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K. We assume, as we may, that L, = n’, and we cut C, into n ares each of 
length L,,/n. At least one such are has a projection on the z-axis which is 
< d/n, where d is the diameter of A. We choose such an are and call it C* . 
Clearly L* = n’ and Ose J*(s) < K. If we choose a subsequence (which we 
again call C*) such that the numbers x*(0) converge to a limit £, then from the 
inequality r*(0) < x*(L*) < x%(0) + d/nwe see that lim a*(L*) = & Hence 
(y) is satisfied. 

If for infinitely many curves C* we have J*(s) < 0 (0 < s S L*), we select 
these curves as the C,, , and (a), (8), (y) are satisfied. If not, we have for almost 
all n the inequality 


m, = max J3(s) > 0. 


For k = 0, 1, --- , we define s;, to be the least s for which J*(s) = m,k/n. 
The curve C* is thus divided into n ares. At least one has length => L*/n = n; 
we choose one such are and call it C,,. Since the C,, are ares of the C* , condition 
(y) remains satisfied; and since L, 2 n, (8) is also satisfied. By the definition 
of the s, we have (for a certain k) 


J,(s) = J*(s. +8) — J*(s:) <= m,(k + 1)/n — m,k/n S K/n(0 S 8s S L,); 


and thus (a) also holds. So in this case also conditions (a), (8) and (y) are 
satisfied. 

Letting h be a positive integer, we consider the functions z = 2,(s), y = 
yn(s), (0 S s S h), which are defined on this interval for almost all n. Since 
these functions are uniformly bounded and satisfy a Lipschitz condition of 
constant 1, we can select a subsequence {C,,,} for which 2,,,(s) and yn,,(s) 
converge to limit functions xo(s), yo(s), respectively, uniformly for 0 < s S h. 
If we thus select {C,1}, and from it select {C,.2}, and so forth, we can by the 
diagonal process select a subsequence {C,,} such that on every finite interval 
0 S s S & the functions z,,(s), ym(s) converge uniformly to limit functions 
ro(s), yo(s). Because of (y), 2o(s) = & Because of the lower semi-continuity” 
of J[C], it follows from (a) that Jo(s) S 0 for every s. Hence by hypothesis (c) 
the curve x = 2x(s), y = yo(s), (O S s S so) has length < u(t), whatever s 
may be. This can only be true if xo(s), yo(s) approach unique limits z*, y* as 
s—> 0. (Clearly z* = £.) 

By Lemmas 1 and 2, hypothesis (b) implies that there exists a neighborhood 
U of (x*, y*) (which we shall take to be a spherical neighborhood having radius 
2p and center at (x*, y*)) and numbers k > 0, a, b’, --- , b® such that 


g(z, y, &, y) — at — b*y* Pa k 
for all points (x, y) of AU and all unit vectors (z, y) with ¢ 20. Let N be 


chosen large enough so that (xo(s), yo(s)) has distance less than p from (2* , y*) 
when s 2 N, and let h be any positive number. Then for all sufficiently large n 


1 SC, Theorem 3.1. 





e 
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the are x = 2,(s), y = yn(s), (N S$ s S| N +h) liesin U. Since (z,, 9,) isa 
unit vector for almost all s, and z, 2 0, this implies 


Nt+h 
[ g(Xn, Yn, en, Yndds => kh + alz,(N +h) — z,(N)] + B'[yS(N + h) — yX(N)] 
> kh — 4p(\a| + |b'| + --- + | 0*)). 


Using again the semi-continuity of J[C], we find that for all sufficiently large n 
we have 


" 
[ (In, Yny En Yn) ds = JAN) — 1. 
0 
Adding the last two inequalities, we get 
Jn(N +h) = kh + Jo(N) — 1 — 4p(ja| + b'| + --- + | b*)). 


If we choose and fix a sufficiently large value of h, the right side exceeds 1. 
But this contradicts (a), and so the lemma is established. 


4. We are now able to establish an existence theorem for the associated 
parametric problem f gds = min. 

THEoREM 1. If 

(a) A is bounded and closed, and g(x, y, #, y) satisfies conditions (2.3) on A; 

(b) g satisfies condition (2.6) for each (x, y) € A; 

(c) for each fixed xo, all the rectifiable curves C: x = x, y = y(s) with J[C] = 0 
have uniformly bounded lengths; 

(d) K is a complete class of rectifiable curves lying in A and having #(s) = 0; 
then in the class K there is a minimizing curve for J(C]. 

If J[C] = © for every curve of K, then any curve of K gives J[C] its least 
value, ©. Otherwise J[C] assumes a finite value M — 1. Choose now a 
sequence {C,} of curves of K such that J[C,] tends to the lower bound m of 
J(C] on K. ‘We may assume J[C,] < M for alln. By Lemma 3, the curves C, 
have uniformly bounded lengths. Therefore it is possible to select a subsequence 
{C,,} of the C, such that C,, tends to a rectifiable limit curve Co. Since K is 
complete, Cy is in K, and so J[C)] = m. But on the other hand the curves 
Co, Cn,, Cn,, +++ are of uniformly bounded lengths, so J[C] is L.s.c. on this 
class,” and J[Co] S lim inf J[C,,] = m. Therefore J[C)] = m, and this com- 
pletes the proof. 

From this theorem we obtain as a corollary an existence theorem for integrals 
in parametric form. An integrand g(y, #) in parametric form may be regarded 
as an integrand g(z, y, <, ¥) which happens to be independent of z and ¢. If 
g(y, y) is defined for y ¢ B and all y, then we may regard it as a function g(z, y, 
z, y) defined for all z, ally ¢« B, all 20, all y. Suppose that g(y, #) satisfies 
the condition 


*2 SC, Theorem 3.1. 
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(4.1) for each y « B, each yj and each u < gy, jo) there is a linear function cay* 
such that 


(i) Cals > U 

and 

(ii) gy, J) 2 cay" 

for all y. 

Then clearly condition (2.3c) is satisfied if we take a = 0, b; = c;. In 


particular, condition (4.1) (and therefore (2.3c)) holds if g(y, y) is convex in y 
for each ye B. Furthermore, if 
(4.2) for each y € B there is a linear function cay" such that 


gy, 9) —cay" > 0 ifl\y) >, 


then condition (2.6) holds; we have only to take dj; = c;, ¢ = —1 in (2.6). 
We may therefore state 

THEOREM 2. If 

(a) g(y, y) ts defined (finite or + «<) and L.s.c. for all y in a bounded closed set B 
and all y, and is positively homogeneous of degree 1 in y; 

(b) g satisfies conditions (4.1) and (4.2); 

(c) the rectifiable curves C: y = y(s) in B for which J[C] < 0 have uniformly 
bounded lengths; 

(d) K is a complete class of rectifiable curves lying in B; 
then in the class K there is a minimizing curve for J[C]. 

In (zx, y)-space we consider the set A of points (x, y) such that x = 0 and 
y ¢« B; this is bounded and closed. We set g(x, y, , y) = g(y, y) for (2, y) € A, 
and let K be the class of curves C: x = 0, y = y(s) with y(s) in K. Then by 
Theorem 1 there is a minimizing curve x = 0, y = yo(s) for f g(x, y, 4, y) ds in the 
class K. It follows at once that y = yo(s) minimizes J[C] in K. 


5. The remainder of this paper will be primarily concerned with existence 
theorems for integrals in ordinary form. For the study of these integrals it is 
convenient to utilize a property of point sets which we shall call “progressive 
distribution”. 

Roughly speaking, we may say that a set E of points (2, y) has this property 

if a rectifiable curve x = 2x(s), y = y(s) with x’(s) = 0 cannot stay in the set E 
without obliging the tangent vector (z’, y’) to have a positive component 2’ 
along the z-axis. More precisely: 
(5.1) A set E in (2, y',---, y")-space is progressively distributed if for every 
absolutely continuous representation of every rectifiable curve x = x(t), y = y(t), 
(a <t<b), z(t) = O the conditions (x(t), y(t)) in E, z(t) = 0, g(t) ¥ 0 are not 
simultaneously satisfied except at most on a set of t of measure 0. 

If we introduce the notation (to be retained throughout this section) 7's 
for the set of t such that (x(t), y(t)) « BE, To for the set of t such that z(t) = 0, 
and T., for the set of ¢ such that | g(#) | > 0, condition (5.1) assumes the form 


m(ToT,T:) = 0. 
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An equivalent statement is that 
(5.2) a set E is progressively distributed if, whenever x = x(s), y = y(s) is a recti- 
fiable curve (s being arc length) with z(s) = 0, the conditions z(s) = 0 and (x(s), 
y(s)) « E cannot hold simultaneously except on a set of measure 0. 

With symbols analogous to those introduced just above, condition (5.2) can 
be written 


m(SoSe) = 0. 


It is clear that (5.1) implies (5.2). For suppose (5.1) holds; we must show 
m(SoSz) = 0. Write 


SoSe = SoSeSs oo SoSeCS. e 


The first set on the right has measure 0 by (5.1). The second set is contained 
in the set SpCS, on which #(s) = 0 and | 9(s) | = 0. This set has measure 0, 
so SoSz has measure 0. 

Conversely, let the set E satisfy (5.2). Let x = x(s), y = y(s), (0 S s S L) 
be a rectifiable curve with are length as parameter and such that #(s) 0, 
and let x = &(t), y = n(t), (@ S t S b) be another a.c. representation of the 
same curve. Define N, to be the set of s such that 2’(s) or y’(s) is undefined, 
and define N;, to be the set of ¢ for which one or more of the derivatives s’(t), 
’(t), n’(t) is undefined. Since ali these functions are a.c., mN, = mN, = 0. 

From the inequality 


| n‘(t) — n'(4) | S | s(h) — s(t) | 


we see at once that ’(t) = 0 whenever s’(t) = 0. If te TeToT, — Ni, then 
n’(t) is defined and # 0, so s‘(t) ¥ 0: 


s 
z 


(5.3) s(t) od 0 for te TeToTs - N; . 
We next show 
(5.4) s(t)e SoSe +N, forte TeT Ts — Ni. 


If ¢ is in the last-mentioned set, either x’(s(t)) and y’(s(t)) are both defined or 
else they are not. In the latter case s(t) « N, by definition of N,. In the former 
case, ¢’(t) = 2x’(s(t)) s(t). But &’(t) = 0 because te Ty) , whereas s’(t) # 0 by 
(5.3). Hence x’(s(t)) = 0, and s(t) «So. That s(t) e« Sz is immediate, because 
(x(s(t)), y(s())) = (&(@, n(t)) « £. So in this case s(t) e SoS,, and (5.4) is 
established. 

Now S)Szg has measure 0 by condition (5.2), while we already know N, has 
measure 0. So by (5.4), the a.c. function s(t) maps 7,7 T, — N; on a set of 
measure 0, and therefore’ s(t) = 0 almost everywhere in T)7,7, — N;. This, 
with (5.3), implies that the last-named set has measure 0. But N; has measure 
0, so 

m(ToT eT.) = 0, 
and condition (5.1) is satisfied. 


138 Carathéodory, Vorlesungen tiber Reelle Funktionen, p. 560, Theorem 2. 
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We shall now investigate some of the properties of progressively distributed 
sets. 

Lemma 4. If E is progressively distributed, so is every subset E* of E. 

The proof is obvious. 

Lemma 5. If E,, E2, --- is a finite or denumerable collection of progressively 
distributed sets, the set E = >. E, is progressively distributed. 

With the above notation we have 


Te=D0Te,, ToT+Ts = DL MTsTs,, 


and each set in the sum on the right has measure 0. 
Lemma 6. [If the set E is such that its projections on the spaces (x, y', --- , y') 
and (x, y**', --- , y*) are progressively distributed, then E is progressively distributed. 
Let the projections mentioned be E’, E’’, respectively. With the usual 
notation, the set 7’, is the sum of the sets T. on which (y’, --- , 9‘) ¥ (0, --- , 0) 
and the set T. on which (y**", --- , g2) ¥ (0, --- ,0). Theset 7, is the product 
of the sets T;, on which (z, y'(z), --- , y*(z)) € E’, and Tz, on which 


(x, y“"(z), --- , y*(z)) € BE”. 
By hypothesis, 
m(ToT eT +) = m(ToTeTs) = 0. 
Hence the set 
7.7. @ TAT ATs + TOC Tels + TTT 


has measure 0, and E is progressively distributed. 
By induction we obtain the corollary 
Lemma 7. If there is a partition of the y' into sets (y', --- , y"), (y 


h+1 


--,(y, «++, y*) such that the projection of E on each of the spaces 


a+l 


ree WD; 


(x, y’, i »¥’); ala “sz. eet: ,y*) 
is progressively distributed, then E is progressively distributed. 

Lemma 8. If E, is progressively distributed and E is the set of all points (x, y) 
such that (x, y + $(r)) € E, , where ¢'(x), --- , o"(x) are a.c. functions, then E is 
progressively distributed. 

Let x = z(t), y = y(t), (@ S t S BD) be an ace. curve with ¢ 2 0, and let 
y(t) = y(t) + o(x(t)). Since (z(t) is a.c.,"* the functions z = z(t), y = y:(2), 
(a < t S b) also are an a.c. representation of a curve with 20. In accordance 
with our usual notation, we let 7 be the set of all ¢ such that (z(¢), y(t) € E, 
and let 7’, be the set of all ¢ such that (x(t), y:(t)) € £:. By the definition of y:, 
these sets are identical. Also, we let T. , Ti be respectively the sets of ¢ such 
that | 9(t) | ~ 0, | w(t) | 4 0. By hypothesis, m(T)T.T:,) = 0; we must show 
m(ToT,Tz) = 0. Since z(#) is a.c. and ¢ = 0 on Ty, the set Ty) is mapped by 


1 Carathéodory, op. cit., p. 556, Theorem 12. 
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x = x(t) on a set of x of measure 0." Since ¢'(z) is a.c., this last set is in turn 
mapped by y' = ¢'(z) on a set Y* of measure 0. That is, y* = ¢'(x(#)) is an a.c. 
function which maps T> on a set Y* of measure 0. Therefore,”® for almost all 
te Ty), we have d¢'/dt = 0, so that g(t) = y(t) — do(x(t))/dt = y(t) for almost 
allte 7). Thus the sets ToT, and T)7'} differ only by a set of measure 0, and so 


m(ToT,Ts) = m(ToTTr,) = 0. 


Lema 9. If E, is progressively distributed and §(x) is monotonic increasing 
and a.c. on an interval (x; , x2), then the set E of all points (x, y) witha, S tr S 
and (£(x), y) ¢ E; is progressively distributed. 

Let x = x(t), y = y(t) be an a.c. curve with ¢ = 0; then z = 2,(t) = é(x(t)), 
y = y(t) is also an a.c. curve with 4, 20. The set Tz on which (2x(¢), y(t)) « Zis 
the same as the set 7, on which (z,(¢), y(t)) «E,. The set 7, is the same for 
both curves. If we can show that the set 7} , on which z,; = 0, and the set To, 
on which ¢ = 0, are such that m(7) — T}) = 0, the proof will then be complete, 
for then we will have 


m(ToT 47) < m{(To — T})T.Ts] + m(TIT.Ts) = 0. 


Let N, be the set of x such that &’(x) is undefined; this set has measure 0, 
since £(x) is a.c. For the same reason, its image N; , consisting of all numbers 
t(x) with z e N,, has measure 0. We now split 7) into the subset T’ on which 
z(t) e Nz, and the subset T’’, on which z(#) is not in N,, and £’(z(t)) is therefore 
defined. The a.c. function x,(f) = &(z(t)) maps T’ on a subset of N; , which 
has measure 0; so” we have #,(t) = 0 almost everywhere in 7’. On almost all of 
T” we have 2,(t) = £’(x(t))z(t) = 0. Hence 24,(t) = 0 almost everywhere 
in Ty ; that is, 7) — T} is a set of measure 0, and the proof is complete. 

Lema 10. Inthe plane, if the projection P of the set E on the y-axis has measure 
0, the set E is progressively distributed. 

If te Te, then y(t) ¢P. This implies” y(t) = 0 almost everywhere in 7; ; 
that is, m(7,7Ts) = 0, and E is progressively distributed. 

By Lemmas 5 to 10 we see, for example, that a set E is progressively distributed 
if it lies on a family of curves y* = ¢4,(z) + a’, where the ¢',(z) belong to a denu- 
merable family of a.c. functions and the numbers a’ belong to a set of measure 0. 

The application of the notion of progressively distributed sets to our variations 
problems will be through 

Lema 11. If g(z, y, %, y) satisfies conditions (2.3) on A, and there is a pro- 
gressively distributed set E such that g(x, y, 0, y) = ~ forall (x, y)« A — E and 
all y # 0, then for every a.c. curve C: x = x(s), y = y(s), (0 S s S L) such that 
J[C] < « we have z(s) > 0 almost everywhere. 

Since J[C] < «, the function g(z, y, z, y) is summable, hence almost every- 
where finite. Split (0, L) into the set Sz, on which (z(s), y(s)) « Z, and the 


18 Hobson, Theory of Functions cf a Real Variable, vol. 1, pp. 606 and 342. 
16 Carathéodory, loc. cit. (footnote 13). 
17 Carathéodory, loc. cit. (footnote 13). 
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remaining set CS,. Almost everywhere in Sg we have i(s) > 0, since E is 
progressively distributed. Almost everywhere in CS, we have g(z, y, #, y) < ~, 
hence ¢ > 0. This completes the proof. 

Let us agree that a function y(x), defined and single-valued on a degenerate 
interval consisting of a single point, will be called a.c. Then Lemma 11 implies 
at once 

Lemma 12. Under the hypotheses of Lemma 11, if C is a rectifiable curve such 
that J(C|] < ~, then C has an a.c. representation y = y(x) (a Sx Sb). 

Let x = x(s), y = §(s), (O S s S L) be the representation of C with arc length 
as parameter. If L = 0, C consists of a single point, which can be given the a.c. 
representation y = y(x) = g(0), x = 2x(0). Otherwise, L > 0. Then, by 
Lemma 11, #(s) > 0 for almost all s, so” x(s) has an a.c. inverse s(x). Changing 
parameter to x, we find that C has the representation zx = z, y = y(x) = 9(s(z)), 
(x(0) S x S x(L)) and y(z) is a.c.” 

Another corollary is 

Lemma 13. Under the hypotheses of Lemma 11, hypothesis (c) of Lemma 3 is 
fulfilled. 

Let z = x(s) = %,y = y(s), (O S s S L) beacurve with J[C] < 0. Then 
z(s) = 0, while by Lemma 11 #(s) > 0 for almost all sin [0, Z]. This is possible 
only if L = 0, so in hypothesis (c) of Lemma 3 we can take u(x) = 0. 


6. We now take up the proof of our first existence theorem for problems in 
ordinary form. 

THEOREM 3. If 

(a) A is a bounded closed set of points; 

(b) K, is a complete class of a.c. functions lying in A; 

(ce) f(x, y, y) satisfies conditions (2.1) and (2.4) on A; 

(d) the equation” 


holds for all y # (0, --- ,0) and all (x, y) in A — E, where E is a progressively 
distributed set; 
then there exists a function y = yo(x) in the class K, for which I{y| assumes its 
least value on K, . 

If I[y] = @ for all curves y of K, then any curve y% of K, gives I[y] its least 


18 Carathéodory, loc. cit. (footnote 13), p. 584, Satz 3. 

19 Carathéodory, loc. cit. (footnote 14). 

20 Tt is worth noticing that the associated parametric integrand g(z, y, z, y) necessarily 
satisfies condition (2.6) at each (z, y) « A at which (6.1) (or the equivalent statement (6.3)) 
holds. For let S, be the set of (z, y) for which z* + yy = 1 and g(z, y, z, y) + nz S 0. 
Each S, is bounded and closed, and S; DS: >S;D---. No point (z, y) with z > 0 belongs 
to any S, with n > —g(z, y, 2, y)/z # + , and no point (0, ¥) belongs to any S, , since 
g(z, y, 0, y) = © by (6.3). So ILS, is empty, and therefore there is an n for which S,, is 
empty. For this n we have g + nz > 0 if z* + yy* = 1, and by homogeneity g + nz > 0 
if (z, y) # (0, 0). 
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value, ©. Otherwise, for some y of K, the integral J[y] assumes a finite value 
M — 1. Choose now a sequence y,, y2,--- of functions of K, for which 
I{y,] tends to the lower bound m of I[y] on Kz. We may assume I[y,] < M 
for alln. That is, using the associated parametric integrand and denoting the 
curve y = y,(x) by C, , we have 


(6.2) J[(C,] < M, J(C,] — m. 
In terms of the associated parametric integrand, (6.1) becomes 
(6.3) g(z,y,0,y) = © for (z,y)eA — E,|y| #0. 


Therefore the hypotheses of Lemma 11 are satisfied, and by Lemma 13 hypothe- 
sis (c) of Lemma 3 is verified. Moreover, from Lemma 1 we learn that g 
satisfies condition (2.6) for all (z, y) « At. So by Lemma 3 the curves C, have 
uniformly bounded lengths. Therefore, by Hilbert’s theorem, they possess a 
curve of accumulation C: x = 2s), y = 9(s), and a subsequence of the C, 
(we may suppose it is the whole sequence) tends to €. By the semi-continuity” 
of J[C] it follows that J[C] < lim inf J[C,] = m. But by Lemma 12 this 
implies that C has an a.c. representation y = yo(x). Since y = yo(zx) is an a.c. 
limit function of a sequence {y,} of functions of K, , and K, is complete, y = yo(z) 
is itself in K, , and I[yo] =m. Therefore, 


Tyo] = J{C] =m, 


and the theorem is proved. 


7. So far we have assumed that (except on a progressively distributed set) 
the relation g(z, y, 0, y) = © holds for|y|+# 0. We now show that our 
conclusions hold if by a change of independent variable we can arrive at this 
property for the transform of g. Let us say that 


(7.1) f(z, y, y) (or g(z, y, %, ¥)) 


satisfies the x-transform condition on A with the exception of E if there is 

(7.1a) a function v(x) defined on [a, b] (where a and b are such that the set A lies 
between x = aand x = b), positive, l.s.c. and summable; 

(7.1b) a set N whose projection on the x-axis has measure 0, such that if 


(Ln, Yny En Yn) — (Zo, Yo, Xo, Yo) 


and 
(zn, yn) € A — N, (to, y) «A — E, | yo | ¥ 0, 
then 
lim g(a, Yn, En/v(n), Yn) = &. 
Then 


21SC, Theorem 5.1. 
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THEOREM 4. If 

(a) A is a bounded closed set, and f(x, y, y) satisfies condition (2.1) on A; 

(b) f(x, y, y) satisfies the x-transform condition on A with the exception of a 
progressively distributed set E; 

(c) f(x, y, y) satisfies condition (2.4) on E; 

(d) K, is a complete class of a.c. curves lying in A; 
then in the class K, there is a minimizing curve for I[y]. 

Since the projection of N has measure 0, there is a summable function ¢(z), 
l.s.c. on [a, b], such that ¢(z) > 0 on [a, b] and 


(7.2) 8 =e 
on the projection of N. (De la Vallée Poussin’s “‘majorante’’ for the function 
«© on the projection of N and 0 elsewhere will serve for ¢(x).) Since v + ¢ 
is summable, it is easy to show that there is a positive-valued monotonic in- 
creasing continuous function u(z) defined for 0 S z such that 

lim u(z)/z = 


z:—72 


and 
(7.3) Mz) = u(v(xz) + (2)) 


is summable on [a, b]. Since wu is monotone and continuous, we see that A(z) 
is l.s.c. We define 


us) = [ “Maes, 


and make the transformation § = A(x). This is a.c. on [a, b], and since \ > 0 
it has an a.c. inverse x = A~*(£) (O S —& S A(b)). Under this transformation A 
goes over into the set Aj, consisting of those points (é, y) such that (A~’(£), y) «A; 
likewise E goes into a set EZ, which is progressively distributed, by Lemma 9, 
and N goes into a set N; whose projection on the £-axis has measure 0. 

From (c) and (a) it follows that there is a number c > 0 such that g;(z, y, 2, y) 
= g(x, y, ¢, y) — cz is monotonic decreasing” in ¢. We now define a function 
9(é, y, &, y) as follows: On the set H, consisting of all (£, y, &, y) with (&, y) «Ai — Mi 
and ~ = O and all (&, y, é, y) with (£, y) « A; and y = 0, we set 


(7.4) 9(é, y, &, 9) = g(a, y, E/Mz), y) — c&/A(z), 


wherein z = A-'(). On the set K consisting of all (&, y, &, y) with (&, y) «Ai; 
and | y | + 0 we set 


(7.5) 9(é, y, & 9) = . 


The function thus defined is l.s.c. Suppose (£0 , yo, &, jo) € H + K and that 
(En, Yn En, Yn) €H + K and tends to (f, yo, &, Jo). In calculating lim inf 


2 Cf. SC, p. 613. . 
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G(En, Yn, En, Yn) We may disregard all n such that (&:, yn, x, Yn) €K, for 
= for all such arguments. So we assume (f:, yn, én, Jn) €H. Define 
x; = A'(&;) (¢ = 0,1, 2, --- ). We consider two cases. 

Case 1. (ft, yo, &, Yo) eK. Then (&, yo) € Ni, and v(x) + (x) = 
Hence lim (»(z,) + ¢(2,)) = ©, and 


(7.6) 0 S lim v(z,)/A(2n) S lim (»(2,) + O(2,))/Man) = 0. 

Therefore, ~,»(z,)/(2n) — 0, and by hypothesis (c) 

lim G(fn, Yn, én, Yn) = lim {g(tn, Yn; [Env(2n)/M2n)]/v(2n), Yn) — cé,/2n)} 
=o-—Q= 9(f , Yo; fo, Yo). 


Case2. (&, 40, ,%) €H. We first select a subsequence {p} of the integers 
n such that 


(7.7) lim 9(&>, Yo, & » Y») = lim inf 9(&,, yn, E, » Un), 
and then we select a subsequence {r} of the p’s such that 


lim \(z,-) = lim inf X(z,). 


1] 


Since g — cz is l.s.c. and is monotonic decreasing in Z, and \(z) is L.s.c., 
lim 9(f>, Yo» E>, Yo) = lim GCE, Yr, Ey Yr) 
= lim [9(z- , yr, &/M ae), Yr) — c&/d(2r)] 
= g(xo, yo, &/lim A(z,), Yo) — c&/lim d(z-) 
g(x0, Yo, &o/A(x0), Yo) — c&o/A x0) 
= G(f, yo, &, Ho). 


This, with (7.7), establishes our conclusion. 
If (& , yo) € Ar — EB, and | y | ¥ 0, we find 


IV 


(7.8) 9(& > Yo, 0, Yo) = ©. 
For ( , yo , 0, Yo) € K this is obvious from (7.5). For ( , yo , 0, yo) € H, in the 
statement of the z-transform condition we take z, = 2) = A~'(£), yn = Yo, 


Yn = J forall n. Then (z,, y.) «A — N by the definition of H, and by the 
z-transform condition 


9(fo, Yo, 0, Yo) = g(t, Yo, 0, Yo) = lim g(tn, yn, 0, Yn) = 2. 


The function g(é, y, & %) satisfies condition (2.3c). For if (&, y) « AiNi, 
then g = & except along the E-axis, where it is a linear function dé. Then for 
any (&, yo) the linear function ai + bay* = dé + nyiy* will serve in (2.3c) 
if n is large enough. If (£, y) «A, — N, and X(A“(é)) ¥ ~, then g(é, y, & 9) 
is merely the linear transform of the convex function g — c#, so it is convex and 
(2.3c) holds. If (¢, y) «A, — N; and (A “(é)) = &, then 9g(&, y, & 9) = 
g(x, y, 0, y), which is convex in (é, ¥). 
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Moreover, if (&, y) « £;, condition (2.6) holds. For then there is a linear 
function az + b.y* such that 


g(A"(E), y, 4, j) > at + bay® for (%, 9) ¥ (0, 0), 
by hypothesis (c) and Lemma 1. Then the linear function [— 1 + (a — ¢) 
/Max)JE + bay* serves for g. For either (&, y, &, y) « H, and then 
9(E, y, & y) = g(x, y, E/M(zx), y) — c&/X2) 
> (a — c)&/Max) + bay® for (§/A(zx), 9) ¥ (0, 0), 
whence 
aE, y, & ¥) > [— 1 + (@ — c)/Aa)JE + bay* for (§ y) ¥ (0, 0); 

or else (&, y, —, y) « K, and 

iy, & y) = © > [— 14+ (@ — o)/A@IE + bay”. 


Now let C: y = y(x) (a1 S x S 2) be an a.c. curve in A, and let 


T:y = n(t) = y(A (8), f = A(m) S § S A(m) = & 


be its transform. Then 


= §2 
Tin = | a(é, 1, 1, a) dé 


1 


= [ g(A(zx), n(A(x)), 1, 9(A(z)))-A(x) dz 


71 


(7.9) = | : g(A(x), y(x), 1, y(x)/d(x)) A(x) dx 


1 


= [° 0A), v2), 1, ve)daz 


71 


a I ° (g(x, y(x), 1, y(x)) — eldz 


= I[y] — c(a2 — x). 


If C.:y = yn(x) (a, S x S b,) is a sequence of a.c. curves in A such that the 
numbers IJ[y,] are bounded, then by (7.9) for the transforms [,: y = 7,(£) the 
numbers J[n,] are bounded. By Lemmas 13 and 3, the curves I, have uni- 
formly bounded lengths. They therefore have a curve of accumulation To. 
By our semi-continuity theorem” J[I‘o] < lim inf I[n,] < 2, so by Lemma 121 
has an a.c. representation y = m(£). The transformation from A to A, is 
continuous both ways, so the curves C, have for their curve of accumulation the 
transform Cy) of fy. This transform is given by the equation Co: y = y(zr) = 


23 SC, Theorem 3,1. The function @ satisfies conditions 2.2 of SC. 
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no(A(x)), and since the last function is an a.c. function of a monotonic a.c. 
function, it is a.e. 

In particular, if the curves C, form a minimizing sequence in the class K, , 
then the curve Cp is in K, , because K, is complete. So by the usual argument 
Cy is a minimizing curve for J[y] on the class K, . 


8. The z-transform condition defined in the preceding section is defined with 
respect to the whole set A. We shall now study local criteria which will ensure 
that the z-transform condition is satisfied on A. 

Lemna 14. If A is bounded and closed, and if at all points (x9 , yo) of A except 
at most those of a progressively distributed set Ey one of the two conditions holds: 

(i) g(zo, yo, 0, y) = &© for | y| # 0; 

(ii) there is a neighborhood U:| x — ao | < €,| y — yo| < € such that g satisfies 
the z-transform condition on AU with the exception of a progressively distributed 
set E; 
then g satisfies the x-transform condition on A with the exception of a progressively 
distributed set. 

Let B be the subset of A on which (i) holds, and let C = A —- B— KE). To 
each (zx, y) in C there is a neighborhood U as described in (ii). A denumerable 
collection of these neighborhoods covers C. Denote these neighborhoods by 
Ui:|2 — %:)< e6,|/y — 9) < e&, (@ = 1,2,---). For each 7 there is a set 
N; whose projection on the z-axis has measure 0, a progressively distributed 
set E; and a positive l.s.c. function »;(x) summable over [%; — ¢; , #; + «] which 
serves in the definition of the z-transform condition on AU. Define 


E=DE, N=2UNi, 
0 1 


k, = wir " y{z) de, 


a (0 if rS%—-—e or tr2R+6, 
vi (x) = 4 . 
lkiv(z) if F-e<r<h+a, 


oz) = 1+ ® y,(2). 


Let a, b be numbers such that A lies between z = aandz = b. Then 


b 
[ vi (x) dz = 2", 
so that v(x) is summable on (a, b). Also v(x) is Ls.c., being the sum of non- 
negative |.s.c. functions. The set EZ is progressively distributed by Lemma 6, 
and the projection of N on the z-axis has measure 0. 

Now let (2%, yo) be in A — E, and | y| # 0, and let (2,, yn, Zn, Yn) be @ 
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sequence tending to (2 , yo, 0, yo) and such that (z,, yx) «A — N. We must 
prove 


(8.1) lim g(2n, Yny En/v(Ln), Yn) = &. 


Suppose first that (2 , yo) «C. Then (2, yo) ¢ U; for some 7. If we set 
vv, = nvi(tn)/v(2n), 
then since v(x) > k,v,;(x) we see that 


0 < lim », S lim z,/k; = 0. 


For large n the point (z, , yn) « U; , and we have assumed 
(tr, yny€A—-NCA—WN,; and (m, yw) eAU; —- EC AU; — Ej. 
So by the definition of the z-transform condition 


lim y(n, Yn, é,/v(zn), Yn) = lim g(rn, Yny Un/vi(In), Yn) = ©, 


Suppose next that (x, y) «B. Then by the semi-continuity of g, and the 
relation z,/»(z,) — 0 we have 


lim inf g(zn, Yn» z,/v(rp), Yn) = g(xo, Yo, 0, Yo) = ©. 


Thus (8.1) holds in all cases, and the lemma is established. 

Lemma” 15. The function g satisfies the x-transform condition on a neighborhood 
of the point (xo , yo) of A if it satisfies the following condition (condition B). There 
exist three functions $(z), ¥(z), M(z) and three constants | > 0, a > 0, u such that 

(i) $(z) ts defined and summable in (0, 1), and ¢(z) — ~ asz— 0; 

(ii) ¥(z) is defined and continuous” on (0, ©), is non-negative and monotonic 
increasing, and 


lim inf 2¢(z)¥(¢(z)) > 0; 
z—0 


(iii) M(z) is defined for z = 0, and M(z) — ~ asz— ~; 
(iv) the inequality 
(8.2) S(z,y, 9) 2\y| M(x — m)-|9|-¥9))) +4 


holds for all (x, y) « A ona neighborhood U of (xo , yo). 

To begin with, we may assume that (2) is L.s.c., for if we define y(z) to be the 
lower limit function of ¢(z) (that is, the smaller of ¢(z) and lim inf $(2) as Z — z), 
then y(z) is l.s.c. There isa k > 0 such that z¢(z) Y@(z)) =k if z is small, by 
(iii). For such z, choose a sequence z, — z such that $(z,) — y(z); then 


2y(z) ¥(y(z)) = lim zn (zn) ¥@(Zn)) 2 k. 


24 Tonelli, op. cit. (footnote 2), p. 17. 
25 The assumption of continuity is not really needed. 
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So y would serve in place of ¢, and we therefore may suppose ¢ to be l.s.c. from 
the start. Likewise, since lim ¢(z) = &, by restricting z to a neighborhood 


z—0 
[0, l’] with I’ < 1 we can ensure ¢(z) > 1. Also, by shrinking U, we can obtain 
|2 — 20| <I’ forall (z, y) € U. 

Now in the definition of the z-transform condition take E empty and N 
consisting of the plane x = 2, and let »(z) = o(|z — 2/). Consider any 
sequence (%,, Yn, &n, Yn) With (22, yn) € AU — N (that is, z, ¥ 2x) and 
z,—0,z, > 0. By our usual definition (1.2) of g and inequality (8.2) 


(8.3) gn, Yny dkny Yn) = Fn flEny Yny Yn/¥n) 
= | Yn| M(| tn — 2o|-(| Yn |/en)-W(| Yn |/en)) + w| en] - 
Let (2, y)e AU — N,|y| ¥ 0, and take z, = 2, yn = y, fn = 1/n, fn = Y 
for alln. Then by definition 
g(x, y, 0, y) = lim ga(tn, Yn, En, Yn) 
2 lim | y |-M(| 2 — xo |-n-|y|-¥(n|y))). 


By (ii), ¥(” | y |) has a positive lower bound for large n, so by (iii) the limit on 
the right is ©, and so 


(8.4) g(x, y, 0, y) = ~ if (xz, y)«eAU — Nand|y| # 0. 


Now let (%, yo) « AU, | jo | ¥ O and let (tn, yn , En , Yn) be a sequence tending to 
(Z, yo, 0, yo) and having (xz, , yn) e AU — N (i.e., rn ¥ 2%). We wish to show 


(8.5) lim g(2n , Yn, En/O(| tn — Xo|), Yn) = &. 


If  ¥ x, this follows at once from (8.4) and the lower semi-continuity of g. 
If £ = x, we observe that in the subsequence (if any) for which z,/¢(z,) = 0 
the relation (8.5) is obvious by (8.4). So we suppose @,/¢(z,) > 0. Also we 
disregard the terms (finite in number) for which ¢, > | y, |. Then by (8.3) 
and (ii) 


g(rn, Yny z,/9(| In — xo|), Yn) 





> jaime, — xq) Wen [oll ta 20!) (ieieie = ’Y) __ Hen 
=|Ys iu( ~~ i, v 2 + $(lz. — Zo) 
= in iM (8 |x — Xo | 9(| 2, — Xo |)¥(O(\tn — r0|))) + = 


(| Zn = Zo|)° 


In the argument of M the factor | 7, |/z, tends to ©, and the other factor has a 
positive lower limit by (ii), so by (iii) the first term on the right tends to ~. 
The second term tends to 0. This establishes (8.5). This completes the proof 
that g satisfies the z-transform condition on AU. 

Coro.tiary. Condition (8) ts satisfied if ¢ is positive, continuous and monotonic 
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‘ P ° =f ; ° P 
decreasing in the strict sense on (0, 1), and z@ (z) is monotonic decreasing on 
(0, ©), and 


(8.6) f(z, y, 9) 2\y|M(\2 — x\/o"(\9))) +2 


for (x, y) « AU, where M satisfies (iii) of Lemma 15. 

Define ¥(z) = 1/z¢ ‘(z); then (ii) holds, and (iv) takes the form (8.6). 

This corollary enables us to set up a whole array of fairly simple tests; for 
we can take M(z) to be kz“(a@ > 0), or k log (1 + 2), or k log(log (z + e)) (k > 0), 
etc., and then choose a function o(t) > 0, continuous and monotonic increasing 
on the interval 0 < ¢, and such that 1/e(¢) is summable from 0 to ©. Then if 


S(x,y, 9) =ly| M(/z — x o(\y|)) for(z, y) « AU, 


the hypotheses of the corollary hold with ¢ ‘(z) = 1/¢(z). 


9. Extension to unbounded fields. In this section we shall use a function 
o(x, y', --- , y’) of class C’. For ease in printing, its partial derivatives with 
respect to z, y', ---, y* shall be respectively denoted by ¢o, 1, --- , ¢- 

We shall now prove” 

Lemma 16. If 

(a) A is a closed set lying between two hyperplanes x = —c and x = c, and Ao 
is a bounded closed subset of A; 

(b) (2, y) ts of class C’ on A, and tends to ~ as|y|— ~, uniformly in z; 

(c) K, is a class of absolutely continuous curves y = y(x) in A, each having 
at least one point in common with Ao ; 

(d) for all (x, y) in A — Ao and all y’ the function f(x, y, y) satisfies the condition 


(9.1) f(x, y, Y) = | bo(z, y) + ba(z, yy" | ; 


then for every M the class of curves of K, with I[y] S M lies in a bounded subset of A. 
Let N be a lower bound for f(z, y, y). Then if we replace f by f — N and 
(zx, y) by o(2, y) — Nz, all hypotheses remain satisfied, and the new f is non- 
negative. So we may suppose f 2 0. 
Let m be an upper bound for ¢(z, y) on Ao. By (b), there exists an r such 
that 


(9.2) o(z,y) > M+m™_ whenever (z, y) «A and|y|>r. 
We are at liberty to assume that |y! <r whenever (x, y) € Ao, since we can 
increase r if we will. 

Now consider a curve y = y(r) (a S xz Sb) of the class K,. Let (x0, y(2o)) 


be a point of the curve. If (x0, y(xo)) € Ao, then | y| < r. If not, either 


26 The lemma and its proof are essentially due to Cinquini, loc. cit. (footnote 4). 
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there is a greatest 2; < 2» such that (x, , y(z:)) € Ao, or else there is a least 
2, > 2 for which this holds. Suppose the former, for definiteness. Then 


» M2 [ fiz, y, 9) dz 2 [ ” ple, y, sds & [ "gol, y) + delz, yi") dz 


= $(%0, y(%o)) — O(a, y(r)), 


so $(20, y(to)) S M + m and|y(xm)| < r. Thus in either case (x, y(zo)) 
lies in the bounded set common to A and the cylinder | y| <r. This establishes 
the lemma. 

As a corollary, if the initial point of each curve of K lies in Ao , we can replace 
(9.1) by 


(9.4) f(x, y, Y) = do(z, y) + Ga(z, y)y*. 


For then in (9.3) there surely is an x; S x such that (xz; , y(x:)) «Ao. Likewise, 


if the final point of each curve of K is in A, then we can replace (9.1) by 
(9.5) f(z, Y; y) = —o(z, y) eet oa(Z, y)y*. 


Also, we could require only that there exist a constant h such that (9.1) holds 
whenever | ¢o + ¢ay* | = h; for then (9.1) holds with f replaced by f + h, and 
the class of curves of K with ffdz < M is contained in the class with f (f + h) dz 
< M + 2hc, which by Lemma 16 lies in a bounded subset of A. 

As an example, we can take ¢ = k log (1 + y“y*) (kK > 0). Condition (9.1) 
then becomes 


(9. 


f(z, y, y) = 2k + yy") (yy), 
which is surely satisfied if 
f(z, y, ) 2 2k y\/\y|. 


We need only ask that this hold when | y | exceeds a constant h, for we can add 
to Ao the part of A in the cylinder | y | S A. 


10. From the preceding existence theorems we readily deduce an existence 
theorem for solutions of problems involving higher derivatives, 


h k l . 
(10.1) T= [fe,ww, oe, uz, 2’, «++, 2”, «++, ww, ---, w”) dz = min. 


Let us change notation. We denote the arguments u, wu’, --- , ” in Tee 
- - 1 ° ° 
2)... w, w’,---,w"™ by y’, y’, ---, y’, respectively. For certain values 


° i h— 
of i the symbol y‘ denotes an end of a sequence such as u, wu’, ---, uv“ or 


w, w’,---,w"?. This collection of values of i we denote by A; the rest of the 
numbers 1, ---, p form the complementary class A’. To save repetition, the 


symbol 7 shall be used for integers in A and the symbol j for integers in A’. The 
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space determined by z and the y’ (i € A) will be denoted by “(z, ys)-space”. Our 
problem is then that of minimizing in a certain class K of curves, the value of 


(10.2) Ty] = i ‘fle, y, #) dz, 


subject to the conditions: 
(10.3) f is independent of the 7’; 


(10.4) ytd = 0) + [ “yar (aS 2b, fed’. 


For such problems we shall establish 

TueoreM 5. If 

(a) A is a bounded closed point-set in (x, y)-space; 

(b) f(x, y, ¥) satisfies conditions (2.1) and (10.3) on A; 

(c) there is a subset E of A, whose projection on (x, ys)-space is progressively 
distributed, such that 

(i) if (x, y) « E, there is a linear function aé + b by’ such that 

ted 


g(x,y, 2,9) t+at+ Dobiy' > 0 if (@,y') ¥ ©, --- , 0); 


(ii) g satisfies the z-transform condition (with the condition | y| # 0 replaced by 
(y') ¥ (0, --- ,0)) on A with the exception of E; 

(d) f(z, y, 0) is bounded on A; 

(e) K, is a complete class of a.c. curves lying in A; 
then among those curves of K, which satisfy (10.4) there exists a minimizing curve 
for I{y). 

To begin with we prove that the class D of curves satisfying (10.4) is complete. 
Suppose that the a.c. curves 


Cry = yx(z) (aq Sz Sb; k = 0,1, 2, ---) 


are such that C, « D (n = 1, 2, ---) and C, — Cy ; we must show Cy) ¢ D. If 
a) = bp this is trivial. If not, let a, 8 be numbers such that a <a < B < bo. 
Since a, — a and b, — bo, the interval (a, 8) is interior to (a, , b,) for almost 
alln. From (10.4) we deduce 


(10.5) yn(z) = yn(a) + [ y. (z)dx (aS a8, jed’. 
Since C,, > Cy , the functions y’,** converge uniformly to y,”’, so that 

(10.6) Wie) = we) + [ wGdz (aw 5258, Jedd, 
The functions yp are continuous, so we may let a — a and 8 — by and obtain 
equation (10.4) for y. 


The class K,D being complete, we could apply Theorem 4 and obtain our 
conclusion except for two difficulties. One is that g does not satisfy the z- 
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transform condition except in our altered form; there is a summable L.s.c. func- 
tion v(x) > 0 such that 


g(Xn > Yn, z,/v(xn), Yn) “= = 


if (tn, yn) €A — N = (ao, yo) € A — E and ¢, > 0 and gy, — go, where the yf 
are not all 0. The second difficulty is that E is not necessarily progressively 
distributed. 

The first difficulty is easily remedied. If we define 


F(z, Y; y) - f(z, Y, y) + >>} (y os "ae 


then for all curves satisfying (10.4) the integrals of F and of f are the same, 
since the added terms vanish identically along such curves. For the associated 
integrand G(z, y, 2, y) we find 


(10.7) G(an, Yny &n/v(an), Yn) 
= g(2n, Yny tn/V(Ln), Yn) + >>} (yiv(2n)/tn — yn’')” 


Suppose now that (z,, yn) «A — N and (an, Yn, Zn, Yn) — (Zo, Yo, 0, Yo), 
where (xo , yo) «A — E and |g | #0. If the yj are not all zero, the first term 
on the right tends to by hypothesis, while the other terms are non-negative. 
If the yj are all zero, some yi ~ 0. Thus in the corresponding term on the right 
we have gy, — y ¥ 0, lim inf »(z,) = v(x) > 0, 2, > 0; so that term tends to @, 
while the other terms are bounded below. In either case, the left member of 
(10.7) tends to «©, and G satisfies the z-transform condition on A with the 
exception of E. 

Now let y = yn(z) (an S x S D,) be a minimizing sequence for J[y]. Since 
| y,(x) | is uniformly bounded, by (10.4) the y},(z) satisfy a Lipschitz condition 
uniformly, and we can therefore select a subsequence (which we may suppose 
to be the whole sequence) such that the y’,(x) converge to limit functions 
yo(x) (ao SxS bo). Let be the set of all points (z, y) such that a, < x S b, and 
y’ = y',(z), j € 4’, for some p of the set 0, 1, 2,---. Then TI is easily seen to 
be closed; and its projection on each of the planes (z, y’) is progressively 
distributed, being composed of a denumerable set of a.c. curves. The lower 
bound of J[y] on the class K,D is the same as its lower bound on the set K,Dr 
of those curves of K,D which lie in AI’, because the minimizing sequence y = 
y»(x) lies in AT. The set ET has progressively distributed projections on the 
planes (z, y') and on the (2, ys)-space, so by Lemma 7 Ef is progressively 
distributed. 

Now the point-set AT, the class K,Dr and the integral [Fdz satisfy the hy- 
potheses of Theorem 4, so there is an a.c. curve y = y(z) (a S x S b) for which 
JFdz attains its lower bound in the class K.Dr. But then for y = y(z) the 
integral fFdz also attains its lower bound in the class K.D. On this class 
SFdz is identical with I[y], so I[y] assumes its lower bound on the class K.D, 
as was to be proved. 
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If in f only first derivatives enter, Theorem 5 reduces exactly to Theorem 4. 

The extension to unbounded fields A can be made without difficulty by use 
of §9. In this connection there is one especially interesting case. If we return 
to the notation of (10.1), the class K, may consist of all a.c. curves u = u(x), ---, 
w = w(x) joining two fixed points (2, , uw, --- , Ww) and (x2, Ue, --+ , We), the 
derivatives at those end-points being unrestricted. This is in fact a problem 
with variable end-points; and even if (z, u, --- , w) are restricted to lie in a 
bounded closed set B the range of (z, y) (in the notation of (10.2)) is unbounded,” 
for the values of wu’, --- , u~”, ete., are unbounded. However, if we impose 
the condition of §9 and also a condition” which will ensure that at least one set of 
arguments 


(h-1) 


(l—1) 
(x, U,---,u eee fee ) 


of each admissible curve shall lie in a bounded set Ao, then the conclusion of 
Theorem 5 holds. 
UNIVERSITY OF VIRGINIA. 
27 Excepting the caseh =k = --- =1=1. 


28 Such a condition, for example, is the following: f(z, u, ---,u™,--+,w,+++,wO)s2@ 
uniformly in (zs, u), very w) as = [u2 oa eee oa (uD)? a eee ~ w? + eee + (w&))?] — ©, 











TRANSFORMATIONS IN LINEAR TOPOLOGICAL SPACES 
By JouHn V. WEHAUSEN 


1. Introduction. In this paper some well known theorems for linear metric 
spaces whose proofs do not involve completeness are extended to linear topologi- 
cal spaces. The relation between bounded sets and linear continuous trans- 
formations is considered; and, in connection with this, metrizability conditions 
for linear topological spaces are obtained in terms of boundedness. A linear 
continuous functional on a linear topological space is shown to operate es- 
sentially on only a “part” of the space which can be normed. Finally the 
relation between completeness and category is considered and a theorem is 
proved which shows that two definitions of completeness which have been given 
do not imply that the space is of the second category. 


2. Topologies for linear spaces. In the postulates for a linear set [ef. 1, 
p. 26]' there is no notion of a topology. If a topology is imposed on a linear 
set in such a fashion that the postulated operations of addition of elements 
and multiplication of elements by real numbers are continuous in the topology, 
the linear set will be said to be a linear topological space [cf. 2, pp. 201-204]. 
The most important topologies of this type for linear sets have been metric 
topologies, viz., the F-metric [1, p. 35] and the norm [1, p. 53].?- As a matter 
of fact, it will be shown that the F-metric is the most general metric of this 
nature. 

However, two non-metric topologies have been given in the literature. Kol- 
mogoroff [3, p. 29] has simply postulated an operation of closure, M, for any 
set M satisfying the Riesz-Kuratowski axioms, viz., 

(1) if M is a single element, M = M, 

(2) M = M, 

3)M+N=M+N, 
and then in addition required that z + y and az be continuous in the topology. 
He proves that such a space is a regular Hausdorff space. On the other hand, 
John von Neumann [4, p. 4] has defined a topology for a linear set L by means 
of a set of neighborhoods ll = {U} satisfying the following axioms: 

(1) 6 e U for every U ¢€ U. 

(2) If U, V ¢ U, there exists W ¢ Ul such that WC B(U, V). 

(3) If U e U, there exists V ¢ U such that V + VC U. 

(4) If U el, there exists V ¢ Ul such that aV C U for|a| <1. 


Received November 9, 1937. 
1 Boldface numbers refer to the bibliography at the end of the paper. 
? Other non-continuous metrics have been introduced by C. R. Adams [12, pp. 422, 423]. 


157 











158 JOHN V. WEHAUSEN 


(5) If ze L, U e€ U, there exists a such that z ¢€ al. 
L is called a convex space if U satisfies in addition 

(6) U + UC 2U forall U € Ul. 
The neighborhood system for any element is then obtained by translating the 
neighborhoods for 6. It is proved by von Neumann that Axioms (1)-(5) give a 
regular Hausdorff space and that the operations of addition and multiplication 
are continuous [4, p. 6, Theorems 6 and 7]. This topology then satisfies Kolmo- 
goroff’s axioms. The converse is also true. As the neighborhood system for 
each element zx of the space take the set of all open sets containing the element, 
denoting it by U(x). First it must be shown that the topology is “uniform”’ 
over the whole space, i.e., if ze LZ, then the translated neighborhood system 
(6) + 2 is equivalent to U(x). Let Uz «€ U(x) be arbitrary. Since @+ 2 = z, 
it follows from continuity of addition that there exist V» « (6) and V, « U(z) 
such that Ve + V.c U,. Sincere V., Ve + 2C U,. The definition of 
continuity in connection with the equation z + (—z) = @ gives the other 
half of the equivalence. Therefore the topology of Kolmogoroff is uniform. 
It then only remains to show that Axioms (1)-(5) are satisfied by 11(6). But (1) 
is satisfied by definition of 11(@) and (2) is a property of any Hausdorff space. 
Axiom (3) follows from continuity of addition as applied to @ + 6 = @ and (4) 
from continuity of multiplication as applied to 0-86 = @. Consider now (5). 
Let « « L and U ¢ (6) be arbitrary and suppose that z non-e nU, i.e., n-'z 
non-e U for every integer n. But since multiplication is continuous nz — 8, 
i.e., there exists n(U) such that, forn =n(U),n~2eU. This is a contradiction. 
The following theorem has thus been established. 

THEOREM 1. The topologies of Kolmogoroff and von Neumann are equivalent. 

Tychonoff [6, p. 768] has called a linear topological space satisfying Kolmo- 
goroff’s axioms “locally convex” if for every U, there exists a convex’ neigh- 
borhood V, such that V.C U,. It follows easily from the regularity of the 
space and a theorem of von Neumann [4, p. 10, Theorem 13] that the notions 
of “convex” and “locally convex” space are the same. One may therefore 
state the following corollary of the previous theorem. 

Coro.iary. The convex topologies of von Neumann are equivalent to the 
locally convex topologies of Tychonoff. 


3. Preliminary definitions. If ZL, and Lz are two linear topological spaces, 
the definitions of additive and homogeneous transformations on L, to Le are 
unchanged. Continuity of transformations is defined as usual for neighbor- 
hood spaces. It is easily seen that an additive transformation which is con- 
tinuous at one point is everywhere continuous and is homogeneous, so that 
one need define continuity for such transformations only at the zero-element, 
6, i.e., if U = {U} and B = {V} are the neighborhood systems in L; and Lz 
respectively, then T(x) on L; to Lz is continuous if and only if for arbitrary 
V ¢ & there exists U ¢ U such that T(U) C V. 


3 A set M is convex if, whenever z, y e M, a, 8 = Oanda+8 = 1, then az + By e M. 
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Mazur and Orlicz [7, p. 152] have used the following definition for a bounded 
set:‘ R C L is bounded if for every sequence {z;} C R and every sequence of 
real numbers a; — 0, the sequence a;z;—> 6. On the other hand, von Neumann 
[4, p. 7, Definition 5] uses this definition: R C L is bounded if for every U ¢ U 
there exists a real number a such that R C aU. The following lemma is 
stated without proof. 

Lemma. The definitions of boundedness of Banach and of von Neumann are 
equivalent.* 


4. Relation between bounded sets and continuity of additive transformations. 
In normed linear spaces the equivalence of the class of additive transformations 
taking bounded sets into bounded sets and the class of additive continuous 
transformations is a well known theorem. This theorem has been extended 
by Mazur and Orlicz [7, p. 153] to F-spaces. Half of the equivalence may be 
easily proved for linear topological spaces also. 

TueoreM 2. If T(x) is a linear continuous transformation on L, to Lz and 
if RC Ly is bounded, then T(R) C Lz is bounded. 

For let V ¢ % be arbitrary. Then by continuity of T(x) there exists U « U 
such that T(U) C V. Since R is bounded, there exists a such that R C al. 
Hence, T(R) C T(aU) = aT(U) C al, ie., T(R) is bounded since V was 
arbitrary. 

The converse of this theorem may be proved in the following restricted form. 

THEOREM 3. If L contains a bounded open set and if the additive transforma- 
tion T(x) takes bounded sets into bounded sets, T(x) is continuous. 

The proof will not be given since a somewhat more general theorem will be 
proved later. 


5. Two metrizability conditions. The requirement in the preceding theorem 
that there exist a bounded open set in the domain is a considerable restriction 
as the following theorem shows. 

THEOREM 4. A linear topological space is metrizable as an F-space if there 
exists a bounded open set in the space. 

Suppose G is a bounded open set. One may assume @ « G for otherwise one 
would simply consider the set G. = G — z, where z « G, also a bounded open 
set. First note that for any real a the set aG is open. Next, that the set of 
open sets {n’G} is equivalent to U = {U}. For, since n™’G is open, one can 
find for any n a neighborhood U(n) ¢ Ul such that U(n)C n“G. On the other 
hand, let U ¢ Ul be arbitrary. Then, by Axiom 3 of von Neumann, there exists 
V e Usuch that BV C U for|8| <1. Since G is bounded there exists a such 
that GC aV. Now select some integer n = | a|so that |n~*a|<1. Then 


‘The definition is used by Mazur and Orlicz for F-spaces. Kolmogoroff [3, p. 30] 
has used it for topological spaces. It is originally due to Banach. 

5 This lemma has been stated by D. H. Hyers, Bull. Amer. Math. Soc., vol. 43 (1937), 
p. 203, Abstract 228. 
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n'GCn'aV C U. This proves the equivalence. The space then satisfies 
the first denumerability axiom of Hausdorff. One may now use the result of 
Garrett Birkhoff [8, p. 428] that a Hausdorff group is metrizable if and only 
if it satisfies the first denumerability axiom. Since a linear space satisfying the 
axioms of von Neumann is a Hausdorff group with respect to addition, the 
result applies here also. To show that the metric is an F-metric one must show 
(1) p(x, y) = p(x — y, 8), (2) an - 0, e € L imply a,x — 8, (3) @ real, rz, — 6 
imply az, — 6. (1) follows immediately from the fashion in which Birkhoff 
defines his metric. One may show (2) and (3) independently of metrizability 
considerations. In fact, (2) and (3) are immediate consequences of the con- 
tinuity of multiplication. This completes the proof.*° 

The converse of this theorem is not true, i.e., there exist F-spaces in which 
no sphere is bounded. This is true, for example, of the spaces (S) and (s) 
[1, pp. 9, 10). 

In the last part of the proof of the preceding theorem the following theorem 
was also proved. 

TueoreM 5. A linear topological space is metrizable as an F-space if and 
only if it satisfies the first denumerability axiom.’ 

From this theorem and from Kolmogoroff’s axioms for a linear topological 
space the following corollary is easily obtained. 

Coro.uary. Any linear metric space in which the operations of multiplication 
and addition are continuous may be metrized with an equivalent F-metric. 

In case the space is convex, i.e., satisfies Axiom (6), one may prove the fol- 
lowing theorem. 

THEOREM 6. A necessary and sufficient condition that a convex linear topological 
space have an equivalent norm-metric is that it contain a bounded open set. 

If G is a bounded open set, one may assume as in the preceding theorem that 
6¢€G. Following the notation of von Neumann, let 


0, > ay = 1, neG 


i=1 


IV 


n 
Geonv = E, E = D az, ai 
i=1 


Lemma 1. If L is a convex space, the boundedness of G is both necessary and 
sufficient for the boundedness of Geony . 

This has been proved by von Neumann [4, p. 10, Theorem 14]. 

Lemma 2. If G is an open set, then also Geony t8 open. 


Let c = >> aya, be any element of Geony where 2,€G. Since G is open, there 
k=1 


exist neighborhoods U; such that z, + U, C G. From Axiom (2) one easily 


6 An F-space is generally required to be also complete. This has not been done here. 
However, sequential completeness, a notion which will be defined later, is sufficient to 
obtain completeness in the metric sense. 

This theorem has been stated by D. H. Hyers, loc. cit. 
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deduces the existence of U ¢ Ul such that U C B(Ui, --- , Un). Then zx, 
+UcCGfork =1,---,n. Hence 


an(ty + U) + +++ + en(tn + UU) = apts + ++ + nt, + OU + --- 
+ a,U Cc Gass - 


Since aU + --- +a,U D(a + --- + a,)U = U, one sees that az; + --- 
+ antn + U CS Goony , 1.€., Geony iS Open. 

It now follows from these two lemmas that G.ony is a bounded, open, convex 
set. The following theorem of Kolmogoroff’s [3, p. 30] may now be applied 
to obtain the theorem to be proved: A topological linear space has an equivalent 
norm topology if and only if there exists a bounded open conver set in the space. 


6. Extension of Theorem 3. Theorem 4 shows that the conditions for which 
Theorem 3 has been stated are rather stringent since it allows for the domain 
of the transformation T(x) only a proper subclass of the class of F-spaces. 
This is too restrictive, for wherever the domain is any F-space and the range 
is any linear topological space, it is easy to obtain the converse of Theorem 2. 
The method of proof is the same as that used by Mazur and Orlicz [6, p. 153]. 

THEeoreM 3’. If L, is an F-space and L, a linear topological space, an additive 
transformation T(x) is continuous if it takes bounded sets into bounded sets. 

Suppose z, — 6, i.e., | zn | = p(tn, 6) + 0. Then there exists a sequence 
of integers k, — © such that k, |2z,|—-0. Since k, | 2.) 2 | kate |, kntn — 0 
and therefore {k,z,} is bounded. Hence {7(k,z,)} is bounded, so that 
(kn) T(kn2n) = T(t.) — 0. Now suppose there exists Vo « B such that for 
each sphere S, = E,{|x| < n™] there exists z, ¢ S, such that 7(x,) non-e Vo. 
Then | z, | — 0, ie., z, — 6. Hence T(z.) — @ so that there must exist m 
such that, for n = m, T(z,) € Vo. This is a contradiction. 


7. Strongly bounded transformations. An additive transformation T(z) will 
be called strongly bounded if for every U ¢ Ul and V e & it is possible to find 
a such that T(U) C aV, ie., for each U ¢€ U, T(U) is a bounded set. The 
following theorem is then true. 

THEOREM 7. An additive transformation T(x) which is strongly bounded is 
continuous. 

Let V ¢ & be arbitrary; also U e« U. By Axiom 3 there exists V; « 8 such 
that aV,; CV for|a| <1. By hypothesis there exists 8 such that T(U) CBV;. 
Let k be any integer such that |k-’8| <1. Then there exists U, € U such that 
kU, C U. Hence T(kU,;) C T(U) C BVi, or T(Ui1) C k'BV; C JV, ice., 
T(x) is continuous. 

The converse of this theorem is true provided the neighborhoods in the 
domain are bounded sets. This would imply, however, that the domain is 
metrizable as an F-space in which spheres are bounded sets. 
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8. Linear transformations in convex spaces. In a convex space pseudo- 
norms have been defined by von Neumann [4, pp. 18, 19] as follows. Let 
|| x \\ equal the greatest lower bound of a > 0 such that x € aU and let || z\\y 
= max (|| x |\¢, || — 2{/). He has shown that || 2||v has the following prop- 
erties: || 2+ y|lv = || z [lv + Il y llc, llar|le = | a@|-|| 2 |lv, || @ lv = 0, 
||  \¢ is a continuous function of xz. The pseudo-norm || z |\7 lacks the norm 
property || z || = 0 if and only if z = @. However, by use of pseudo-norms, 
one may obtain generalizations of several well known theorems for normed 
spaces. An existence theorem will be proved first. 

TueoreM 8. If L is a convex space, then for any x « L and any U e€ U there 
exists a linear continuous functional F(x) defined on L with the property that 
F(x) = || 2% ||v. 

Denote by K the linear set E,[axo, a real] and define on K the functional 
f(ax) = a || % |\v. Then f(x) is obviously linear on K. Then, if we denote 
|| « |e by p(x), it follows that p(x + y) S p(x) + ply), p(tr) = tp(x) for 
t 2 0 and p(x) 2 f(x) for e « K. One may now use a theorem of Banach’s 
on the extension of additive functionals [1, p. 27, Theorem 1] and assert that 
there exists a linear functional F(x) defined on all L such that F(x) = f(z) 
for x e K and —|| 2 |\v S F(x) S || x |\v for all x. Since || z || is continuous 
at 6, it follows that F(x) is also continuous at @ and hence, since it is additive, 
that it is continuous. 

By the use of pseudo-norms a bounded, additive transformation may be 
defined in a manner analogous to the definition in a normed space. An additive 
transformation T(x) on L, to Le, Li and Le convex spaces, will be said to be 
bounded if to each V ¢ B correspond U ¢ U and a real number M(U, V) 2 0 
such that || T(x) ||») S M(U, V) || x |\v. Such a transformation obviously 
takes bounded sets into bounded sets. The following theorem connecting 
bounded and continuous additive transformations is proved. 

THeoreM 9. An additive transformation T(x) is continuous if and only if 
it is bounded. 

If T(x) is continuous, for each V e B one may find U ¢e Usuch that T(U) CV, 
or, using pseudo-norms, such that || x ||~ < 1 implies || T(x) || < 1. Note 
that if || x ||, = 0, then || T(x) ||, = 0 for otherwise one could find a real a 
such that || T(axr) ||y = | @ |-|! T(x) |\!y > 1 even though || az ||y = 0. Sup- 
pose now that the required M(U, V) does not exist. Select a sequence of real 
positive integers M, — © and assume that to each n corresponds an z, such 
that || T(x,) ||y > Ma || 22 |\o + 0. Let 





y= 
n M,, In \lv 
Then 


1 T(z.) |v > 1. 


||  — 
|| T(yn) {Iv M.llz.\\e 
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But || yn ||o = Mz 0, so that one can find no such that, for n = no, || yn |v < 1 
so that || T(yn) ||y < 1, a contradiction for n = m. 

On the other hand, suppose T(x) is bounded. Then for arbitrary V « B 
one may find U ¢« Wand M(U, V) = Osuch that ||! T(x) ||» S M(U, V)-|| x \\c. 
Then M(U, V) ||x\\v < 1 or  « [M(U, V)]"U implies that T(x) « V. Since 
there exists U; C[M(U, V)]"U, it follows that T(U;) C V, ice., T(x) is con- 
tinuous. 

The following corollary is an immediate consequence. 

Coro.uary. If L is convex and if F(x) is an additive functional defined on 
L, F(x) is continuous if and only if there exist U ¢ U and M(U) = 0 such that 
| F(z) | = M(U) || x |\c. 

In connection with this corollary the following theorem may be proved. 

THEOREM 10. Suppose a linear functional F(x) on a convex space L is con- 
tinuous if and only if for every U ¢€ Ul there exists M(U) = 0 such that | F(z) | 
< M(U)\|2\\v. Then any of the pseudo-norms || x \\v for U € U is also a norm 
and the corresponding norm topology is not stronger® than the given topology but 
is equivalent to it with respect to the determination of the class of linear and con- 
tinuous functionals. 

Since pseudo-norms have all the norm properties except || x ||y = 0 implies 
x = 6, only this need be shown. Suppose || zo |, = 0 for some U ¢ Ul. First 
note that there exists Up € U such that || 2 |!p, # 0 unless a = 6. Then, by 
Theorem 8, there exists a linear continuous functional F(x) such that Fo(zo) 
= || 2 ||v, = 0. On the other hand, since | F(x) | S M(U, F) || x \\v, F(a) = 0 
for all linear continuous F. Hence Fo(z») = 0 which is a contradiction unless 
zo = 6. Therefore || z ||y = 0 if and only if z = @, i-e., || x |\y is a true norm. 
If one now fixes Uo € ll one may define the “spherical” neighborhoods in the 
corresponding norm topology, viz., Sa = £E,{|| x |\vu, < a]. From the fact 
that for any @ there exists U; such that U,; C aly it follows that any sphere 
S. contains a neighborhood of U, i.e., the norm topology is not stronger than 
the given topology. From the hypothesis of the theorem any linear functional 
which is continuous in the neighborhood topology is continuous in the norm 
topology. On the other hand, since any linear functional which is continuous 
in the norm topology is bounded, i.e., there exists M = 0 such that | F(x) | 
< M || x |\v, it follows from the corollary to Theorem 9 that F(z) is continuous 
in the neighborhood topology. 

The following theorems are generalizations of well known theorems for 
normed spaces [1, p. 55, Theorem 4; p. 57, Lemma; p. 58, Theorem 6]. The 
proofs will not be given since they are quite similar to those for the correspond- 
ing theorems in normed spaces. 

THeoreM 11. If f(x) is any functional defined on G, a subset of a convex 


§ One topology will be said to be not stronger than another if every limit point in the 
sense of the first is also a limit point in the sense of the second. 
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space L, there exists a linear continuous functional F(x) defined on all L such 
that 

(1) F(x) = f(x) for x «G, 

(2) | F(x) | S M || @ |\v for given M = O and U ¢€ UW if and only if for all finite 
sets {x,} CG and real numbers | a;} 


Dd af(a) <M.) de ati 
i=1 i= a 
TuHeoreM 12. If G CL is a linear set, U € U any neighborhood, and yo ¢« L 
an element such that, for x ¢ G, || yo — x |\!\y 2 d > O, there exists a linear con- 
tinuous functional F(x) defined on L such that 
(1) F(y) = 1, 
(2) F(@) = 0, 
(3) | F(z) | Sd“ || 2 |\v. If d is the greatest lower bound of the values || yo 
—2|\v for x eG, then in (3) d~ is the smallest value M such that | F(x)| < M\\2\\v. 
THEoREM 13. Jf G CL is an arbitrary set and if yo « L, a necessary and suffi- 
cient condition that yo belong to the closed linear extension of G is that F(x) = 0 
for x « G imply F(yo) = 0 for all linear continuous F(z). 


9. On the domain of a linear continuous functional. In order to provide a 
motivation for and examples of the succeeding theorem the general form of the 
linear continuous functional on three F-spaces is given. 

Space (s). The general form of the linear continuous functional on (s) is 


F(x) = >0 vit;, where n and ¢1, --- ,¢, depend on F and where x = (£1, &, ---) 
i=l 


[1, p. 50, Theorem 11]. 

Space (S). The most general linear functional on (S) is the zero-functional 
[1, p. 234]. 

Denote by (CF) the set of all continuous functions defined on [—~, ~] 
with the following metric: p(x, y) = > eaten where (z, y)n = men | x(t) 
— y(t) | [ef. 9, pp. 30, 31]. 

Space (CF). Every linear continuous functional on (CF) is of the form 

8 
F(z) = [ x(t) dy(t), where a, 8 and g(t) depend on F and ¢(t) is of bounded 


variation in the interval [a, 8]. 

Since the proof of this involves no unusual procedure, it is not given here. 

In each of these examples the functional seems to operate essentially only 
on a “part’’ of each element of the space in such a manner that when a set of 
elements converges according to the F-metric, their corresponding “parts” 
converge according to a norm-metric. The precise meaning of this is given 
by the next theorem. Before stating this theorem a definition will be given. 

Derinition. A set X C L will be called a flat subspace if for arbitrary 
x «eX, X — x forms a linear set. 





nal 


ven 





TRANSFORMATIONS IN LINEAR TOPOLOGICAL SPACES 165 


THEOREM 14. Jf F(x) is a linear continuous functional on a linear topological 
space L, there corresponds to each x ¢ La flat subspace X such that 

(1) af 21, 22 € X, then F(x,;) = F(a.) = F(X), 

(2) there exists a norm topology, || X |\r, for the set, Le, of such subspaces 
such that if x e R, X ¢« Re, 

(3) of || X. — X |\p — 0, then F(X,) — F(X), 

(4) the linear continuous functionals on Ly determined by || X |\r are linear 
continuous functionals on L with F(x) = F(X) for x « X. 

Define X = E,{x = & + 2’, where F(x) = F(#)]. Each z « L is obviously 
in some X. Letting 0 = E,{F(x) = 0], we easily see that © is a linear set. 
Since X = 0 + Z, it follows that X is a flat subspace. It also easily follows 
from the linearity of L and of F that L, is a linear set. 

(1) is an obvious consequence of the definition of X. 

Consider (2). A topology will now be defined for Ly. If R is a set in L, 
the set of elements in Ly corresponding to the elements of R will be denoted 
by Rr. The closure of a set Ry will be defined as follows: X ¢ Ry if F(X) ¢ F(Rp). 
Although x ¢ & does not imply that z is a sequential limit point of R, the topology 
in Ly will obviously be of a sequential type. This topology also satisfies Kolmo- 
goroff’s axioms for a linear topological space, the continuity of addition and 
multiplication following from the linearity and continuity of F(x). Now let 
S, = Ex{| F(X) | < aj. It then follows from the linearity of F(x) that S, 
is a bounded, open, and convex subset of Ly. The normability condition of 
Kolmogoroff used in the proof of Theorem 6 may now be applied to give an 
equivalent norm topology for L which will be denoted by || X ||r. Then, if 
ao € R, it follows from continuity of F(x) that F(a) « F(R) and therefore 
F(X) € F(Rp), i.€., Xo € R, . 

(3) follows immediately from the definition of || X || . 

In order to prove (4) let i> be the set of all linear continuous functionals 
on Ly, determined by || X |\r,. If F ¢ §, define F(x) = F(X) for x « X. 
Then, if 2 « R, Xo « Ry, by (2). By continuity of F(X), F(Xo) « F(Rp,) and 
hence F(x) ¢ F(R), i.e., F(x) is continuous. 


10. Category of linear topological spaces. In the study of complete metric 
spaces one of the fundamental theorems as far as the theory of functions for 
such spaces is concerned is the one which states that every such space is of the 
second category. Since this property seems to be important in the proofs of 
many theorems, one should like a definition of completeness for topological 
linear spaces to give the same or a corresponding theorem. J. von Neumann 
has shown how the ordinary notion of “sequential’’ completeness can be carried 
over into such spaces and, then, in order to avoid a certain difficulty in con- 
nection with it, proposes to call a topological linear space “topologically” 
complete if every closed and totally bounded set is compact [4, pp. 1-3]. The 
following theorem shows that for neither of these definitions the category 
theorem holds. 
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In order to state the theorem the weak neighborhood topology for a normed 
space L must be defined. For each finite set of linear continuous functionals, 
F,, --- , F,, defined on L and for each 6 > 0, let the neighborhood 


U(Fi, as , F, ; 4) = E,|| F(z) | < 6,1 = 1, nite , nj. 


The set of all such neighborhoods will be denoted by U and defines the weak 
topology’ for L. These neighborhoods satisfy Axioms (1)—(6), i.e., the space is a 
convex linear topological space. The theorem is then the following. 

THEOREM 15. A normed space with its weak neighborhood topology for which 
there exists no finite total set of functionals is of the first category. 

The proof will be broken up into several lemmas. 

Lemma 1. If no neighborhood of a topological linear space L is bounded, every 
bounded set is non-dense. 

If a set M C L is bounded, then also its closure M is bounded [4, p. 9, The- 
orem 11]. Since no neighborhood is bounded, it would be impossible to find 
for any ce Ma U e Usuch that e + U C M, ie., M has a vacuous interior. 
But this is just the condition that M be non-dense [10, p. 31, II]. 

Lemma 2. The set S, = E,{\| x || S nj is bounded. 

Consider arbitrary U(F,,--- , Fy ;6)¢U. Let m = max(|! F; ||, --- , || Fe ||) 
and let a = 2mné". Then al (Fi, --- , Fy 36) = E,{| F(x) | < ad = 2m. 
Now suppose re S,. Then | F(x)! S || F;\\-|/2|| S mn < 2mn, ie., re al’. 
Therefore S, C al’ (Fi, ---, Fx;6) and S, is bounded since U was arbitrary. 

Lemma 3. If L does not have a finite total set of functionals, then none of its 
weak neighborhoods are bounded. 

Consider arbitrary U(F;,---,F,;6)eU. Let G = E,AF (x) = 0,1 = 1, ---,n). 
Since the set, F;, --- , F,, cannot be total, G must contain other elements 
than 6. Then, since G is a linear set, one can find x ¢« G with || a» || = 1. Also, 
by a theorem of Banach’s [1, p. 55, Theorem 3], there exists a linear continuous 


functional Fo(r) such that Fo(zo) = || x» || = 1. Now consider the neighbor- 
hood U(Fo;1) = E.{| Fo(x) | < 1] and the sequence x, 2%, ---, kt, ---. 
Since kro e€ G, every element of the sequence is contained in U(F,, --- , Fn ; 4). 


However, since ml (Fo ; 1) = E.{| Fo(x) | < ml, one easily sees that, for k = m, 
kay non-e mU (Fy; 1). It is then obvious that there exists no number a such 
that U(Fi, --- , Fa 36) C aU (Fo; 1), ie., U(Fi, --- , Pn 3 6) which was arbi- 


trary is not bounded. 
From the three lemmas it follows that the set S, is non-dense. Then, since 


L = > Sy, it is of the first category in itself. 


n=l 


Not all “weak” normed spaces are sequentially complete, an important 


® Note that the weak neighborhood topology is not necessarily equivalent to the weak 
sequential topology for L (i.e., where 2, — zx is defined as meaning F(x;) — F(z) for all 
linear continuous F). In fact, in Hilbert space there exist points which are limit points 
of sets without being sequential limit points [5, p. 380]. The two topologies are equivalent, 
however, as far as convergence of sequences is concerned. 
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example being the space (C) of all continuous functions defined on the interval 
[0, 1]. However, the spaces L, and l, for p = 1 are sequentially complete in 
their weak topologies [1, pp. 140-143, §4]."° J. von Neumann [4, p. 17, The- 
orem 23] has shown that abstract Hilbert space with its weak neighborhood 
topology is also topologically complete. Therefore neither definition is suffi- 
cient to obtain the property that the space be of the second category. The 
additional remark should be made that none of the spaces L, , l, or abstract 
Hilbert space have finite total sets of functionals defined on them. 

The extent of the restriction in the preceding theorem that the normed 
space have no finite total set of functionals is given by the following theorem. 

THEOREM 16. A normed space L has a finite total set of functionals defined 
on it of and only tf it is finite dimensional. 


Suppose F,, --- , F, is a total set of functionals for Z and assume that for 
. 

every k there exist 2:, --- , 2; © L such that >> a:z; = 6 implies a, = ag 
i=1 


= --- = a, = 0. Now consider the set of equations 


> B, F(z) = 0 (i= 1,---,n), 


jai 


where the 8; are to be the unknowns. Then, if m > n, it is obvious that the rank 
of the matrix of the coefficients, (F;(z;)), cannot exceed n. By a well known 
theorem on solutions of linear homogeneous equations, there exist at least 
m — n > O linearly independent solutions of the set of equations, i.e., there 


exists z = >: B;z; ~ @ such that F(x 8,21) = Ofori = 1, ---,n. But, 
j7=1 


7=1 
m 


by the totality of the F;, one must have iy 8;z; = @ which is a contradiction. 
j=1 


Therefore the space is at most n-dimensional. 
Suppose L is n-dimensional, i.e., there exist 2; , --- , Zn , linearly independent, 
such that to each z e« L there corresponds a set of real numbers a, --- , a 


with the property that z = >> a;:z;. Let G; be the linear manifold determined 


i=l 
by 21, --+ , 2-1, 21, °**,2n- Then there exists a linear continuous func- 
tional F;(x) such that F,(z;) = 1 and Fx(G,;) = 0 [1, p. 57, Lemma]. Then 


F,, ---, F, is a total set. For suppose that, for x = z. a;z;, F(x) = 0 


?=1 
(¢ = 1,---,m). Then r(x aii) = > a;F (z;) =a; = 0,ie., 2 = 0. 
=1 ?=1 
One may now obtain some additional information concerning the metrizability 
of the weak neighborhood topologies, viz., the following theorem. 


10 Since this is a sequential notion jit makes no difference that the ‘‘sequential’’ and 
‘‘neighborhood”’ weak topologies are not equivalent as long as the “‘sequential part’’ of 
the latter is equivalent to the former. 
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THEOREM 17. The weak neighborhood topology is metrizable as a norm-metric 
if and only if the space is finite dimensional. 

The non-metrizability of the infinite dimensional spaces follows from Lemma 3 
and Theorem 6. That the finite dimensional spaces may be normed follows 
from Tychonoff’s result [6, p. 769] that every finite dimensional linear topological 
space is homeomorphic to Euclidean space of the same dimension. 

The situation with regard to metrizability of weak neighborhood topologies 
is different from that in the weak sequential topologies, for it is well known that 
in the space 1; the weak sequential topology is equivalent to the norm topology 
[ef. 1, p. 139]. One easily concludes then that in the weak neighborhood 
topology for 1, there must exist points which are limit points without being 
sequential limit points.” 

It is interesting to note that Hilbert space is also of the first category with 
its weak sequential topology. Let {y,} be an orthonormal set. Then, since 
the Fourier coefficients (f, ¢,) — 0 for all f « , ¢, converges weakly to @ and 
3ren + f converges weakly to f. But,if S, = E,{\|f|| < rl, 3re, + f non-eS, 
if f « S, so that each element of S, is a limit point of a sequence not in S,, i.e., 
S, is non-dense. The rest of the proof follows as in Theorem 15. 


11. Linear transformations in weak normed spaces. In this section we 
return to the discussion of the relation between bounded sets and continuity 
of additive transformations. The theorem which will be proved has some in- 
terest in itself and also serves as an example to show that Theorem 3’ may 
hold even when the domain is not metrizable. 

TuHeorEM 18. If L,; and Lz are two normed spaces with their weak neighbor- 
hood topologies, any additive transformation T(x) which takes bounded sets into 
bounded sets is continuous. 

If R C L, is bounded in the weak topology, there must exist for each linear 
continuous functional, F(x), on L; a number M(F, R) = 0 such that | F(R) | 
<= M(F, R), for otherwise for some F(x) on L, there would exist z, « R and 
a, — 0 such that F(a,z,) does not converge to zero. First it will be shown 
that if || z, || > 0, then T(z,) — @ weakly. For if || x, || — 0 there exist posi- 
tive integers k, — © such that || kar, || = kn || an || +0. Since || k,z, || > 0, 
k,2, — 6 weakly and hence {k,z,} is weakly bounded. From the hypothesis 
it follows that {7(k,x,)} is also weakly bounded. By the remark above there 
will exist for each linear continuous F an M(F) = 0 such that | F(T (knr,)) | 
< M(F) or, using additivity of F and T, such that | F(T (z,)) | S$ k,' M(F) - 0, 
i.e., T(r.) > 0 weakly. Now, from the fact that || z, || + 0 implies T(z,) — @ 
weakly, one may show that || z, || — 0 implies || T(z,) || — 0, ie., T(x) is 
continuous in the norm topologies. This will be proved by showing that there 


11 A direct construction of such a point has been given by Kéthe [11, p. 118]. Let 
R = E,{|| x || 2 1]. Then @ can obviously not be a sequential limit point of R, but, 
since L — R is bounded, (R, U) is not vacuous for any U «Ul. Hence @ is a limit point 
of R 
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exists M = 0 such that || T(x) ||; S M || x||. Suppose there exists no such M. 
Then for each integer m there exists y» € LZ, such that || T(ym) || 2m? |! yw» ||. 
Let 2. = algal” Then || z, || — 0 and hence 7'(z,,.) — 6 weakly. However, 
Ym | 
1 
T (2m |; = —_——T T m | >m 
|| ( )|| mlyel |! (Ym) || ’ 


ie., the set {7 (z,)} is not of bounded norm. This is contradictory, for it is 
well known that a sequence can converge weakly to @ only if it is of bounded 
norm [1, p. 133, Theorem 1]. Hence the transformation T(x) must be a bounded 
transformation and therefore continuous in the norm topologies. But then 
T(x) must also be continuous in the weak neighborhood topologies. For if F 
is a linear continuous functional on Lz, then F(T) is a linear continuous func- 
tionalon L,. Hence, if V(F;, --- , F, ; 6) is an arbitrary neighborhood in L , 
U(F\(T), --- , F(T); 6) is a neighborhood in LZ; and has the property that 
T(U) CV, i., T(x) is continuous in the weak neighborhood topologies. 
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INTEGRAL FUNCTIONS BOUNDED ON SEQUENCES OF POINTS 
By Norman LEVINSON 
1. As an extension of results of V. Ganapathy Iyer we shall prove the following 
THEOREM. Let |X,} and {u,} be two increasing sequences such that 
a Bi<*- 


Let the indices of condensation’ of these sequences be zero. Let f(z) be an integral 
function such that 


(1.0) f(+,.) = O(1), f(+tu,) = O(1), 

and 

(1.1) lim ee) =k < (Di + D>). 
|z| | 


Then f(z) is a constant. 

That the above theorem is a best possible result follows from trivial considera- 
tions (for example, f(z) = sin rD,z sinh rD,z). Iyer’ has proved that the above 
result holds under more stringent conditions; namely, with (1.1) replaced by 


(1.2) k < x min (D,, D,), 
or else with (1.0) replaced by 


Nim 108 LIE) jinn 108 Lflete) | 


no An no Ln 


The method of proof used here is an extension of a method used in proving 
° . 3 
certain simpler theorems. 


2. The proof of our theorem will be given in two parts. Part 1 is the es- 
sential part. 


Received November 12, 1937. 
1 The term index of condensation is defined in Séries de Dirichlet, Viadimir Bernstein, 


Paris, 1933, p. 25. lim (Ans1 — An) > 0 is sufficient for zero index of condensation. 
n-?-2o 


2V. Ganapathy Iyer, On the order and type of integral functions bounded at a sequence 
of points, Annals of Mathematics, vol. 38 (1937), p. 311. 

3N. Levinson, On certain theorems of Pélya and Bernstein, Bulletin of the American 
Mathematical Society, vol. 42 (1936), p. 702. The method is an extension of that used 
in proving Theorem 2, p. 703. 
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Let 
A(z) = IT (1 ~ 7) B(z) = II (1 + =) 
1 n 1 Kn 

Let 

(2.0) a=rD,, b = rD,, tana = ; 

A(z) possesses the following well-known properties.’ For any « > 0 
1 tA» 

(2.2) A(re"”) = O(e*"'8i"*'*"), 
1 — —ar|sin 6|+er 

(2.3) A(re®) = Ole ), 


where in (2.3) @ is not an integral multiple of . Similar results hold for B(z). 
Also there exists’ an increasing sequence of positive numbers {R,} such that 
R,— ~ asn— , and for any e > 0 


1 1 
A(R, e*) B(R, e*) 
Also no R, is nearer than a fixed amount to any A,» OF wm . 

Proof of Theorem. Part1. In this part it is shown that for any « > 0 


(2.5) f(z) = Ofe**'). 
For any y > 0 let 


_ _ Ste) f(r) exp [(z — d»)(—b — ib*/a + )] 
aad He) = amg — ee Ga 


“i > f(—iu,) exp [(z + iu,)(—ia — a*/b + iy) 


(2.4) = O(e""*), = O(e***). 


B’(— tun) A(—tun) (2 a tun) 


The series on the right converge by (2.1) and (2.3). For any « > 0 and small 
5 > 0, 


V(re'*”) = O(exp {—[(a? + B°)' cos 5 — k — Jr} 
(2.7) + exp {0 — y)r cos (a — 6) + ue sin (a — i} 


‘ . a 
+ exp {(a — y)r sin (a — 6) — pr cos (a — i). 
‘V. Bernstein, loc. cit., Note II, p. 267. 
5 Consider the single set {v,} made up of {A,} and {un}. Let Q(q, {vn}) be defined as 
in Bernstein, loc. cit., p. 271. Then the existence of {R,} follows from Note II, no. 4, 
p. 278. 
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If we use tan a = a/b, a simple calculation shows 


9 


ttimiioe a= 


~ sin (a — 6) = —(a* + 0B’)! Sn 6, 
a a 


9 


asin (a — 6) — ; cos (a — 6) = —(a’? +b’)! ; sin 6. 
Thus (2.7) becomes 


Vre'*) = O(exp {—[(a’ + B°)' cos6 —k — lr} 
(2.8) + exp { — (a? + )! F sin | 


+ exp {yr — (a? +B’)! 5 sin i} 
Let « = 3{(a” + b°)' — kK]. Also let 


2 7 b 
= (a +b’) :, 2) 
p = (a + db)’ min (¢, - 
Then we can choose 6 > 0 so small that [(a® + b’)'cos 6 — k — ) > p sin 6. 
Thus (2.8) becomes 


y(re'*~”) -_ Ole? r—prs.n ’). 


We now introduce a small ¢« > 0 and take y = esiné. Then 


(2.9) y(re'“*”) nn Keo, 
Similarly 
(2.10) V(re'—*t2*®) a Oe 2-r 2), 


By (2.4) and (2.6) for any e > 0, 
W(R,e”) = O(e**?**) (-—r+a<0<a). 


Thus ¥(z) exp{—i(k + e)ze ‘*/sin 6} is bounded on the radii am z = a — 6 
and am z = —7r+ a + 6 by (2.9) and (2.10), and it is also uniformly bounded 
on the ares|z| = R,, —r+a+6S5 amzZa—6. Thus by the maximum 
modulus theorem it is bounded in the sector —r + a + 6 S amz S a — 6. 
It follows at once that ¥(z) is of exponential type in this sector. 

But by well-known results of Pragmén-Lindeléf,’ ¥(z) of exponential type 
in the sector, (2.9) and (2.10) give 


V(re"*) ies oer”) (—7 de a + 5 < 6 < — 5). 


6 For example, see Titchmarsh, Theory of Functions, Oxford, 1932, pp. 176-186. 
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There is no essential difference between the cases a > b, b > a. Let us 
assume a > b. Then p = (a’ + b’)'b/a and for z > 0 


(xr) = O(exp {-[@ + wy _ (| x sin a} 


) 
Thus using (2.2), we see that 
A(x) B(x) W(x) = O( exp ile +e—(a°+0°)! : sin «| 7). 
Since [(a? + 0’)! sin a)/a = 1, 
(2.11) A(z) B(x) ¥(x) = Oe"), z>0. 
But 
f(z) = A(z) B(x) ¥(z) 


Pa 327 9 SoS (An) A(z) exp [An(b — y + ib*/a)] 
+ B(x) exp [—(b — y)z + ib'z/a] > as 10.) BO.) =) 





_(o2 yh — \r — sam) $0 I (— tn) exp [un(a — y — ia”/b)) 
+ Bh AG ~ Te tah ES - GIG GD 
Thus by (2.2) and (2.11), f(z) = O(e*), > 0. Similarly this holds for negative 
z. Thus 
f(x) = Ofe*'). 


But f(z) is of exponential type. If 


c= jim sly)! 
|u| iy | 
then again by Pragmén-Lindelof 
(2.12) f(z) = O(exp [er | sin 6 | + er). 


But by a theorem of Bernstein,’ (2.12) and lim n/uz, > 0 imply that 


c= lim 08 f(ttme) | 
0 Kn 
Therefore by (1.0), c = 0 and by (2.12), (2.5) is true. 
This completes Part 1. Note that f(z) now satisfies condition (1.2) and 
therefore our theorem now follows from that of Lyer. We shall, however, give 


7™N. Levinson, loc. cit., Theorem 2. This proof does not depend on Dirichlet series 
gap theorems as does Bernstein’s. Although the condition lim (ani — An) > O is stated 


no 
in the hypothesis, the proof is unchanged with the less restrictive assumption that the 
index of condensation is zero. 
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a more direct proof of this result using (2.5). We use an interpolation formula 
that is also used by Lyer in his proof. 
Part 2. Here we complete the theorem. 
Let A\_, = —Xd, and w_» = —u,. Consider for any integer N > 0, 
H (z) -~— « f*(2) ~ie 2 a fn all S* On) Pasay 
, A(z) Biz) = A’(An) BOAn) (2 — An) 
7 a | 
=~ A(iun) B’(tun) (2 — tun) 
By (2.1), (2.3), and (2.5) the series converge. Clearly A(z)B(z)Hy(z) is an 
integral function of order one. Also A(z)B(z)Hy(z) vanishes at z = +),, 
z = +iu,, which are the zeros of A(z) and B(z) respectively. Thus Hy(z) 
itself is an integral function of order one. Also by (2.5) 


Hx(+re*"*) = O(exp ([v. - (+ vy} + 3). 


Since ¢ can be taken arbitrarily small, 


(2.14) Hy(-are*'*) = o(1). 


(2.13) 





Hence H(z) is bounded on four lines, am z = +a, amz = +(xr — a). And 
again by Pragmén-Lindeléf it follows that it is bounded in the entire 
plane, and thus a constant. But by (2.14) this constant must be zero. Thus 
(2.13) becomes 


f(z) = A() BE) (2 aa.) BR E= dn) 


— B’ (inn) A(ipn) (2 — Un) 
By (1.0) there exists an M such that | f(+\,) | < M, | f(+iu,) | < M. By 
(2.15) there exists ac > 1, independent of N such that 


| f*(+re***) | < cM* e”. 


(2.15) 








Thus 
| f(+re***) | < cMe*tOr!s 


Since N can be chosen arbitrarily large, it follows that 
| f(+re*"*) | < cM. 


But this implies that f(z) is bounded in the entire plane, and is therefore a 
constant. 


3. There are many extensions of the theorem considered here. First there 
is the case of integral functions of order not one. [yer obtains results for these 





nd 


re a 


here 
hese 
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which may be extended to best possible results by using the same method as 
is used in proving our theorem. 
It is also simple to remove the requirement that {A,} and {u,} be real. It 
is only necessary that 
lim (am \,) = 0, lim (am p,) = 0. 
no no 
There is an extension under quite general conditions to sequences not neces- 


sarily even, that is, where \_, = —X, need not hold. Here again all changes 
in the proof are quite obvious. 


MASSACHUSETTS INSTITUTE OF TECHNOLOGY. 











SOME GAP THEOREMS FOR POWER SERIES 
By R. P. Boas, Jr. 


1. Introduction. In this note we are concerned with the behavior of certain 
power series, 


(1.1) f(z) = Daz’, 

on the circle of convergence (which we suppose to be the unit circle). We 
consider, not the convergence of the series (1.1) for | z| = 1, but the convergence 
of a suitably chosen subsequence of its partial sums. It is to be expected that 
such a sequence may converge under hypotheses on f(z) lighter than those which 
ensure the convergence of the series itself; but the situation is complicated by the 
fact that the sequence, unlike the sequence of all the partial sums, may converge 
without converging to the “right” value. By way of illustration, we consider 


three examples. We write s, = >. ay. 
k=0 


(i) a, = (—1)", f(z) = 1/(1 +2). Then se,_, > 0, but f(z) ~ }asz— 1. 

(ii) ao = 1, dam = —Gem-1 = 4m + 1 (m = 1,2, --- )3 f(z) = 21 +2)° —- 
(1 —z)*. Here se, — 1, but | f(z)| > . 

(iii) dan = Gsng2 = 1, Gangs = —2(n = 0,1, 2, --- ); f(z) = (1 — 2)°/(1 — 2’). 
Then s3,-1 — 0 and f(z) > 0. 

Apparently the only results in the literature concerning the convergence of 
subsequences of partial sums are those of A. Ostrowski. Ostrowski’s theorem! 
states that if there are infinitely many sufficiently long gaps in the sequence 
{a,} (if, in fact, a, = 0 for nm <n < m(l + ©), where « > 0 and n, — ~), 
then regularity of f(z) on a closed are of | z | = 1 implies the uniform convergence 


nk 
of the sequence s,,(z) = )> a,z” to f(z) in a domain containing that are—in 
n=0 


particular, then, on the are. Our theorems resemble the result of Ostrowski in 
assuming the existence of gaps in the sequence {a,}; they assume less than the 
regularity of f(z) at points of the circle of convergence, but require restrictions 
on the rate of growth of the a,. Naturally, we obtain convergence of {s,,(z)} 
only for points of | z | = 1, not for exterior points. In one theorem (Theorem 2) 
we require f(z) to be of bounded variation on an are of |z| = 1; we obtain 
convergence of {s,,(z)} on the are under the assumption of smaller gaps than 
those necessary for Ostrowski’s theorem. This result extends a theorem of 
P. Fatou,’ which states that a, = o(1) implies convergence of (1.1) at every 
Received November 17, 1937. The author is a National Research Fellow. 


1 Dienes [2], p. 358. 
? Dienes [2], p. 467. 
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regular point, and the generalization given independently by P. Dienes’ and 
W. H. Young," in which the conclusion is convergence on every are of |z| = 1 
where f(z) is of bounded variation. In Theorems 3 and 4, on the other hand, 
we require merely that f(z) approaches a limit as z — 1 on the real axis, but we 
then need gaps larger than those of Ostrowski’s theorem. In Theorems 3 and 
4 we actually establish equiconvergence of the sequences {s,,} and {f(z,)}, 
where {2z;} is a particular set of points approaching unity, so that these theorems 
may be applied to give results of an Abelian as well as of a Tauberian character. 

We derive Theorem 2 from an extension of Riemann’s localization theorem 
for trigonometrical series; this extension seems to be of some independent 
interest. 


2. The localization theorem. We shall consider a pair of functions g(n) and 
d(n) of the real variable n, 0 < n < ©; we require them to satisfy 

Conpitions A. ¢g(n) > 0; ¢(n) T ©; o(n) = O(n") (n — ~) for some q, 
0 < q < 1;¢(n) is an integer when n is. 

(n) > 0; A(n) is non-decreasing; (n) = O(¢(4n)*) (n > ~), for some s > 0. 

Examples of functions satisfying Conditions A are: 

h(n) = 1, g(n) any function becoming infinite with arbitrary slowness and 
sufficient regularity; 

Mn) = n*, a > 0;¢(n) = [n’] for any B with 0 < B <1; 

d(n) = log (1 + n), o(n) = [A(n)*] for any a > 0. 

We shall also consider a function p(¢) defined in relation to an interval (a, b) 
(0 S a < b < 2z) in a manner which we specify in what we shall call 

ConpitTions B,,(a,b). a<a<8< b; p(t) =1(a St S 8B); p(t) = O0o0n 
(0, a) and (b, 2m); p(t) of class C*"**(0, 2x) ;° p\ (a) = p (8) = O(n = 1,2,---, 
2m + 2); p(t) periodic with period 2r. 

The existence of such a function p(t) is easily established. We write 





si t 
(2.1) Dy) = em (n = 0,1,2, +++) 
(D,(t) is the “Dirichlet kernel’’). 
Given a formal trigonometrical series 


(2.2) >. as” (co = 0;c_, = &,n = 1,2, ---), 


n=—o 


we define its partial sums s;,(z) by 


k 
s(x) = bo aut”. 
n=—k 
3 Dienes [1], p. 37; [2], p. 471. 
4 Young [5], p. 365. 
5 [z] denotes the greatest integer < z. 
6 C*(a, b) denotes the class of functions with continuous derivatives of order k on (a, b). 
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We write, formally, 


(2.3) F(z) = (-i)" DX ene" (m = 1,2, ---); 
F,,(x) is (2.2) formally integrated m times. If c, = O(n”) (n> «), F,,(x) is 
actually defined by the (absolutely convergent) series (2.3). 

THEOREM 1. Let the sequence {c,} define the formal trigonometrical series (2.2). 
Let y(n) and X(n) satisfy Conditions A, let c, = O(d(n)) (n — ~), and let there 
exist a sequence of positive integers n, such that n, — ~, and forn, — ¢o(n:) <n < 
Mm + ¢(ne), Cn = O(1) (n > &). If m is an integer greater than s and not less 
than gs + 2, if F,,(x) is defined by (2.3), and if p(t) satisfies Conditions B,,(a, b), 
then the sequence 


Nk m 2r m 
(2.4) sce ———" |" po © dt — zat 
an aa T 0 dt 
approaches zeroask — «, uniformly fora <x & 8B. 

This theorem may be interpreted as stating that the behavior of the sequence 
{S,,(z)} at a point or in an interval depends only on the behavior of F,,(z) in a 
neighborhood of that point or interval. 

The proof of Theorem 1 is modelled on the proof of Riemann’s localization 
theorem. We follow the simplified presentation given by L. Neder.” 

We require two lemmas. 

Lemma 1. If o(t) is periodic of period 2x, and of class C"(—«, «), the 
Fourier coefficients o, of a(t) satisfy 


(2.5) lon] SAln|~™™ (n=+1,+2,---), 
where A = max |o'”(t)|. 
Osts2r 
We have 
(2.6) o, = = [ e '™ g(t) dt. 
2m Jo 
Integrating by parts m times, we find 
o*, = (—7)" i ees! dt, | on | < A ln = 
2rn™ Jo 


Lemma 2. Let the hypotheses of Theorem 1 be satisfied. Let a(t) be an integrable 
function of period 2x, having Fourier coefficients o,, defined by (2.6) and satisfying 


lon] SAln|~™” (n= +1,+2,---), 


|o0| = A. 


(2.7) 


7 The accent on the summation sign indicates the omission of the term for which n = 0. 
8 Neder [4], pp. 117-124. 
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Then 


me i cos 
Jap = Ni / F,,.(x + te(t) in n.tdt — 0 (k— a), 
0 5 
uniformly for all x. If a(t) depends on zx, the conclusion still holds on any set of 
points for which A can be chosen independent of x. 
Because m = qs + 2, F,,.(x) is defined. To simplify the notation, we write 
N forn,. We have, with a = 0 or —7/2, 


Jy = 4N” [ F(x + tha(t)(e**"* + e**"*) dt. 
0 
We replace F,,(z + ¢) by its defining series, 


F(z +t) = (-1)" ©’ eke, 


k=—2 


integrate term by term, and obtain, using (2.7),° 


2 f Qe 2r 
; a 4(—iN)” pi c.ko™ {ener [ e k+N ‘o(t) dt + pong ef *—¥)* ot) at, 
0 


k=—2 


ne 


iJw| Ss a[N™ DU’ | Ce | | ki" Cian | + | Ox—w |) 
< AN” 7" | cx | "1 (N +4 in + iN pee rr + 2A | Cw 
k=l 
< 2AN" D0” la lk" |N —kl-"" + 24 [ew | 
k=1 
[N/2] N—g(N) N-1 N+e(N)—1 ~ 
= 2an"( 2 + > + LX + o ) +24 |ew 
1 [N/2]+1 N—@(N)+1 Nel N+@(N) 


Si + S: + 8; + Sy + 8; + 2A | ew}. 


Since g({N) = o(N), we may (and shall) suppose that N — ¢(N) > [N/2]. 
We have, for some constants B > 0,C > 0, c¢,| < BdA(n) < Cn®™ (n = 1, 2, 
---); and, for N — o(N) <n < N + Q{N), | en | < €(n), where lim e(n) = 0. 


nsx 
Since m — qs 2 2, we have 
[N/2] 


S: $ 2ACN™ > k*-"(N — ky" 


k=1 


IIA 


2ACN"(2/N)"*! >, kk 
k=l 


= o(1) (N — ~). 


® The double accent on the summation sign below indicates the omission of the term for 
which k = N. 
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Since \(k) is non-decreasing, and m > s, 


N—¢(N) 
2”** AB > Mk)(N — ky" 


S. < 
k=(N/2)+1 
<2" ABN) Dn” 
n=¢(N) 
< 2"*74BX(N){¢(N) — 1} 


o(1) (N— ~). 
Since N = O(N — ¢(N)) (N- &), 


N-1 


S;<2AN" > eck)k"(N—k)>™ 


k=N—@(N)+1 
¢(N)-1 


2A{N/(N — g(N) + 1)}” »» «(N —n)n™" 


r= 


IIA 


= o0(1) (N > ~). 
Next we have 
N+¢@(N)-1 
Si<24 DY ek\(k-N)™ 
k=N+1 


¢(N)-1 


=2A > d(n+N)n™ 
n=1 


= 0(1) (N — «), 
Finally, 


2N"AB >, XKK™kK-NY™ 


k=N+¢(N) 


Ss 


IIA 


oo 


QN" ABIN + ¢(N)}~” >~ kK" Mk +N) 


rae (N) 


IA 


<2AB > kE™'Xk+N). 


k=o(N) 


But ¢(N) is non-decreasing, and hence for k 2 ¢(N), go (k) 2 N. Since X(n) 
is non-decreasing, we have 


(2.8) & <24B DS EME + o(). 


k=o(N) 
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For sufficiently large k, since q < 1, 
k > ¢(k), 
¢ '(k) > k, 
k+¢'(k) < 2¢"(k), 
Mk + ¢ '(k)) S M2e"(k)) = Ofe(e“(k))"} = OF"). 
Relation (2.8) now gives, for some D > 0, 


S;<2ABD > k™*" = o(1) (N — «), 


k=e¢(N) 


sincem > s. This completes the proof of Lemma 2. 
We now prove Theorem 1. A simple computation shows that 


s.,(2) = <<" [ Pate +0 © dat 


The difference (2.4) may then be written 


(2.9) —= I ” pala + O(1 — ole +0) & Das(t) dt 


Now, if we set A,(¢) = 3 sin nt ctn 3t, we have D,(t) = A,(t) + } cos nt. Hence 
we may write (2.9) as the sum of 


(2.10) (= = I ” Pale + (1 — ple +0) = An, (0) dt 
and 
(2.11) ot [ ” P(e + O01 — ole +0) = ar 


We set w(t) = 4 ctn 4t; w(t) is of class C” for t # 0 (mod 27), and we have 
A,,(t) = w(t) sin nxt, 


a” “f/m m—j) . G 
(2.12) d= Au) = > ("). (é)(sin n,t)” 


j=0 
_¥F i (m—j) 74) COS 
=> »» Ajniw (t) sin nt, 
where the A; are constants independent of n, . 
We define functions o(t) (depending on z and p) by 
o(t) = (l— p(x +))w’(t) (t#0;05 p< Mm), 


o(0) = 0. 
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Since p(t) satisfies Conditions B,,(a, b), each o(t) is of class C"*' for a < x S B; 
and | o'"*"(t) | has a finite upper bound independent of z, a < xz < B. By 
Lemma 1, then, the Fourier coefficients of o(¢) satisfy (2.7), with A independent 
ofz,aS2r<8. By Lemma 2, 


Ja, = i F(x + bHe(t) oy n.tdt 0 (k > «) 
0 5 


uniformly for a S x S 8; by (2.12), the expression (2.10) has the same property; 
and (2.11) is a constant multiple of J, (with p = 0). Hence (2.9), which is the 
same as (2.4), also approaches zero as k — », uniformly for a < x <S 8. 


3. Application to power series. 


Tueorem 2. Let f(z) = D0 a,z", lim |a,|"" = 1. Let o(n) and d(n) satisfy 


n=0 
Conditions A; let a, = O(d(n)) (n > &); and let there exist a sequence of integers 
nx such that n, — ~, and for n. —¢(nz) <n < ne + 9(nx), an = O(1) (n> &). 
If, fora < 6 <b,limf(re”) = g(6), and g(@) is a normalized” function, of bounded 
r—>l 


Nk ; 
variation on every (a, B) (a < a < B < b), then 8n,(@) = >> ane’ converges to 


n=0 
g(0) (k > ~); af f(re®) converges uniformly for a < 0 < B, so does »,(8). 

In particular, then, if f(re”) is regular for r = 1, a < @ < b, s,,(0) > f(e”), 
uniformly fora S @ 3 8B. 

The scope of Theorem 2 will perhaps be clearer if we give some examples of 
how the hypotheses of the theorem can be satisfied. Let us call o(m) “the 
length of the gap at n,”. If 

(i) a, = O(1) and the length of the gap at n, becomes infinite; or 

(ii) a, = O(n") for some a > 0 (however large), and the length of the gap at 
n, increases as rapidly as nj, for some 8 > 0 (however small); or 

(iii) a, = O(log n), and the length of the gap at n; increases as rapidly as some 
positive power of log n: ; 
then s,,(@) approaches f(e”) on any are of | z | 
variation. 


1 where f(z) is of bounded 


Corottary. Let f(z) = >> a2", lim | a; |"”’* = 1. Let g(n) and X(n) satisfy 
k=0 


kw 
Conditions A; let a, = O(A(v%)) (k > 2); let o(ve) = Oris — ve) (KR %). Tf 
lim | a, | ¥ 0, f(z) cannot be of bounded variation on any arc of |z| = 1." 
kom 


With the hypotheses of the corollary, the Fabry gap theorem” gives | z| = 1 
as a natural boundary (even without any restriction on the order of magnitude 
of the a). With the order of magnitude of the coefficients restricted, we 
obtain a more precise result. 


10 g(0) is normalized if g(@) = 4(g(@+) + g9(@—)],a<o<b. 

To apply Theorem 2 to f(z), we take ne = [4(ve + ves1)], and (if necessary) replace 
o(n) by a constant multiple of y(n). 

12 Dienes [2], p. 376. 
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To prove Theorem 2, we let 
(3.1) f(r, 0) = Dearie” (c_, = é,) 
be the real or imaginary part of f(re). There is no loss of generality from 
assuming that c = 0,andthat0 < a<b<2z. Let limf(r, 6) = h(@) on (a, b), 
r—l 

and let h(@) be extended outside (a, b) so that it is integrable on (0, 27) and peri- 
odie with period 27, with i h(@)d@ = 0. Let the interval (a, 8) be given, and 


0 
choose a’,a <a’ <a. 
Since the series in (3.1) is uniformly convergent for any r,0 <r < 1, we may 
integrate it term by term, m times, where m 2 gs + 2 and m > s, obtaining 
for any @ 


(3.2) (-)" Dd’ qn rie” + Pralr, 0) = 


nw—e = 


where P,,,_;(r, 0) is for each r a polynomial in 6 of citi <m-— 1. 
The series in (3.2) is the real or imaginary part of the series 


[ (@ — u)”™ “f(r, u) du, 


(3.3) > a.n-"2"; 


n=1 


oo 
since, by our hypotheses on the a, , the series > | a, | n~” converges, it follows 


n=1 
by Abel’s theorem that the function (3.3) approaches a limit as | z | — 1, uni- 
formly for all 6; its real and imaginary parts have the same property. The 
series in (3.2) therefore approaches 


(3.4) (—1)" DL ene, 
uniformly for all 6. 

For a’ <= @ Ss Bb’ (b > Bb’ > 8B), g(@) is a function of bounded variation and 
hence bounded. For 0 < r < 1, f(re"’) and f(re”’) are bounded, uniformly 
with respect tor. Hence f(re") is bounded in the sector 0 < r S$ l,a’ S 6 <b’, 
its real and imaginary parts have the same property, and 


lim [ f(r, u) du = [ h(u) du, 


rl 


boundedly for a’ < @ < b’. Integrating m — 1 times more, we find that 


lim = mL (@ — u)” “f(r, u) du = aim (@ — u)™ *h(u) du, 


rl (m 


fora’ < @ <= Db’. It now follows from a that lim P»_:(r, 6) exists for a’ S 
r-l 
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6 < b’ and is therefore a polynomial P,,_,(6) for a’ < 6 < b’. We then have, 
fora’ S60’, 


F,,(0) = (-—7)" = c,n"e™” = —P,,_1(6) ar — Lal (0 — u)” *h(u) du. 
Let the Fourier series of h(@) be 

(3.5) Xn (0 = 0); 

let 


@,(0) = (—i)" Do’ yan"e™; 


n=—oO 


since term by term rosin of (3.5) is legitimate, 


$20) = Qi +o | @- ww du (a 50 5 8, 
where Q,_:(@) is a sah of degree S m—1. Therefore 
Gn(8) = Fn(9) — Bu(0) = Rn«(O) (a S050’), 


where F,_:(8) is a polynomial of degree < m — 1. 
The trigonometrical series 


7 (en se vne™ 
satisfies the hypotheses of Theorem 1. If p(t) satisfies Conditions B,,(a’, b’), 
we shall have, by Theorem 1, 


(3.6) im { om (Cn — ye” — — [ Gn(pl(t) & 


km \n=—nj 


at Dy, {t — 6) i _ 
uniformly fora S @< 8. Weshall show that the limit of the integral in (3.6) is 
zero. 

We suppose, as we may, that p‘"’(a’) = p‘"’(b’) = 0 (n = 0,1, --- , m — 1); 
then G,,,(t)p(t) is of class C”(a’, b’), and its derivatives of order S m — 1 vanish 
at a’ and at b’. We integrate the we in (3.6) m times by parts, obtaining 


(3.7) [/ Dae - 9% Gao o00) at 


Since {G,,.(t)p(t)}‘” is of class C’(a’, b’), the Dirichlet integral (3.7) converges 
ona’ < 6 < b’ and uniformly on (a, 8) to {G,.(t)p(t)}‘"; on (a, 8), p(t) = 1 and 
{G,,(t)}°” = 0, so that this limit is zero. 

Referring to (3.6), and using the fact that (3.5) converges to h(@), a’ << @ <b’, 
we see that 


nk ‘ Nk : 
(3.8) lim SS ce’ =lim YS ye” = h(d) (a S$ 6S 8B). 


km n=—nj5 km n=—ny 
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The relation (3.8) holds uniformly if f(re"’) — g(@) uniformly, since h(@) is then 
continuous as well as of bounded variation. Since these results are true whether 
f(r, ®) is the real or imaginary part of f(re”), we obtain our conclusion. 


4. Theorems with large gaps. In §3 we considered power series with strong 
restrictions on their behavior on the circle of convergence, and small gaps in the 
coefficients. We now consider power series subjected to weak restrictions on 
the circle of convergence, but with large gaps. 

Let A(n) be a positive function of positive integers n, with lim (n)'"" S 1. 


We shall consider the class of power series 
(4.1) f(x) = La x” 
with 0 < x < 1, subject to 
lim |a, |"" = 1, 
and 
(4.2) a, = o(A(n)) (n — ow), 


We shall call this class C(A(n)). 


k 
We write, given a function (4.1), s = yo An . 


n=0 
THEOREM 3. For every class C(d(n)) there exists a positive function y(n) such 
that if f(x) belongs to C(d(n)) and if there is a sequence {nx} with lim n = 
kw 


and with a, = 0 for n <n < ne + ¢(nx), then for a suitable sequence {x,}, with 
lim z, = 1, 


no 


(4.3) lim { f(a) — s,,} = 0. 
ke 


Thus, if f(z;,) approaches a limit s (k — ) (in particular, if f(r) > s as rx 1), 
Sn, — 8; if 8, — 8, f(z.) — s (but f(x) does not necessarily approach s, as is 
easily shown by examples). 

TueoreM 4. For the class C(n™*) (r > 1), we may take x, = 1 — nz" and ¢g(n) = 
[r’n" log n). 

If r < 1, C(n™*) becomes the class of series with a, = o(n™'), for which 
Tauber’s theorem” gives a better result than Theorem 4 would. 


If nx + o(m) = mai, 80 that (4.1) has the form >> a,,x"* , Theorem 4 fails to 
k=0 


contain the “high indices theorem’? of Hardy and Littlewood;“* however, it 
gives, for the series to which it applies, more information than the high indices 
theorem does. 


13 Dienes [2], p. 465. 
4 Ingham [3]. 
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Theorem 4 could be sharpened somewhat at the expense of additional complica- 
tion in statement, but since it is by no means certain that even better results 
could not be obtained by more powerful methods, we leave the statement in the 
simpler form. 

To establish Theorem 3, we write 


a Nk 
(4.4) f(tx) — Sn, = >  anaie — Do a,(1 — af) = Si — Se. 
n=npeteo( nk) n=0 
Then 
Nk if Nk 
(4.5) | Se| < (1 — a:) >> n{a,| = 04(1 — 2) ¥ mnin)} (k — o), 
n=0 \ n=1 
Let w(n) be a positive function such that w(n) 2 1, w(n) — ~ asn — ~, and 
w(n) = Do par(p) (n = 1,2, ---). 
p=0 
Then, by (4.5), 
S. = o}(1 _ Xx )w(Nx) } (k = 2); 
S. = o(1) 
if X= 1 — 1 /w(n,). 
We have 
S: = » na,nz}. 


n=n-ereo (nk) 


Let k be so large that | a, | < eA(n), n > n, , where « > O is arbitrary. Then 


P 2 
PRE 
Nk + o(n.) n=ngete (nk) 


an e¥ (2x) 
me + g(x)’ 


nr(n)axz 


IIA 


where 


a 


v(x) = > nv(n)z". 


n=1 


We have xz = 1 — 1/w(n,); if then 
e(n) = ¥(1 — 1/a(n)), 


we have | S;| < «. This proves Theorem 3. 
To establish Theorem 4, we start again from (4.4); when A(n) = n’*, we may 
take w(n) = n’; and if x, = 1 — n,", Ss = o(1) (k > &). We now estimate S; 
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more precisely than before. Take k so that for n > nz, {an | < n™”, and write 
N=m,2=2,. Then 
4 


N+¢(N)-1 r—2 n—N—¢(N)+1 
"" s 2 


n=N+¢(N) 


S| 


IIA 


(4.6) . 
<2 ¥ z"(n +N + g(N)}". 


n=0 


Suppose first that r = 2. Then since N S ¢(N), we have 


2¢(N) Ed 
|Sil s ae | + 2 ) "in + 29(N)}"? = Si + Si. 


n=0 n=2¢(N) 
Then 
Si s 4° 7°¢(N)2?'"11 — 2)", 
Ss’ < gr? ") Zz 2" n™: 
n=l 
since 
("Hr %) reg aay 
n=0 n 
and 


we have 
” N —r+l1 
Ss Avi — 2)", 


where A is a suitable constant. Writing ¢(N) = N’u(N), and remembering 
that 1 — z = N’, we have (with a new A) 


|S] s ANT — NTP" + WY ). 


Under our hypotheses, u(N) ~ r° log N (N — «); an elementary computation 
shows that 


Q — NV)" Nn"? y(N) = o(1) (N > «); 
thus S; = o(1) (k > «) ifr 2 2. 
If 1 <r < 2, we have from (4.6) 


Si! < zh) ) x(n mn Qn)? 


n=0 


gr N07 a x)" 
~ fn" - wy. 


lA 


IIA 
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It is easily verified that the last expression is o(1) if u(N) 2 (2r — 1) log N 
for sufficiently large N; but u(N) ~ r° log N > (2r — 1) log N (since 1 < r < 2). 
This completes the proof. 
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ON ABSOLUTELY CONTINUOUS TRANSFORMATIONS IN THE PLANE 
By Trsor Rapé 


1. Introduction 


1.1. We shall be concerned with continuous transformations JT given in 
the form 


T: x = x(u, v), y = y(u, v), 


where x(u, v), y(u, v) are continuous in the closed fundamental square So:0 S u 
£1,021. Wedonot assume that T is bi-unique. Let us use K to denote 
any finite system of closed squares s in So, without common interior points. 
Let § denote the image of s and | § | the measure’ of 3. If there exists a finite 
constant M such that 

> |s|<M 

seK 
for every system K, then T is of bounded variation in the sense of Banach. If 
for every « > 0 there exists an 7 = n(e) > O such that 


LX |8| <e 


sek 


for every system K which satisfies the condition 
dX |8| < nf), 
seK 
then T is absolutely continuous in the sense of Banach (Banach [2]). 


1.2. A real function f(u) of the real variable u, continuous in an interval 
a < u S b, gives rise to a one-dimensional continuous transformation z = f(u). 
The theory of the transformations 7’, defined in §1.1, appears thus as a two- 
dimensional generalization of the theory of functions of a single variable which 
are of bounded variation and absolutely continuous, respectively. In the one- 
dimensional case, we know that if f(u) is of bounded variation, then f’(u) exists 
almost everywhere in the interval a S u S band is summable there. Further- 
more, if f(u) is absolutely continuous, then we have the fundamental identities 


(1) [ f’(u)du = f(b) — fla), 


(2) [ | f’(u) | du = V(J; a, b), 


Received November 29, 1937. 
1 If E is a measurable set, then | E | denotes the measure of E£. 
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where V(f; a, b) denotes the total variation of f(u) ina S u S b. Banach 
himself and subsequently Schauder (Banach [2], Schauder [1]) obtained a 
number of important results concerned with the two-dimensional theorems 
which correspond to the one-dimensional theorems stated above. In the two- 
dimensional case, f’(u) and | f’(u) | are replaced by certain generalized Jacobians, 
while the right sides of (1) and (2) are replaced by what may be called the 
signed area and the absolute area of the image of the fundamental square Sp , 
these areas being defined as the integrals of certain multiplicity functions. One 
of the main results of Schauder was extended in an earlier paper of the author 
(Radé [2]). The present paper contains a number of further contributions to 
the theory. 


1.3. We now make a few general statements concerning its contents. The 
methods of Banach and Schauder are based essentially on geometrical ideas, 
and one of the main purposes of the present paper is to explore more fully the 
geometrical background of the theory. Our methods will depend upon the 
following geometrical tools in addition to those developed and used by Banach 
and Schauder. We shall take advantage of certain simple facts concerning 
the topological index (see Part 3) which were not considered in their work.’ 
Simultaneously with the image of the fundamental square Sp under the trans- 
formation T we shall consider the kernel of this image (see Part 6). The kernel 
represents, in a sense, the stable portion of the image. The idea of the kernel 
has been used already in an earlier paper of the author (Radé [1]) as a possibly 
useful substitute for certain very complicated geometrical conceptions developed 
by Geécze in his work on the area of continuous surfaces.’ Finally, we shall 
utilize, in Part 10, the notion of total differentiability in a manner suggested by 
the investigations of Stepanoff on approximate differentiability (cf. Saks [1], 
Chapter 9). 


1.4. While the geometrical facts used by Banach and Schauder remain valid 
in n-dimensional Euclidean space, this is not always the case with those used 
in this paper, and the question of the validity of some of our results in spaces 
of higher dimension may lead to interesting problems. But in the two-dimen- 
sional case our methods yield new information concerning a variety of funda- 
mental questions and lead to a more complete theory, both in the way of more 
precise answers to problems partially solved previously and in the way of new 
problems which become accessible to discussion. On account of the number of 
definitions and topics it seems impractical to give at this time a detailed de- 
scription of the contents of this paper, and the reader is referred to §§3.2, 5.3, 
5.5, 5.6, 6.2, 6.8, 6.11, 7.8, 7.10, 7.11, 7.14, 8.6-8.9, 9.2, 10.13 for quick informa- 


2 See Kerékjirté [1] for the topological facts used in the sequel. 
3 See Radé [1] for references to the work of Geécze. 
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tion concerning individual items which may be considered as new contributions 
to the Banach-Schauder theory. 


1.5. Two-dimensional generalizations of the identities (1), (2) were investi- 
gated by many authors. While the principal formulas of the various theories 
are very similar in appearance, they may differ considerably in their meaning 
according to the definitions adopted. All the quantities appearing in our 
theorems have a definite geometrical meaning, but this is not generally the 
case in other theories, and therefore a comparison of results would be possible 
only on the basis of an adequate discussion of the geometrical background of 
the various theories. Such a discussion may lead to interesting and difficult 
problems, particularly in connection with the work of Young [1], [2], Burkill [1], 
[2], and Caccioppoli [1]. We shall restrict ourselves, in the body of the paper, 
to references to previous results which are directly comparable to ours. 


1.6. While our approach throughout the paper will be essentially geometrical, 
we shall make extensive use of the modern theory of differentiation and integra- 
tion.’ As might be expected, it will happen at times that we shall find it 
convenient or necessary to modify slightly certain well-known results and 
methods of the general theory. This will be the case in Part 2, in connection 
with the theory of non-additive set-functions due to Banach, and in Part 10 
in connection with the work of Stepanoff on approximate differentiability. 
Our more or less detailed presentation of such modifications is not meant to 
imply any claims to originality, and we give some details only to keep within 
reasonable bounds the amount of work left to the reader. 


1.7. In view of the number of permanent notations which will be used, we 
give here a list of notations which the reader is requested to consult whenever 
in doubt about the meaning of a symbol. In the following list each symbol is 
given together with a reference to the section where its meaning is explained. 

Point-sets: K, §1.1; So, s, §2.2; O, C, §2.7; S,, Bo, Bo, §4.1; & , §4.11; 
I, 1, Ik, I. , Re”, T*, b, b, §5.1; Ri , §6.2. 

Functions and functionals: Ng(z), N(z), §4.1; g.(z), §4.4; i(w), n.(z), n(z), 
§5.1; ¥,(z), v(z), §5.6; x(z), §6.8; G(s), D(w), §7.1; J(w), §7.10; P(s), I’(w), 
§8.9; E(u, v; uo, Vo), n(U, v; Uo, Vo), $10.2. 

Other symbols: D;, K,(O), K,(C), §2.7; D(s), §2.10; T, §4.1; p;, §4.3; 
| Ti, Tz ||, $6.1; BV, AC, §7.1; C({s;}; uo, vo), §10.4; C(T; uo, v0), $10.6; 
C(s; wo, % ; E), $10.10. 


1.8. To simplify the formulas, we shall omit the symbols dzdy and dudv 
in writing double integrals. Functions in the zy-plane will be assumed to be 


defined in the whole plane and equal to zero outside of a sufficiently large circle. 


* See Saks [1] for information concerning the theory of functions of real variables. 
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The range of integration will be indicated only in case it is different from the 
whole plane. The Lebesgue integral is used throughout the paper. 


2. On functions of squares 


2.1. We shall state in this section certain results of Banach [1] concerned 
with real-valued functions of sets F(E), in a form convenient for our purposes. 
Some of the functions F(Z) which arise in geometrical applications are defined 
originally only for certain very simple figures (like a region bounded by a 
simple closed polygon), and the range of definition of F(E£) fails then to possess 
the closure properties required in the general theory developed by Banach’ 
(see Banach [1]). In such cases, it may be possible to extend the range of 
definition of F(Z), but one may desire to avoid the labor involved in the process 
of extension and the loss of simplicity in the geometrical interpretation. It 
may also happen, as in the present paper, that one needs only facts which 
depend solely upon the values of F(Z) on squares. It might therefore be of 
interest to observe that the definitions and results of Banach, as far as they 
are needed in the sequel, can be modified in such a way as to involve only the 
values of F(Z) on squares, the necessary modifications in the proofs being 
rather immediate. Accordingly, we shall consider functions of squares, and our 
references to Banach are to be interpreted in the sense that our statements are 
more or less obvious modifications of, but not necessarily equivalent to the 
corresponding statements of Banach. 


2.2. We assume that the function of squares F(s) is defined for all closed 
squares s in the fundamental square 


S:0su sl, 0<v 1. 


F(s) will be said to be of bownded variation if there exists a finite constant M 
such that 


X | F(s)| = M 
j=1 
for every system of closed squares without common interior points (Banach 


[1}). 


2.3. F(s) will be said to be absolutely continuous if there exists for every 
¢€ > 0 an n(e) > O such that 


> | F(s)| <« 
j=l 


for every system of squares, without common interior points, which satisfy 
the condition® 

m 

Dd | si! < ale 

§=3 


5 The function of squares I'(s) of §8.9 comes under this description. 
6 Cf. footnote 1. 
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(Banach [1]). It follows immediately that the same inequality holds then also 
for infinite sequences of squares. This remark applies also to the inequality 
in §2.2. 


2.4. It is easily seen that F(s) may be absolutely continuous without being 
of bounded variation. If however F(s) is bounded, that is, if | F(s) | is less 
than a finite constant K independent of s, then absolute continuity implies 
that F(s) is of bounded variation.’ Indeed, consider the (¢) appearing in 
the definition of absolute continuity, and put 26 = n(e). Take a system 


8, +++ , 8m Of closed squares without common interior points, and assume first 
that |s;| < 6(j = 1, ---, m). Divide the system of squares into groups 
@, , --- , @ in such a way that in each group the sum of the areas is less than 


25. This can be done on account of our present assumption, and we have a 
grouping where the number k of groups is a minimum. In this extremal group- 
ing there is at most one group whose squares have a total area less than 4, since 
otherwise two of the groups could be thrown together. Hence 


(k — 1)8 S Do | s;| S$ |So| = 1, 
j=1 
and therefore 


1 
f< - 
kSl+;. 


But the sum >> | F(s) |, extended over the squares of any one group, is < 1 
by the definition of 6. Hence 


d | F(s)| Sk S14 


o|— 


Assume, in the second place, that | s;| 26(j = 1,---,m). Then 
ms = 2, |8;| S| So| <1, 


j=l 


and hence 


Dd | F(s)| < mK < %. 
j=1 6 
Clearly, we have then for any system of closed squares s;, --- , 8m Without 


common interior points, as a consequence of the preceding remarks, the in- 
equality 


Y |F(o)| 31+ 543, 
i=l 


which shows that F(s) is of bounded variation. 


7 Cf. Saks [1], p. 93 for the corresponding one-dimensional theorem. 
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2.5. Since the boundedness of F(s) was used only to control large squares, 
it follows that if F(s) is absolutely continuous, then there exist two positive 
constants M and 6, such that we have for every system of squares 8; , --- , 8m 
without common interior points the inequality 


m 


D | F(s)| < M, 
j=1 
provided that each square of the system has an area less than 6. 


2.6. Take a point (u, v) in So, and consider all possible sequences of closed 
squares s; such that (i) s; contains (u, v), (ii) s; is contained in Sp, and (iii) | s;| 
— 0. The least upper bound of lim sup F(s,)/| s; |, for all such sequences s;, 
is the upper derivative F’(u, v) of F(s) at (u, v). The lower derivative F’(u, v) 
is defined in a similar way. These derivatives may be equal to +0. They 
are always measurable (Banach, [1]). If F’(u, v), F’(u, v) are finite and equal 
at a point (u, v), then their common value is denoted by F’(u, v) and is called 
the derivative of F(s) at (u, v). If F’(u, v) exists almost everywhere in Sp, 
then it is measurable there. 


2.7. We shall use O to denote a relatively open subset of So, that is, a set 
which is the product of Sp and of an open set. C will denote a closed subset 
of So. The subdivision of S) into 7’ congruent squares will be denoted by 
D; , the class of those closed squares s of D; which are contained in O by K;(0), 
and the class of those closed squares of D; which have some point in common 


with C by K,(C). 


2.8. With these notations we have the following theorem (Banach [1]). Jf 
F(s) is absolutely continuous and if F’(u, v) exists almost everywhere in So , then 
F’(u, v) is summable and 


> Fe) 72 | [ F’(u, v) dudo, ee Foe | [ F'(u, v) dudv. 


aeK;(0) s¢Kj;(C) 


2.9. Suppose F(s) satisfies the following conditions. 


(i) F(s) 2 0. 
(ii) If s:, --+- , 8m are closed squares without common interior points, and if 
sis any closed square in So which contains s;, --- , 8m, then always 


> F(s) s FC). 


Then F’(u, v) exists almost everywhere and is summable in So. While this 
theorem is not explicitly stated by Banach, it follows immediately by his 
reasoning in Banach [1]. 
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2.10. Consider a closed square s in So. By a decomposition D(s) of s we 
Shall mean any finite or infinite sequence s;, --- , s;, --- of closed squares 
with the following properties. (i) The squares of the sequence have no com- 
mon interior points. (ii) s = >» s;(j = 1,2, ---). If we use subdivisions of s 
into congruent squares, the following statement is easily proved. Given, in s, 
a finite system of closed squares s; , --- , 8m Without common interior points, 
and given an e > 0, there exists a sequence Sm41, Smi2,--- Of closed squares 
with diameters less than ¢ such that s,, --- , 8m, Sm41,°*+ iS a decomposition 
of s. Ifthe given squares 8), ---, Sm constitute by themselves a decomposition, 
then the assertion is vacuously true. 


2.11. F(s) will be called normal if (i) F(s) is of bounded variation and (ii) 
we have F(s) < } F(s;) for every decomposition s;, ---, 8;, --- of s (ef. 
Banach [1)). 


2.12. If F(s) is normal, then F’(u, v) exists almost everywhere and is summable 
in So (Banach [1}). 


3. On the topological index 


3.1. It will be convenient to use complex numbers w = u + iv, z = x + ty 
in the sequel. Let there be given, on a Jordan curve C in the w-plane, a con- 
tinuous function z = f(w). If w describes C in the counter-clockwise sense, 
then z describes in the z-plane a directed closed continuous curve C, and if 2 
is a point not on C, then the change of the continuously varying argument of 
z — 2 = f(w) — wis of the form 27, where no is an integer (positive, negative 
or zero). This integer mo is called the topological index of the point z with 
respect to C. 


3.2. Suppose f(w) is continuous in the closed region bounded by a Jordan 
curve C. Let wo be a point interior to C, and put z = f(wo). Assume that 
f(w) ¥ 2 in and on C, except at wo. Let C and no have the same meaning 
as in §3.1. Then there exists a p > 0 such that for0 < | z — 2 | < p the equation 
f(w) = z has at least | no | distinct roots in the interior of C. By simple transfor- 
mations, this statement can be reduced to the special case wo = 0, z = 0 con- 
sidered in Radé [2]. 


3.3. Consider again a function f(w), continuous in the closed region bounded 
by a Jordan curve C. Let € have the same meaning as in §3.1. Take in the 
z-plane a point z not on C, and denote by Mc(f(w) — 2) the maximum of 


8 Cf. footnote 2. The notion of the topological index can be extended to spaces of 
higher dimension. With the exception of the lemma of 3.2, the facts stated in this chap- 
ter are special cases of well-known n-dimensional theorems. See also for further refer- 
ences Hopf [1]. 
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| f(w) — z | on C. Assume that the topological index of z) with respect to 
is equal to zero. Then there exists a function h(w) with the following properties: 

(i) h(w) ts continuous in the closed region bounded by C. 

(ii) h(w) = f(w) on C. . 

(iii) M(h(w) — 2) = Mec(f(w) — 2), where M(h(w) — 2) denotes the maximum 
of | h(w) — 2o | in the closed region bounded by C. 

(iv) h(w) # zo in the closed region bounded by C. 

Proof. Since the topological index of z with respect to C is equal to zero, 
we can write 


f(w) — 2% = | f(w) — 2 | (cos o(w) + 7 sin ¢(w)), won C, 


where ¢g(w) is single-valued, real and continuous on C. Since f(w) # 2 on C, 
the (real) logarithm of | f(w) — zo | is continuous on C. Let &(w), n(w) denote 
the solutions of the Dirichlet problem, in the closed region bounded by C, 
for the boundary conditions 


t(w) = log | f(w) — 2 | 9 
an eh bon Cc. 


Define, in the region bounded by C, 


h(w) = 2 + exp(&(w) + in(w)). 


Then A(w) is single-valued and continuous in and on C, and it is clearly different 
from 2 there. Obviously h(w) = f(w) on C. Finally we have 


| h(w) — 20 | = exp &(w). 


As £(w) is harmonic, it follows that | h(w) — 2 | takes on its maximum on the 
boundary, and as h(w) = f(w) on C, it is proved that 


M(h(w) — 2) = Me(f(w) — 20). 


3.4. For easier reference we state the following well-known theorem. Let ® 
be a closed bounded region in the w-plane, bounded by a finite number of 
Jordan curves C,, --- , Cm. Consider a function f(w) which is continuous 
and different from zero in ®. Denote by V; the change on C; of the continu- 
ously varying argument of f(w), the curve C; being described in the positive 
direction relative to ® (that is, the exterior boundary curve is described in 
the counter-clockwise sense, while the interior boundary curves, if any, are 
described in the clockwise sense). Then V; + --- + Vm = 0. 


® The use of harmonic functions could be avoided here, but the proof would be a little 
longer. 
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4. The function” N,(z) 


4.1. Throughout this paper T will denote a continuous transformation given 
by equations 


T: x = x(u, »), y = y(u, »), 
where x(u, v), y(u, v) are continuous in the closed square 
So: 0 Su sl, 0svel. 


We shall use also the complex notation w = u + iv,z = x + iy. Then T is 
given by an equation 


T: z = fw), 


where f(w) is continuous in Sy. The perimeter of Sp will be denoted by By. 
If w describes By in the counter-clockwise sense, then its image z describes a 
directed continuous curve which we shall denote by B). If E is a subset of 
So, and z a point in the z-plane, then Ne(z) will denote the number of distinct 
models of z in E (that is, the number of distinct solutions of the equation z = f(w) 
in the set #). If the number of models is infinite, then we put Ne(z) = ~. 
To simplify the formulas, we shall write N(z) for Ns,(z). The set of points z 
for which N(z) = & will be denoted by S, . 


4.2. Take a set Q in S,, and denote by Q its image in the z-plane. Take 
then a set E in the z-plane, and denote by E its complete model in So (that is, E 
is the set of all points w in Sp whose image is in E). We have then the obvious 
relation 


. N2(z) for z in E, 
Nao() = e for z not in EB. 

4.3. We shall use the symbols O, C, D; , K,;(O), K;(C) in the same sense as 
in §2.7. It will be convenient to use subdivisions D,,, where p; is the j-th 
positive prime. The following obvious remark will prove useful in the sequel. 
Given any point wo in the closed square Sy , there exists a 6 = 6(w)) > 0 such 
that for 7 > 6 the point w is comprised in exactly one closed square of the sub- 
division D,;. If wo is an interior point of So, then for 7 > 6 the point wo 
will be interior to some square of D,, . 


4.4. If s is a closed square in S,), then g,(z) will denote the characteristic 
function” of its image in the z-plane. As the image of s is a closed set, g,(z) 
is measurable. The following four lemmas (§§4.5-4.8) are obvious conse- 
quences of the definitions and of the remarks in §4.3 concerning D,, . 


10 This function was introduced in Banach [2]. 
1 The characteristic function of a point-set is equal to one at points of the set and equal 
to zero otherwise. 
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4.5. For every relatively open set O in So we have 


(3) DD  gs(z) qa= No(2). 


8 ¢ Kp (0) 
4.6. For every closed set C in Sp we have 


> = g.(z) saz’ Ne(z) for z not in S,. 


seKy (C) 
/ 


4.7. If EF, E,, --- , B;, «++ are sets in Sp such that 
E=[]&£, ia... SRBs., 


then 
Nz,(z) “ Nz(z) for z not in S,. 
4.8. If FE, E,, ---, Bj, --+ are sets in So such that 


E=2, EF, EC---C£,c..., 


i=1 


then Nz,(z) 7 Ne(z). 


4.9. We mention a few immediate consequences of the preceding remarks. 
For every j, the left side of (3) is a measurable function of z. Hence (3) shows 
that No(z) is a measurable function of z. In particular N(z) is measurable, 
and thus the set S, is also measurable. Similarly, it follows from §4.6 that 
N-{z) is measurable on the complement of S,. If S, happens to be of measure 
zero, then it follows that Ne(z) is also measurable for every closed set C in So. 


4.10. Take a measurable set E in Sy. Then we can represent £ in the form 


E=e+T, er = 0, le| = 0, r=>G, 
j=1 
where C,, --- , C;, --+ are closed sets such that C; C --- CC; C---. By 


§4.8 we have then 
Nz(z) = N.(z) + lim Ne,(z). 


Let @ be the image of e. Then N,(z) = 0 for z not in @. Hence by the final 
remark in §4.9 it follows that if T carries sets of measure zero into sets of 


~ 


measure zero, and if the set S, is of measure zero, then Nzg(z) is measurable 
for every measurable set E in So , and T carries measurable sets into measurable 
sets. The last assertion follows by the remark that the image of E is identical 


with the set where Ne(z) = 1. 


4.11. If s is a closed square in Sy , then &, will denote the set of those points 
zo for which there exists a 6 = 6(z) > O such that 0 < | z — 2 | < 6 implies 











we 
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N.(z) > N.(z). Then it is easily seen that &, is a denumerable set (Radé [2]). 
Note that the definition implies that each point of &, has at most a finite number 
of models in s. 


5. Auxiliary functions defined in terms of the topological index 


5.1. The continuous transformation 7 being given as in $4.1, two points 
Ww; , We will be called relatives if they have the same image. The set of those 
interior points of So which have a neighborhood clear of relatives will be denoted 
by I. Consider a point wp of J. Take a Jordan curve Cy in Sp which contains 
wy in its interior. If a point w describes Co in the counter-clockwise sense, 
then its image z describes a directed closed continuous curve C,. If the diam- 
eter of Co is small, then the image zo of wy will not be on Cy , and the topological 
index of zo with respect to Cy will be independent of the particular choice of Co 
by §3.4. This index depends therefore only upon w). We shall denote it by 
i(wy). Dropping the subscript zero, we define in this manner a function 7(w) 
onl. We put i(w) = Ofor win Sp) — I. Then i(w) is defined for every point 
in So. This function 7(w) was introduced by Schauder [1]. For every integer 
k we define a set J; as the subset of J where i(w) = k. Note that J» is the set 
such that (i) 7(w) = 0, (ii) w is interior to So , and (iii) w has some neighborhood 
clear of relatives. Finally we denote by J* the set where | i(w) | > 1 and by 
I, I, , I* the images of the sets J, J, , I*, respectively. The sets I, I,, I* are 
measurable for every continuous transformation T (Schauder [1]; for a some- 
what different proof see Radé [2]). 

Given a closed square s in So, we denote its perimeter by b. If a point 
describes b in the counter-clockwise sense, then its image in the z-plane de- 
scribes a directed closed continuous curve b. We define a function n,(z) as 
follows. For z not on 6, n,(z) is equal to the topological index of z with respect 
to b. For zon b, we put n,(z) = 0. This function n,(z) is clearly measurable. 
To simplify the formulas, we shall write n(z) for ns,(z). 


5.2. Lemma. For|k| > 1 the set I, is denumerable. 
Proof. Consider the subdivisions D,, of So. For every closed square s of 
D,, , consider the set ©, of §4.11, and put 


i=l \s €D,, 

By §4.11 the set S is denumerable. Hence it is sufficient to show that J, C S 
for|k| > 1. Take any point z in Z,,|k| > 1. Then z has some model 
win I,. For 7 large enough, wo will be interior to a square 8 of D,,; (see §4.3) 
and sp will contain no relative of wo. The topological index of z , with respect 
to the image of the perimeter of s  , will then be equal to i(wo) = k. By §3.2, 
we shall have then N,,(z) 2 |k| > 1 for z close to 2, while N,,(%) = 1. That 
is, 29 is in the set &,, and hence in S. 
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5.3. Since J* = }°7,, |k| > 1, we have the corollary: The image of the set 
where i(w) is different from 0, +1, —1 is a denumerable set, for every continuous 
transformation T. 

As an immediate consequence, we have the 

Lemma (added February 27, 1938). The set I* is also denumerable. In other 
words, we have |i(w)| S 1, except possibly on a denumerable set. 

Proof. Suppose I* is not empty. By the preceding corollary, I* is a finite 
or infinite sequence of points 2, ---, 2z;,---. Denote by E; the set of the 
models of z; in I*. Then J* = >> E;, and it is sufficient to show that E; is 
denumerable. Let w; be any point of Z;. As £; C I* CJ, the point w; has 
a neighborhood clear of relatives and hence clear of further points of E;, since 
all the points of £; are relatives of w;. Thus &; is an isolated and hence de- 
numerable set. 

We leave it to the reader to formulate the obvious implications of this lemma 
in connection with §§ 7.9, 7.10, 7.11, 8.6, 9.1. 


5.4. Suppose the point zo is not in the set S, + 7* + By. Then z has in 
So a finite number of models 
Wi, °*+, Wn, m = N(z), 


all of which are in the set J, but none of which is in the set J*. Hence all these 
models are in Jp + 74; + 71, and thus 


(4) 2(wy) + = + (Wm) _ N1,,(2) = N1_, (2). 


Take, for h = 1, --- , m, a Jordan curve C, contained in Sp and containing 
w» in its interior. If the diameter of C, is small, then clearly (i) 7(w,) is equal 
to the topological index of z with respect to the image C,, of C (ef. §5.1), (ii) the 


curves C,, --- , Cm are exterior to each other, and (iii) the closed region bounded 
by By, Ci, --- , Cm contains no model of z. Hence, by §3.4, 
(5) i(wi) + +++ + i(Wm) = n(z). 


From (4) and (5) we infer that 
(6) n(z) = Nz,,(z) — Ni_,(2) for z not in S, + I* + Bo. 


5.5. It follows from (6) that 
(7) | n(z) | S Nx,,(2) + Nr, (2) S N(z) for z not in S + I* + Bo. 


But n(z) = 0 on B,, and N(z) = «© on S,. Hence (7) holds on S, + Bo. 
We have therefore the theorem: We have | n(z) | S N(z), except possibly on a 


denumerable set. In a somewhat different fashion this theorem was proved 
in Radé [2]. 
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5.6. Given a closed square s in So, the set where n,(z) # 0 is open. The 
characteristic function y,(z) of this set is therefore measurable. Consider now 
the subdivision D,, of So, and define 


viz) = D ,(2). 


se Dp; 
We assert that 


viz) S N1,,(z) + Ni_,(2) 7 
(8) > for z not in S, + I* + Bo. 
vi(z) Fae Nr,,(z) + Nr, (2) } 

Proof. The assumptions imply that z has a finite number of models 
Wi, *-* , Wm, all of which are in the set Jo + J,, + J7_,. Let s be a closed 
square of D,;. If there is some model of z on the perimeter of s, then n,.(z) = 0 
and hence y,(z) = 0. If there is no model of z on the perimeter of s, then by 
§3.4 and by the definition of i(w) we have n,(z) = }° i(wx), the summation being 
extended over those models w, of z which are interior to s. Hence, only those 
squares s of D,; can contribute to ¥,(z) which contain in their interior some 
model w, such that i(w,) # 0. The number of such models, under the assump- 
tions made concerning 2, is equal to 


N1,,(2) + N1_,(2). 


As each contributing square of D,; contains at least one of these models in its 
interior, the inequality in formula (8) follows. 

Keeping z fixed, let us increase 7. By §4.3, for j exceeding a certain jo no 
square of D,, will contain more than one of the models w,, --- , wm of z and 
each of these models will be interior to a square of D,;. Take j > jo and denote 
by s, that square of D,; which contains w, (and no other model of z) in its 
interior (kh = 1, --- ,m). We have then, by the definition of 7(w), 


Ms,(z) = i(wa). 


As w» is in the set Io + Ji: + I, it follows that n,,(z) and hence y,,(z) is 
different from zero if and only if w, is in J,; + 7... That is, we have 


(9) > ¥s,(z) = Nr, ,(z) + Nz_,(2). 


On the other hand, we have 


(10) S +a x ve(2)- 


se Dp; 
Indeed, a square s of D,,; which is different from s, , --- , 8m contains no model 
of z and therefore n,(z) = 0 and hence y,(z) = 0 for such a square. (9) and 
(10) imply that 

¥i(z) = N1,,(2) + Nr.) 


for large j, and the second relation (8) is also proved. 
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5.7. Take a closed square sin Sp and consider a decomposition D(s) : s,,---, 
s; , «-+ in the sense of §2.10. The perimeter b; of s; is carried by T into a 
directed closed continuous curve b;. We assert that 
(11) y(z) < > ¥(2)  forznotinS,+1*+ B+ pa ® 

] i 

Proof. The assumptions imply that z has a finite number of models 
Wi, «++ , Wm, each of which is interior to some square of the decomposition 
D(s). For simplicity, denote by o; , --- , 0, those squares of D(s) which con- 
tain at least one model of z and by o; , --- , o, squares obtained by slightly 
contracting o; , --- , o,, respectively. Then, by §3.4, 

(12) Ne,(Z) = Moz(Z), --+ , Mo, (Z) = Nox (zZ), 

and . 

(13) ns(Z) = Nox (z) + --- + Moe(z). 

Suppose now first that y,(z) = 1. Then n,(z) # 0, and from (12) and (13) 
it follows that at least one of n,,(z), --- , me,(z) and hence at least one of 
Yo,(Z), --+ , Yo,(2) is different from zero, and thus (11) is obvious. Suppose 


secondly that y,(z) = 0. Then (11) is again obvious, since y.,;(z) 2 0. 


6. The kernel 


6.1. Given in Sp two continuous transformations 
T,: z = fi,(w), T:: z = fo(w), 


we define their distance || T; , Tz || as the maximum of | f,;(w) — fe(w) | in the 
closed square So. If 7;, T are continuous transformations given in Sp , such 
that || T, T; || — 0, then we shall say that T; converges to T. 


6.2. Given a continuous transformation T as in §4.1, we define, for every 
non-negative integer k, a set &, in the z-plane as follows. A point z belongs 
to &; if and only if there exists an e = e(k, z) > 0, such that for every con- 
tinuous transformation 


T*: z = f*(w), win So, 
which satisfies the inequality || T, T* || < «, the point zp has at least k distinct 


models in So with respect to T*. The set &o is then identical with the whole 
z-plane. Obviously, 8; D R2 D ---. We put 


&,, = IT &. 


k=0 


The set &;, may be called the kernel of order k of the image of Sy. Fork = 1, 
this concept was introduced by the author in a study of the area of continuous 
surfaces (Radé [1]) as a possible substitute for certain very complicated geo- 
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metrical concepts used by Geécze. Observe that some or all of the sets 
Ri, --- , Re, --- may be empty. 


6.3. The sets R, are measurable for every continuous transformation T. For 
k = 1, this was proved by Saks (see Radé [1]). For a general k the following 
simple reasoning may be used. For every positive integer m, define Ri. 
as the set of all points z) for which the following assertion is true: The point 
z) has at least k models in So with respect to every continuous transformation T* 
which satisfies the inequality || T, T* || < m™. Clearly 


Ri = ys Bio; 


m=1 


and therefore it is sufficient to show that &;., is measurable. Consider a 
point 2) which is not in Rx... Then we have a continuous transformation 7* 
such that 


(14) || T, T* || < m", N*(2) < k, 
where N*(z) denotes the number of models of z with respect to T*. Put 
n=m — || T, T* ||. 
Then » > 0. Take any point z; such that | z — z,| < 7. Let 
T: 2 = f(w), T*: 2 = f*(w), win So, 


be the equations of 7, 7*, respectively, and define a continuous transformation 
T by the formula 


T:2 = f*(w) +2 — 2. 


Denote by N(z) the number of models of z with respect to T. Clearly 


(15) N(z:) = N*(z2), 
and 
(16) || 7,7 || S| 7, T* |] + || T*%, Pil < | 7, T* || +9 = mm". 


By (14), (15), (16) we have 
17,7 \|<m", Na) <k. 


Hence z; is not a point of Ry,. That is, for every point z of the complement 
of Rx .m there exists an 7 > 0 such that every point z, , for which | 2; — 20 | < 2, 
is also a point of the complement of &;,,. In other words, the complement of 
Rim is open, and hence Rx,» is measurable. 

6.4. Take a point z such that z is not in S, + I* + B,. Then the loca- 
tion of z9 with respect to the sets &, can be discussed as follows. The assump- 
tions imply that 2) has a finite number of models, all of which are in Ip + Is: 
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+1_,. Denote by w,, --- , w; those of the models which are in J,, + J_,, 
and by wei1, --- , Wm those which are in J)». Forj = 1, --- , k, take a small 
circular dise d; with center at w;. The perimeter c; of d; is carried by T into 
a directed closed continuous curve ¢;. The topological index of zo with respect 
to é; is then equal to i(w;) = +1. If we take a second continuous trans- 
formation 


T*: 2 = f*(w), win So, 


and if || 7, 7* || is sufficiently small, then the topological index of z) with respect 
to the image é} of c; under 7* will be equal to the topological index of zo with 
respect to @;, and hence it will be also equal to +1. If we apply the theorem 
of §3.4 to the function f*(w) — 2 in the dise d; , then it follows that the point 
z has at least one model in d; with respect to T*. That is, if || 7, T* || is 
sufficiently small, then z has at least k models with respect to T*, namely, 
at least one in each of the dises d; , --- ,d,. Hence z isin &;. 

On the other hand, we shall see presently that zo is not in Ri4:. To prove 
this, we shall exhibit for any given « > 0 a continuous transformation T* 
such that 


| T, T* | < 6 N* (zo) <k + 1, 


where N*(z) is the number of models of z with respect to T*. Let d;,c;, 6; 
have the same meaning as before, except that this time we consider j7 = 
k+1,---,m. Again, for d; small, the topological index of z with respect to 
é; is equal to 7(w,;) and hence equal to zero (j = k + 1,---,m). Furthermore 
if d; is small, then the maximum of | f(w) — 2 | on the dise d; will be less than 
«/2. Hence, by §3.3, we have a function h;(w) with the following properties. 

(i) h;(w) is continuous on d; . 

(ii) h;(w) = f(w) on c;. 

(iii) The maximum of | h;(w) — 2 | on d; is less than ¢/2. 

(iv) h;(w) ~ % on d; ° 
We define now a continuous transformation 


T*: 2 = f*(w), win So, 


as follows: f*(w) = h;(w) on d; (j = k + 1, --- , m) and f*(w) = f(w) other- 
wise in So. Then clearly || 7, T* || < ¢, while the models of z with respect 
to T* are exactly the points w, , --- , we. Hence N*(m) < k + 1, and as e 
was arbitrary, this proves that 2 is not in Ris. 


6.5. The result of §6.4 may be stated as follows. Take a point z not in 
S.+1*+ B. Put 
k= N1,,(2) + N,_,(2). 
Then z is in &, , but not in Ry. 


6.6. Obviously, N(z) = k on &; . 
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6.7. In So, take a sequence of continuous transformations 7; such that 
T; + T. Denote by &{” the set defined in the same way in terms of 7’; as 
R, was defined in terms of T. Suppose k is finite and take a point z in &; . 
Then z is also in &{” for sufficiently large j. The proof is obvious (cf. Radé [1] 
for the case k = 1). 


6.8. We define now a function «x(z) as follows. «(z) = kin R, — Ry, if k 
is finite, and x(z) = +0 in R,. The preceding sections imply then the fol- 
lowing facts concerning x(z). 


6.9. x(z) is measurable, by §6.3. 
6.10. x(z) S N(z) by §6.6. 


6.11. By §6.5 we have 
(17) x(z) = Nr,,(z) + Nr_,(2) for z not in S, + I* + B. 
6.12. Given in Sp a sequence of continuous transformations 7; such that 


T ; — T, let «;(z) be defined in the same way in terms of 7; as x(z) was defined 
in terms of T. Then we have the relation 


«(z) & lim inf «;(z). 


772 


This follows immediately from §6.7. 


6.13. Combining §6.11 and §5.6 we obtain the relations 
dD ylz) S «(z) 


a for znot in S, + I* + Bo. 
do v(z) Fa (2) 


6.14. From §5.4 and §6.11 we infer that 
| n(z) | = | Nx,,(2) — Ni, (2) | S Ni.,@) + Ni.) = x2), 
for z not in S, + 7* + Bo. 
7. Questions of summability 


7.1. The continuous transformation T being given as in §4.1, take a closed 
square s in S,, denote by g,.(z) the characteristic function of the image of s, 


and put 
a = | | oe 
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If the function of squares G(s) is of bounded variation, in the sense of §2.2, 
then we shall say that T is BV (of bounded variation in the sense of Banach). 
If G(s) is absolutely continuous, in the sense of §2.3, then we shall say that T 
is AC (absolutely continuous in the sense of Banach). Clearly, G(s) < G(Sp); 
that is, G(s) is bounded. Hence, by §2.4, absolute continuity implies bounded 
variation in the present case. Obviously, G(s) possesses the property (ii) of 
§2.11. Hence, if 7 is BV, then G(s) is normal in the sense of §2.11. By 
§2.12, the derivative of G(s) exists then almost everywhere in Sy), and it is 
summable there. We shall denote the derivative of G(s) by D(w). 


7.2. If T is BV, then N(z) is summable (Banach [2]). Indeed, by §4.5 we 
have (special case O = Sp) 


(18) > 9g:(z) Fae N(2). 


se Dp; 


Also, since T is BV, 


(19) / [ (Ea) = 5 60) <M, 


8¢Dp; 


where M is a finite constant independent of the subdivision used. By a well- 
known theorem of Fatou,” (18) and (19) imply the summability of N(z). As 
a corollary it follows that the set S, of §4.1 is of measure zero if T is BV 
(Banach [2)). 


7.3. The following remark will prove useful. Take, in S), any system 


81, -++ , 8m Of closed squares without common interior points. Then 
(20) X g.,(2) $ 4N(2). 
} 


Indeed, no model of z is contained in more than four of the closed squares 
8, °°* » Su- 


7.4. Suppose 7’ is such that the corresponding function N(z) is summable. 
Integration of (20) yields then 


X Gis) <4 / / N(), 


for every system of closed squares without common interior points. Hence T 
is BV. By §7.2 we have therefore the theorem: T is BV if and only if N(z) 
is summable (Banach [2]). 


12 See Saks [1], p. 29. 
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7.5. Assume T is BV. For every relatively open set O (see §2.7) we have 
by §4.5 and §7.3: 


(21) 2 g.(z) j= No(z), 
and 
(22) i. g.(z) S 4N(z). 


As N(z) is summable, (22) implies by a well-known theorem of Lebesgue that 
term-wise integration of (21) is permissible. Hence 


(23) > Gs) = / J No(z). 


#¢ Kp,(0) 


7.6. If C is a closed set in Sp, then it follows in a similar fashion, by §§4.6, 
7.2, 7.3, that 


roe | re, 


eeKp(C) 


if T is BV. 


7.7. Assume T is BV. Take a relatively open subset O of Sy. Define a 
function ¢;(w) as follows. If w is interior to a square s of K,,(O), then ¢;(w) 
= G(s)/|s|. Otherwise ¢;(w) = 0. Then ¢;(w) — D(w) almost everywhere 
on O and ¢;(w) — 0 almost everywhere on So — O. Also 


(24) [ [em= Faw. 


Hence, by the lemma of Fatou, 


J [ D(w) = lim. inf / I ¢i(w), 


and thus by (23) and (24) 


[ [rms f [ rote. 


Similarly it follows that we have for every closed set C in So: 


[ [os | [ ree, 


if Tis BV. In particular, forO = S), we have 


[ [os [ xe. 
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7.8. THrorem. Suppose T is BV. Let E be a subset of Sy such that the 
image E of E is of measure zero. Then D(w) = 0 almost everywhere on E.”* 
Proof. Since N(z) is summable, we have for every positive integer j a 
6; > 0 such that, if a measurable set S in the z-plane satisfies the inequality 


| S| < 6;, then we have 
/ [ N(z) <j". 


As E is of measure zero, we have an open set 0; such that 
Ec 0,;, |0;| < 4;. 


Denote by O; the complete model of O; (that is, the set of all points w whose 
image isin O;). Then O; is clearly a relatively open subset of So , and EC O;. 
Hence, by §7.7, 


| [2% s [ [Xe = [ [x <j". 


Put 


Then 


[ [rs ff ro <7 


for every positive integer j7. Hence 


If D(w) = 0, 


and thus D(w) = 0 almost everywhere on © and a fortiori on the subset E of Q. 


7.9. By §5.3 it follows from §7.8 that if T is BV, then D(w) = 0 almost 
everywhere on the set /* where | 7(w) | > 1. Consider now the set Sp — I. 
The perimeter By of So is of measure zero, and the image of (So — J) — Bo 
is comprised in the set S, which is of measure zero by §7.2. Hence, by §7.8, 
D(w) = 0 almost everywhere on So — J. Summing up, we have the 

Tueorem. If T is BV, then D(w) = 0 almost everywhere on the set Sy — (Io 
+I1.,,+ I). Hence 


[ [r= ff ow+ ff vw+ ff re, 


13 Schauder proved this theorem under the assumption that 7 is AC (Schauder [1)}). 
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7.10. Assuming that T is BV, we put J(w) = i(w)D(w). This generalized 
Jacobian J(w) was introduced by Schauder [1]. As 7(w) may be equal to 
any integer, it is interesting to note the 

TueoremM. [If T is BV, then | J(w) | S D(w) almost everywhere in So. 

Indeed, on the set where | J(w) | > D(w) we must have | i(w) | > 1 and 
D(w) # 0, and this set is of measure zero by §7.9. 


7.11. In order to secure the summability of J(w), Schauder [1] assumed that 
T is BV and that i(w) is bounded. The author [2] proved then that J(w) is 
summable if T is AC. As a consequence of §§7.10 and 7.1 we can state at 
present the 

TuHeoreM. [If T is BV, then J(w) is summable. 


7.12. If T is BV, then J(w) = 0 almost everywhere on the following sets: 
(i) on So — (Io + Ia: + I-14), since there D(w) = 0 almost everywhere by 
§7.9; (ii) on Ip , since there i(w) = 0. Thus the set where J(w) ¥ 0 is a subset 
of I,, + I_, , if we disregard sets of measure zero. Hence we have the formulas 


[ f.se= ff rm - ff de, 
[ f.iseoi= ff vo + ff row 


7.13. Let E be a measurable subset of So. A reasoning similar to that in 


§7.12 shows that 
fff mo 
J fiscoi= ff oo+ ff, ove 


where Ey, = I,,E, EL = IE. 


7.14. Comparison of §§7.2 and 5.5 yields the theorem that if T is BV, then 
n(z) ts summable. This fact was already proved in an earlier paper of the 
author (Radé [2]). 


7.15. Comparison of §§7.2 and 6.10 yields the theorem that if T is BV, then 
x(z) ts summable. 


8. Integral identities 


8.1. Suppose the continuous transformation 7, given as in §4.1, is AC 
(see §7.1). Take in So a set e of measure zero. Denote by é the image of e. 
Given then any « > 0, take in S) a relatively open set O such that e C O and 
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|| O || S n(e), where n(e) is the quantity appearing in the definition of absolute 
continuity (see §2.3). We can write 


O0=2 5, 


j=1 





where s;, --- , 8;, --+ are closed squares without common interior points. 
If O, 8; are the images of O, s; , respectively, then it follows that 
i) oo 


\O}<s Vlsjl= Las) se 


j=1 j=1 


since 
2 |8;| = |0| < nfe). 


As @ is a subset of O and « is arbitrary, it follows that @ is of measure zero. As 
T is also BV by §7.1, the set S, of §4.1 is of measure zero by §7.2. Hence, 
by §4.10, we have the theorem: If T is AC, then sets of measure zero are carried 
into sets of measure zero, measurable sets are carried into measurable sets, and for 
every measurable set E in So the function Nz(z) is measurable (Banach [2]). 





8.2. Assuming that T is AC, we obtain from §§2.8, 7.5, 7.6 the formulas 


| [200 | | No(2), / [ D(w) = J J Ne(2), 


where O is any relatively open subset and C any closed subset of Sy). The 
special case O = Sp is due to Banach [2] and both formulas are special cases of 
a theorem of Schauder which we shall derive presently from the preceding 
formulas. 


8.3. Suppose T is AC, and take any measurable set E in Sy. We can write 


E=e+T=e+D Gj, 


j=1 
where C, , C2, --- are closed sets and 

|e| = 0, el = 0, 6céc ecee 
We have then 


[[meo-=f [ros fme =| [m0, 


since N,(z) = 0 for z not in the image é of e, and @ is of measure zero by §8.1. 
Also, by §4.8, 


Ne;(z) + Nr(z), 
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[ [xan f [ xe. 
/ [ Dw) — J i Dw) = | [ D(w), 
and by §8.2 we have 
If. pw) = | f Nese. 


Combining these relations we obtain the 
TueoreM. If T is AC, then we have 


(25) / [ D(w) = / / N;(2), 


for every measurable set E in So (Schauder [1]). 


and hence 


Obviously 


8.4. We have seen that if T is AC, then T is also BV and sets of measure 
zero are carried into sets of measure zero. Conversely, if T is BV and if sets 
of measure zero are carried into sets of measure zero, then T is AC (Banach [2], 


Schauder [1]). This statement is a special case of certain general results of 
Saks [2]. 


8.5. Since N,(z) = 0 for z not in the image E of E, the theorems of §§8.3 
and 7.8 imply that if T is AC, then the image E of a measurable set E is of 
measure zero if and only if D(w) = 0 almost everywhere on EZ. Schauder [1] 
contains a number of interesting applications of this fact. 


8.6. If T is AC, then the set S, + I* + By, of §5.4 is of measure zero by 
§§7.2, 8.1, 5.3. Integration of formula (6) in §5.4 yields therefore 


[ [re = [ [rue = [ [ xn. 


By §§8.3 and 7.12 this gives the 
Tueorem. If T is AC, then 


(26) | [10 =| [ m, 


Schauder [1] proved this formula under the assumption that 7(w) is bounded. 
For the general case the formula was proved, in a less direct way, by the author 
(Radé [2]). 
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8.7. If T is AC, then integration of (17) in §6.11 yields 


[[« - [ [xe +] [ xn, 


and by §§8.3 and 7.12 we obtain the 
TueorEeM. If T is AC, then 


(27) J [iseoi= f fom 


8.8. Consider now, in S,, a sequence 7; of continuous transformations, 
such that 7; — T in the sense of §6.1. By §6.12 we have then 


x(z) < lim inf «,(z), 


7—-@ 


and therefore, by the lemma of Fatou, 


/ J x(z) S lim inf J / x;(z), 


provided only that the integrals involved exist. By §§6.10, 7.1, 7.2 this is 
certainly the case if the transformations involved are BV. If they are also AC, 
then §8.7 yields the 

Tueorem. If T; — T in So, and if all these transformations are AC, then 


(28) Jf, \-re1 | tim int ff | acy}. 


In this statement, J ;(w) has the same meaning with respect to 7; as that of 
J(w) with respect to T. Formula (28) expresses the fact that the integral of 
| J(w) | over Sp is, in its dependence upon T, a lower semi-continuous functional. 


8.9. We shall derive presently a new geometrical interpretation for J(w) and 
| J(w) |. Assuming that 7’ is AC, let us consider the function y,(z) of §5.6. 


We put 
T(s) = [ [ros 


That is, '(s) is the measure of the set where n,(z) # 0. From §3.4 it follows 
readily that this set is comprised in the image of s. Hence ['(s) S G(s). By 


14 While formula (25), for E = So, and formula (26) give geometrical interpretations for 
the integrals of D(w) and J(w), respectively, formula (27) gives such an interpretation 
for the integral of the absolute value of the generalized Jacobian. The geometrical mean- 
ing of this last integral was not considered by Banach and Schauder. Formula (27) may 
be considered as an expression for the area of the stable portion of the image of the fun- 
damental square Sp . 

15 The function of squares I'(s) has already been used in Radé [1]. 
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assumption G(s) is absolutely continuous, and therefore ['(s) is a fortiori abso- 
lutely continuous. As the set S, + J* + By is at present of measure zero, 
we obtain by integrating formula (11) of §5.7 the inequality 


rs) < Drs) 


for every decomposition D(s):s; , s:, --- of every square s in Sy. Thus the 
function of squares I'(s) is normal in the sense of §2.11. By §2.12, its derivative 
T’(w) exists almost everywhere and is summable in S). By §2.8 (special case 
O = So) we have therefore 


Tro | [ re, 


On the other hand, formulas (8) of §5.6 yield by integration the formula 


oy I(s) re [ [m0 + [ [xo 


By §§8.3 and 7.12 we have 


[[rno+f fano= ff vm+ ff do = J [ise 
Hence 
[ [r= f [isco 


Observe now that T is AC in every square s in Sp , and that I'’(w), J(w) depend 
only upon the local behavior of T. The preceding formula remains therefore 
valid if we replace So by any square sin Sp. That is, 


[ [reo = ff isc0r) 


for every square sin So. Hence 

(29) | J(w) | = I’(w) 
almost everywhere in So. We assert that we have also 
(30) J(w) = i(w)I"(w) 


almost everywhere in So. If J(w) = 0, then I'’(w) = 0 by (29), and (30) is 
true. If J(w) ¥ 0, then (cf. §7.12) w is in the set J,, + J_, (if we disregard 
sets of measure zero), and therefore J(w) has the same sign as i(w) = +1. 
Thus (30) is obvious in this case also. 
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9. Transformation of double integrals 


9.1. Assuming that the continuous transformation 7, given as in §4.1, is AC, 
we shall discuss the range of validity of the formula of transformation 


(31) J [, aaconsew = ff acne, 


where H(z) is a measurable function. Schauder discussed (31) under the addi- 
tional assumption that 7(w) is bounded. Inspection of his work shows that 
he used this assumption only to secure the summability of J(w) and of n(z). 
Since we know that J(w) and n(z) are automatically summable as soon as T 
is BV (see $§7.11, 7.14), we are in a position to generalize the results of Schauder. 
Following his line of reasoning” we would obtain immediately the theorem 
that (31) holds whenever both integrals involved exist in the Lebesgue sense. 
We shall indicate briefly a different proof which leads to a more precise result. 
This proof is based upon the analogous formula 


(32) J [ 29s) = [ [ nece, 


interesting in itself, which we shall establish simultaneously. 


9.2. We shall prove the following 
Tureorem. If T is AC, and if H(z) is measurable and finite,” then the four 
functions 


(33) H(f(w)) |J(w)|,  H(f(w))J(w), Hx), H(@)n(2) 


are measurable. If any one of the first three functions is summable, then all four 
functions are summable, and the formulas (31) and (32) are both valid. 
Remark. The example 


Patina for0sus34,08S0 81, 
‘Wet<nawe for} Susl1osvasl 


shows that the existence, in the Lebesgue sense, of the right side of (31) does 
not imply generally the existence of the left side. 


9.3. We proceed to prove the various assertions of the preceding theorem. 
In the z-plane, consider a set of finite functions H ;(z), H(z) such that H ;(z) H(z) 
almost everywhere. We assert that 


(34) H(f(w)) | J(w) | > H(f(w)) | Jw) |, Hi(f(w))J(w) > H(f(w)) J (w) 


16 In Schauder [1]. 
17 That is, H(z) # +». The assumption of finiteness does not imply boundedness 
and is made only to ayoid trivial discussions. 
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almost everywhere in Sy. Indeed, denote by E the set on which the relation 
H ,(z) — H(z) does not hold. By assumption | E | = 0. Let E be the com- 
plete model of E.” On S — E we have H (f(w)) — H(f(w)), and (34) is obvi- 
ously true on this set. By §7.8, we have D(w) = 0 and hence J(w) = 0 almost 
everywhere on £, and thus (34) holds almost everywhere in Sp . 

The same kind of reasoning shows that if we are given two finite functions 
H(z), H2(z) such that H,(z) = H(z) almost everywhere in the z-plane, then 
we have also 


Hi(f(w)) | J(w) | = H2(f(w)) |J(w)|, — Ai(f(w)) Jw) = H2(f(w)) J (w) 


: 19 
almost everywhere in Sp . 


9.4. Suppose now that H(z) is finite and measurable in the z-plane. We 
have then a sequence H ,(z) of continuous functions such that H ;(z) — H(z) 
almost everywhere. The functions H ;(f(w)) being continuous, it follows by 
§§2.6, 5.1, 6.8, 9.3 that the functions (33) are measurable. 


9.5. Denote by C* the class of all those finite measurable functions H(z) 
for which the formula (32) holds. We shall show that C* contains certain 
simple functions, and we shall discuss then (32) by means of the following 
remarks. 


9.6. If Hi(z), --- , Hm(z) are in C*, and if a,, --- , dm are constants, then 
a,H,(z) + --- + @mH,,(z) is also in C*. The proof is obvious. 


9.7. Suppose H ,(z), H(z) are finite measurable functions, such that H ;(z) 
— H(z) almost everywhere. Suppose also that H ;(z) is in C* (j = 1, 2, ---). 
By §9.3 we have then 


(35) H (f(w)) | J(w) | > H(f(w)) | Jw) | 
almost everywhere in So , while by assumption 
(36) H ,(z)x(z) > H(z)x(z) 


almost everywhere in the z-plane, and 


/ [ HAS) | Iw) | = / J Hiz)ulz) 


forj = 1, 2, --- . Hence H(z) will belong to C* whenever it is permissible to 
integrate term by term the relations (35) and (36). By well-known theorems 
on term-wise integration,” this will be clearly the case under the following 
circumstances (note that | J(w) | and «(z) are summable and non-negative). 


18 That is, E is the set of all those points w in Sy whose image is in E. 

1° Tt follows that if we change the values of a function H(z) on a set of measure zero, 
then the values of the integrands on the left sides of (31) and (32) are changed at most 
on a set of measure zero. 

20 Cf. Saks [1], Chapter 1. 
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Case (a). | H(z) | < M, where M is a finite constant independent of j. 

Case (b). H(z)x(z) and H(f(w)) | J(w) | aresummable, and | H ;(z) | S | H(z) | 
almost everywhere. 

Case (c). H,(z) = 0, H,(z) 7 H(z) almost everywhere, and one of the 
functions H(f(w)) | J(w) |, H(z)«(z) is summable. 


9.8. Suppose now that H(z) is the characteristic function of a bounded 


open set O in the z-plane. Denote by O the complete model of O. Then O 
is clearly open relative to Sp, and H(f(w)) is the characteristic function of O. 
By §6.11 we have 


x(z) = Nr,,@) + Nr_,@) 


almost everywhere. By integration we obtain, with regard to §§4.2, 8.3, 7.13, 


| [ Ho - / [ ce) = | [ Nie) + f [ Ni_,(2) 
=[[ro.@+ffxom=ff vo+f [rw 
= ff sc5o = { [merce | 30 |, 


That is, the characteristic functions of bounded open sets in the z-plane belong 
to the class C*. 


9.9. By §§9.6, 9.8, 9.7(a) it follows that every bounded measurable function 
H(z) belongs to C*. 


9.10. By §§9.9 and 9.7(b) it follows further that if H(z) is measurable and 
finite, and if H(f(w)) | J(w) | and H(z)«x(z) are both summable, then H(z) belongs 
to C*. 


9.11. From §9.6(c) and §9.9 we infer that if H(z) is measurable, finite, and 
non-negative, and if one of the functions H(f(w)) | J(w) |, H(z)x(z) is summable, 
then H(z) is in C*. 

9.12. To discuss the general case, let us use the notations 

r’ = max(r, 0), r = min(r, 0), 


where r is a real number. If r is a function, then r°, rare called the positive 
part and the negative part of r, respectively. Consider then a finite measurable 
function H(z). As | J(w) | 2 0, x(z) 2 0, we have 


[H(f(w)) | J(w) FF = [A(f(w))F | J(w) |, [A «(2 FF = [AF (2). 


If we observe that a function is summable if and only if its positive part and 
its negative part are both summable, it follows immediately from §9.11 that 
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if H(z) is finite and measurable, and if one of the two functions H(f(w)) | J(w) |, 
H(z)x(z) is summable, then H(z) belongs to C*. Thus the assertions in §9.2 
concerning the formula (32) are proved. 


9.13. The formula (31) can be discussed in a similar fashion. Starting with 
the remark that 


n(z) = Nr,,(2) — Nr_,(2) 


almost everywhere by §5.3, we can show by a reasoning similar to that in 
§9.8 that (31) holds if H(z) is the characteristic function of a bounded open 
set in the z-plane. From this we infer again (ef. the reasoning in §9.9) that 
(31) holds for every bounded measurable function H(z). 


9.14. From this it follows again (cf. §9.10) that if H(z) is finite and measur- 
able, and if H(f(w))J(w), H(z)x(z) are both summable, then (31) holds. 


9.15. From this point on, however, the argument used for (32) does not 
apply, since n(z), J(w) are not necessarily of constant sign. Assume, however, 
that H(z) is finite and measurable, and that H(f(w))J(w) is summable. Then 
| H(f(w)) |-| J(w) | is also summable, and by §9.12 this implies the summability 
of | H(z) | x(z). As | n(z) | S x«(z) almost everywhere by §6.14, it follows that 
H(z)n(z) is also summable. Thus H(f(w))J(w) and H(z)n(z) are both sum- 
mable, and hence (31) holds by §9.14. This completes the proof of the the- 
orem of §9.2. 

10. Special transformations 


10.1. Given the continuous transformation T as in §4.1, let us assume that 
the partial derivatives x, , 2, Yu, Yo exist almost everywhere in Sp. We take 
an interior point (uo , v0) of Sp and we put™ 


a(uo, vo) = 2°, y(uo, vo) = y’, Tu(Uo, Vo) = tu, t,(uo, Vo) = xe, 
YulUo, Yo) = Yu,  —Yo(Moy %) = Yo, Luo — Ten = A’. 
We shall consider the auxiliary transformation 
a fe = ao + (uw — w)re + (v — m2, 
y=y + (u— wy. + (v — w)ys. 
10.2. Let us put, for (u, v) # (uo, v), 


0 0 0 
THU, Vv) — TF — (Um Ue)Zy ~ \W — Vo)Te 
E(u, 0; wo, v9) = ur) (u — wo)ty — (0 = Wo) 








y(u, v) — y? — (u— wy — (v — voy’ 
[(u — wo)? + (v — v)*}! 


n(u, 0; Uo, Mo) = 





21 (up , vo) is a point of the set where xz, , 2, Yu, Yo exist. 
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If 
(37) E(u, ¥; Uo, Vo) — 0, nu, v; Wo , %) — O for (u, v) — (uo, v), 


then z(u,v) and y(u, v) are termed totally differentiable at (uo , v). Rademacher 
and subsequently a number of authors established various important geo- 
metrical results by methods based on the notion of total differentiability.” 
We shall state presently a few simple facts which played an important part 
in this line of work and which we shall apply then to the transformations studied 
in this paper. 


10.3. Suppose x(u, v) and y(u, v) are totally differentiable at (uo, m). Take 
a sequence of closed squares s; such that s; C Sp, (uo, %) €8;,|8;|—~0. The 
following facts are then readily established by comparing T with the auxiliary 
transformation 7™*. 

(a) G(s;)/| 8; | — | A’ | (see Rademacher [1]). 

(b) T(s;)/| s; | | A° | (see Rado [1)). 

(c) If A’ ¥ 0, then Ne, (2, y’) = sgn A’ for large 7 (Rademacher [1], Schauder 
[1]).” 

These relations are fundamental in the study of many problems concerned 
with situations where x(u, v), y(u, v) are totally differentiable almost every- 
where in Sp. According to Rademacher [1], this condition is satisfied whenever 
x(u, v) and y(u, v) satisfy the Lipschitz condition. In this case it follows from 
the relations (a) and (ec) in $10.3 that the generalized Jacobian of §7.10 is 
equal to the ordinary Jacobian A = x,y, — x,y, almost everywhere in Sp (Rade- 
macher [1], Schauder [1]). We shall obtain a generalization of this result by 
means of the following remarks. 


10.4. Let us say that a sequence {s;} of closed squares s; satisfies the con- 
dition C({s;}; uo, vo) if the following statements are true. 

(i) 8; C So. 

(ii) (uo , ¥) € 8;. 

(iii) | s; | — 0. 

(iv) (uo, v) is not on the perimeter b; of s; . 

(v) We have 


max | £&(u, v; Uo, vo) | > 0, max |n(u, v; uo, %) | > 0. 
(u,v) €b; (u,v) €b; 


10.5. Inspection of the very elementary proofs” of the relations (a), (b), 
(c) in §10.3 shows that in proving (b) and (c) we are using the assumptions (37) 
only for points (u, v) on the perimeters of the squares s;. It follows that the 


22 See Saks [1], Chapter 9 for references. 
23 Tf A®° > 0, then sgn A® = +1, and if A° < 0, then sgn A® = —1. 
2: Cf. the detailed presentation in Radé [1]. 
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relations (b) and (ce) in $10.3 hold whenever the sequence {s;} satisfies the condition 
C({s;}; uo, vo) of §10.4. 


10.6. This remark suggests replacing total differentiability by a weaker 
condition which we shall call condition C(T; uo, v). We shall say that the 
continuous transformation T satisfies the condition C(T; uo, vo) if (i) tu, Zo, Yus Yo 
exist at (uo, v) and (ii) there exists some sequence {s;} which satisfies the 
condition C({s;}; wo , vo) of $10.4. 


10.7. The work of Rademacher on total differentiability was continued and 
generalized by Stepanoff who investigated approximate differentiability.” 
Stepanoff showed that approximate differentiability, almost everywhere, is a 
consequence of the existence, almost everywhere, of the approximate partial deriva- 
tives of the first order. If we assume the existence, almost everywhere, of the 
partial derivatives of the first order in the usual sense, then the reasoning which 
leads to the theorem of Stepanoff yields, after rather obvious modifications, 
the corollary that if x., 20, Yu, Ye exist almost everywhere in So , then the con- 
tinuous transformation T of §4.1 satisfies the condition C(T; uo, vo) of §10.6 
at almost every point (uo , vo) of So . 


10.8. In view of the excellent presentation of the Rademacher-Stepanoff 
theory in Saks [1], Chapter 9, we restrict ourselves to a brief sketch of the proof. 
Assuming that x,, 2), Yu, Y» exist almost everywhere in Sp, the reasoning in 
Saks [1], pp. 301-303 leads to the following first result. Given « > 0, 7 > 0, 
there exists a closed subset E of Sp and a ao > 0 such that the following state- 
ments are true. 

(I) |S —E|<e. 

(II) We have | E(u, v; uo, %) | < 7, | n(u, vj; Ue, vo) | < 7 for all pairs of points 
(u, v), (uo , vo) for which (a) (uo, v0) € E, (b) (wo, v) € EB, (c) [(u — wo)” + (v — v)*}* 
<o. 


10.9. The preceding condition (b) is unsymmetrical. If in the reasoning of 
Saks, loc. cit., we exchange u and », then it follows that in §10.8 the condition 
(b) can be replaced by the weaker condition (b*): At least one of the points 
(uo , v), (u, vo) is in E. 


10.10. We shall say that a closed square s satisfies the condition C(s; uo , v ; Z) 
if (i) (wo, v) is the center of s, (ii) (uo, vo) € E, (iii) the sides of s are parallel 
to the u- and v-axes, respectively. (iv) The points of intersection of the perim- 
eter of s with the lines u = up and v = w% are points of EZ. 

As almost every point of a measurable set E is a point of linear density both 
in the direction of the u-axis and in that of the v-axis (see Saks [1], p. 298, 


25 See Saks [1], Chapter 9. 
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Theorem 11.1), it follows immediately that for almost every point (wu , v) of 
a measurable set E there exists a sequence of closed squares s; such that | s;| 0 
and s; satisfies the condition C(s;; wo , v0; FE) Gj = 1, 2, ---). 


10.11. Suppose s satisfies the condition C(s; uo , vo ; E) of §10.10. Clearly, 
for every point (u, v) on the perimeter of s at least one of the points (uw, v), 
(u, %) isthenin E. Hence the result of $10.9 can be restated as follows. Given 
e > 0, 7 > 0, we have a closed subset E of So and a p > 0 such that 

(I) |S — E| < ¢, and 

(II) | E(u, v3 wo, vm) | < 7, | n(u, v3 wo, %) | < 7 for every point (u, v) on 
the perimeter of every square s which satisfies the condition C(s; uo, v ; E) 
and also the condition | s | < p. 


10.12. Take now any 7 > 0. Choose a sequence e; > 0 such that « + e 
+ .-. < mand a sequence rt; > Osuch that 7; +0. Denote by £; the subset 
of So which corresponds to the constants ¢€; , 7; in the sense of $10.11, and put 
E = [J E;(j =1,2,---). Then | 8 — E| < », and if (wo, w) is a point of E, 
then obviously every sequence {s;}, such that | s; | — 0, satisfies the condition 
C({s;}; wo, vo) of $10.4 as soon as each s; satisfies the condition C(s;; uo , vo ; E) 
of $10.10. By §10.10 it follows that the continuous transformation 7’ satisfies 
the condition C(T'; uo , vo) of $10.6 at almost every point of EZ. As|S)— E| <7 
and 7 > 0 was arbitrary, the statement at the end of §10.7 is proved. 


10.13. THEorEeM. If the continuous transformation T, given as in §4.1, is AC, 
and if the partial derivatives x,, 2», Yu, Yv exist almost everywhere in So , then 
the generalized Jacobian of §7.10 is equal to the ordinary Jacobian A = 2.Yo — Yu 
almost everywhere in So . 

Proof. For almost every point (uo, v) of So the following conditions are 
satisfied. 

(a) A(uo , vo) exists, by assumption. 

(b) J(uo , %) exists, by §§7.10 and 7.1. 

(c) If J(u, v) ¥ 0, then i(w, m) = 
= 1(Uo ’ Up). 

(d) I'’(uo , %) exists, by §8.9. 

(e) T’(uo, %) = | J(uo, v) | by §8.9. 

(f) By §10.7 there exists a sequence {s;} of closed squares which satisfies 
the condition C({s;}; uo, vo) of §10.4. For this sequence {s;} the following 
statements are true. 

(g) If J(u, v) ¥ 0 and if (2°, y°) is the image of (uo, vo), then i(uo, 0) 
= n,,(z°, y’) for large j, by §5.1. 

(h) If A(uo , vo) ¥ 0, then ns;(2", y’) = sgn A(uo , vo) for large j, by $10.5. 

The proof of the theorem is now immediate. For a point (uo , v0) where the 
above conditions (a) to (h) hold, we have | J(uo , vo) | = I’(uo, v0) = | A(uo, v%) | 
by §10.5 and by the conditions (d), (e), (f) above. Thus it is sufficient to show 


+1 by §7.12, and hence sgn J(uo, 0) 
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that J(uo, v) and A(uo, v%) have the same sign whenever both are different 
from zero, and this follows directly from the conditions (c), (g), (h) above. 
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CROSS-SECTIONS OF CURVES IN 3-SPACE 


By HassLter WHITNEY 


1. Introduction. We consider in this paper “regular families of curves”, 
that is, families F of non-intersecting curves such that if two curves are suffi- 
ciently close at a point, then they remain close for a “finite time’’; see [3] (i.e., 
the third reference below), Theorem 7A. It was shown in [3] that a cross- 
section may always be found through an arbitrary point of the family. If the 
family fills a region of Euclidean 3-space EZ, it is natural to suspect that any 
cross-section contains a cross-section which is a 2-cell; our object here is to prove 
this fact. It follows (see [3], §20) that locally, a family of curves in E is equivalent 
to a family of straight lines. The proof is arranged so that a minimum of pre- 
liminary material is assumed. We use rather fully the methods in [1], [2], and 
the first half of [3], and a method of proof in [4]. 


2. Two types of homology. We relate the two types of homology used in [1] 
and [2], and give some simple properties of the second type. For a curve 
(= simple closed curve) J in a closed set, J ~ 0 was defined in [2]. For J ina 
general set, say J ~ 0 if it is ~ 0 in some bounded closed subset. Call a chain 
of a subdivision from some fixed sequence of simplicial subdivisions (as in [1]) a 
polygonal chain. Say two curves are equivalent in a set G if, using fixed para- 
metrizations fo(@) and fi(@) for them, one can be deformed into the other in G, 
i.e., f:(0) (0 S t S 1) exists and is continuous. 

Lemma 1. If J and J’ are equivalent in G,.then J ~ 0 in G if and only if 
J’~0inG. 

This is easily seen, using [2], Lemma I, if we subdivide the 6-circle and the 
t-segment, and consider triangles of the forms 


Fi (Odf t,he (Oi), Fesn Ofc: (Oss fe:. (Oi). 


Lemma 2. If J ~ 0 in A, and A is deformed into A’, leaving J fixed, then 
J~O0inA’. 

For if L — K, K a i-cycle in J, we need merely consider the deformed L. 

Lemma 3. Let J be equivalent to a polygonal J’ in an open set G. Then 
J ~ 0inG @f and only if J’ bounds a polygonal chain in G. 

By Lemma 1, J ~ 0 if and only if J’ ~ 0. Suppose J’ bounds a polygonal 
chain. Then, using a fine enough subdivision and [2], Lemma I, we see that 
J’ ~ 0. Suppose J’ ~ 0; say J’ ~ 0 in the closed subset A of G. Set «€ = 


Received December 3, 1937; presented to the American Mathematical Society, October 
29, 1932. The theorem was first proved when the author was a National Research Fellow. 
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p(A, E — G), and take a simplicial subdivision of E of norm < «. Take 6 so 
that a 6-chain K as in [2], Lemma lI, ise ~ O0in A. A simplicial approximation 
of this (abstract) chain gives a polygonal chain in G bounded by the polygonal J’. 

Lemma 4. Let B be a (finite) linear graph. Let each arc a; of B be divided into 
arcs of diameter < e¢, defining an e-chain K;. Let 6 be the minimum distance 
between any two such subarcs of B without common points. Then any (4, 1)-cycle on 
B is « ~ some linear combination of the K; . 

The proof of [2], Lemma I, applies almost without change. 

Lemma 5. Let Z and Z’ be closed sets with only the curve J in common. If 
J ~O0inZ + Z’, then J ~ Oin one of Z, Z’. 

It is sufficient to show that for every e > 0 there is a 1-cycle K in J as described 
in [2], Lemma I, which is e ~ 0 in one of Z, Z’. Take a sufficiently fine K in J, 
bounding L in Z + Z’. Pushing vertices near J onto J gives an L; — K, such 
that L; = Lz + Lz, Lzin Z, Lyin Z’. If Ly > Kz, Lz > Ke, then one of Ke, 
Kz is e~ Kin J (see [2], Lemma I; hence Ke ~ 0 in one of Z, Z’.. (Compare the 
proof of [2], Lemma M.) 


3. Alocal separation theorem. We shall prove two lemmas on how a portion 
of a cylinder separates a region. Let H denote a curved cylinder in E, given by 
(t, @), —2 StS 2,@onacircle. Let H;,,, denote that part of H with 4 S 
t< t;setH, =H». Let Hi,., and H/,., denote those parts of H;,,., correspond- 
ing to two complementary ares of the 6-circle. 

Lemma 6. Let R be a spherical region, and let H have its ends H_, and Hy, 
outside of R. Then arbitrarily near any point q of H-R there are points r, and re 
in different components of R — H. 

Choose coérdinates in H so that qis on Hy. Let L be a 1-chain in R — Ho 
linking Ho (see [1], Theorem X"). Say L = L_ + L,, L_-H_29 = 0, L,-Hos = 
0; we may choose L_ and L. so that each is bounded by a + 5}, a pair of points. 
If a and b are in the same component of R — H, there is a polygonal chain M 
joining them. As R is spherical, we may choose N, — L_ + M in BR; N, is in 
E — H.:. As H’sois a cell, we may choose Nz; ~ L_ + M in E — Hes 
({1], Theorem T'). As H_:-H’eo is an arc, N; + Ne cannot link it; hence 
there is a chain N; > L_ + M in E — (Hy + H“29)({1], Corollary W'). Simi- 
larly, using Hs. , we find a chain Ns > L_ + Min E — Hs». In the same 
manner,’ find N; > L. + M in E — Ho». Adding gives Ns + Ns > L in 
E — Hy, a contradiction. 

Lemma 7. Let R and R’ be concentric spherical regions, R’ CR. Let Hiv 
lie in R, and let Hs, + Hi2liein E — R’. Then of any three points in R’ — H, 
some two can be joined in R — H. If a cell is omitted from H - R’, or H is replaced 
by Hs», then any two points can be joined. 

Take three points a, b, c in R’ — H, and suppose no two can be joined in R — H. 


1Replace H_, and H's» by H-2 + H/20 and H’2o, respectively. 
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Say L: 3b + cin R’ ; Liisin E — (Hs. + Hig). Using H11 and H";0in R 
as above, etc., we find chains 


L_—7b+cinR — H_2o, La 7b+cimR — Hoe, 
Lb--a+cinR — Hop, Ile ma+cinR — Hoe. 


Let E be the sphere formed by making all of Z — R a single point. In E, 
by [1], Corollary W', Le~ + Ley and Ly + Ly, both link Hyp. Hence (Theorem 
X"‘) their sum L, does not. But 


Le = (La + Ln-) + (Las + Los) = Le + Ler; 
i... CR- Hs, Ley CR-— Hoe, L-—- a+b, 


and hence, applying [1], Corollary W‘, in E, a + b bounds in R — H, a contra- 
diction. 

To prove the last two statements, we need merely note that the part of H 
remaining may be built up by starting with H_, + H2, and adding cells, each 
having one or two arcs in common with the preceding set; for a l-cycle cannot 
link a set of ares. 


4. The curve J. Let S be a cross-section through p. Follow the curve of 
the family F through p in both directions to the first points p’ and p’’ on some 
sphere about p; joining p’ to p” by an arc outside the sphere gives a curve J*. 
Take \ > 0 so that any arc’ of N,(p’p”’) has just one point in S (see [3], §§9 and 
16); assume \ < 4p(p, p’) and < 4p(p, p’’). The ares of Ny may be oriented; 
for any gq in S-N,, set q = g’(q, t) ([4], §15). We may choose the function 
u ([3], §3) so that ps = p’, po = p’’. For any q in the set of points on Nj, 
let ¢(q) be the point of S on the are of N, through g. ¢ is continuous (compare 
[3], §18). 

Let R, be a spherical region about p in N,. Choose a concentric R: so that 
for any q in Re, the are ¢¢(q) isin R,. Choose a concentric R; so that (using a 
new y if necessary) ppp: C Rez and psp; + pips C E — R;. Choose a 
concentric R, so that the last two relations hold with p and p, replaced by any 
q and q in S-R,. Choose R; and Rez so that ¢(Rs) C Ry, ¢(Rs) CRs. 

Take a l-cycle A in Rg linking J*; we may suppose it a polygonal curve. 
A’ = ¢(A) is in R;. We shall find a curve J in A’, J not ~ 0 in E — J*. 
Take » > 0 so small that any two points of A’ within 27 of each other may be 
joined by an arc in A’ of diameter < p = p(A’, J*). Divide A into ares A, 
Az, ---,A, so that their images ¢(A:), ¢(A2), --- are of diameter < 7; let 
x; = o(Ay_;-A;). Let B; be an arc in A’ of diameter < p joining 7; to Zi. 
We may replace B; by ares from B, + --- + B;so that B = B, + By + --. + 
B’, is a linear graph (see [4], Appendix). We may define a deformation 


2In [3], §16, (2), we assume the existence of an are go q with a certain property; but 
it is easily seen that any arc, in particular p’p’’, may be used. 
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carrying A along ares of F into A’, and then along short line segments into B; 
all this is in EF — J*. 

Suppose that every simple closed curve of B were ~ 0in E — J*. Then there 
is a bounded closed set C in E — J* in which every simple closed curve of B is 
~ 0; we may include in C the set of points passed over by A in the deformation 
y. As A isnot ~ 0in E — J* (Lemma 3), there is an e > 0 such that for every 
6 > O there is a (6, 1)-eyele on A which is note ~ OinC. We may easily choose 
¢, , ¢2, & in turn so that the following is true. Take any (f; , 1)-cycle Ks; on A. 
Using y (see the proof of Lemma 1), we find a (2, 1)-cycle Ke. on B, with Ke fe. ~ 
K,inC. By Lemma 4, Ke is & ~ Ky, a (6, 1)-eyele = a linear combination of 
the A, as described in the lemma. Express this cycle as a sum of circuits; each 
lies on a simple ciosed curve of B, and hence ise ~ 0 in C. Thus any such K; 
is ~ 0 in C, a contradiction. Therefore there is a curve J in B, J not ~ 0 in 
E — J*. 


5. The 2-cellQ. J isin S-R; and is not ~ 0in E — J*. Joining the points 
of J to p by line segments gives a point set D in which J ~ 0; applying ¢ shows 
that J ~ 0 in S-R, (Lemma 2). Let P be the component of S-R,; — J which 
contains p. SetQ = P+ J, P’ = 8-R, —Q. By Lemma 5, J ~ 0 in one of 
Q,P’+ J. AsJisnot~ 0inS — p, J ~ Oing. 

For any point set A in S, let H;,,:,(A) denote all points q,,qin A,t; St S by; 
set H(A) = H_»2(A). 

We show next that J is irreducibly ~ 0 in Q. If not, then there is a point 
qgof Pso that J ~ 0inQ —q. Let a be an arc in P joining p to q ({2], Lemma 
E). D = H(a) is a closed 2-cell. Set 


Jt = (J* — p-sp2) + H(q) + Ha) + Hela). 


Jt is a curve containing only q in P; hence J ~ 0in E — Jf. Take a polygonal 
J; equivalent to J in E — (D + J*); then J; bounds in E — Jy (Lemma 3). 
As D is a cell, J; bounds in E — D ({1], Theorem T’). As D-JT is an are, no 
chain can link it; hence J; bounds in E — (D + Jf) ({1], Corollary W‘). Hence 
J ~0in E — (D + Jf) (Lemma 8) and hence in E — J*, a contradiction. 

As Q is a continuous curve (compare [2], top of p. 269), and is a cross-section 
through p (for the proof that J is irreducibly ~ 0 in Q shows that Q contains 
all points of S near p), there remains to show only that any are y in Q with just 
its ends a and b on J divides Q. 

If Q — y is connected, let y’ be an are in Q — ¥ joining the two ares into which 
a and b divide J. Let a and 8 be ares of J about a and b not touching y’. Let 
A and B be cells of H(J) about a and b, such that ¢(A) and ¢(B) are subsets of 
a and 8. By Lemma 6, there are two points in Ry — H(J) which cannot be 
joined by an are in R,; — H(J). By Lemma 7, any point of R; — H(J/) can be 
joined to one of these by an are in R, — H(J); we may now write 


R; — H(J) =G+@, 
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G containing p. Then two points of the same set can be joined in 2; — H(J), 
and two points of different sets cannot be joined in R; — H(J). 

Also, if A is omitted, G and G’ may be joined; hence there is a point a’ of @’ 
arbitrarily close to a, and we may find an arc a’ joining a’ to A with only an end 
in H(J). Choose @’ similarly, and let y’”’ join the ends of a’ and 8’ in R, — H(J). 
Projecting a’ + B’ + y” onto S, we find an are y* in S- R,; with its two ends on 
aand B. As the points of y* may be joined to a’ through ares of F and of a’ + 
B’ + 7", and a’ is in G’ while p is in G, no point of y* may be joined to p in 
R, — H(J); hence y* has no points in P. Now y and y*, together with ares 
a* in a and #* in 8, give a curve J in S-R,, with only 7, = y + a* + B* in Q. 

Take q within y. By Lemma 6, there are points r; and re arbitrarily near q 
which cannot be joined in R; — H(J); ry = o(r:) and rz = $(r2) are in P. By 
Lemma 7, r; and rz can be joined in R2 — H(y); applying ¢, we find an are 4 
joining them in S-R,; — y:. By the choice of r; and re, r; and rz cannot be 
joined in Q — y; ; hence 6 has points notin@. As Pisacomponent of S-R; — J, 
6 has points in J. Run along 6 from r; and r; to the first points s; and 82 in J. 
As s; and s can be joined by an are in J + y’ — (a + 8), ry and rz can be joined 
in Q — y,. But this is a contradiction; hence Q — y is not connected. All 
the hypotheses of Theorem I of [2] are now satisfied; hence Q is a cross-section 
through p which is 2-cell. 
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TAUBERIAN THEOREMS FOR (C, 1) SUMMABILITY 
By R. P. Boas, Jr. 


io) 
Let 2. un be an infinite series, with partial sums s, = uw + w+ --- + un. 


n=l 
It is well known that the applicability of Cesaro summation to the series is 
limited in various ways. On the one hand, the u, cannot be too large if the 
series is to be summable at all;’ on the other hand, it was shown by G. H. Hardy 
that if the u, are too small, the series cannot be summable without being con- 
vergent.’ The object of this note is to point out that in addition the Cesaro 
means of the series cannot approach a limit very rapidly unless the series is 
convergent. For simplicity, we restrict ourselves to (C, 1) summability; we 


write ¢, = n'(s; + s: +--+ + 8,); then the given series is summable (C, 1) 
to s if limo, = s. Our theorem is 
no 


TurorEeM 1. If,asn— ©, 0, — s = o(n‘) (0 S € < 1) andu, < O(n™’), 
then 8, — 8; if o, — s = O(n‘) (0 < € S 1) andu& < o(n*"), thens, > 8. 

For ¢ = 0, we have the known one-sided generalization of Hardy’s theorem. 
The first part of Theorem 1 would be trivial for « = 1; the second part would be 
false for « = 0. 

The integral analogue of Theorem 1 is 

THEOREM 2. If g(t) is the derivative of its integral on every finite interval (0, z), 
and if,asz— «, 


[ (1 — x ‘t)g(t) dt — s = o(x‘) (0Os¢e<1) 
and g(x) < O(x*"); or if 


[ (1 — x t)g(t) dt — s = O(x*) (0<e< 1) 


and g(x) < o(x*"); then [ g(t)dt = s. 


. 4 
The case « = 0 is known. 


Received January 12, 1938. The author is a National Research Fellow. 

1 All numbers in this note are real. 

2 If the series is summable (C, r) (r > —1), un = o(n") (n> &). See, for example, 
E. W. Hobson, The Theory of Functions of a Real Variable and the Theory of Fourier’s Series, 
vol. 2, 1926, p. 77. 

3 See E. W. Hobson, op. cit., p. 81. 

‘See E. W. Hobson, op. cit., p. 388. 
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We say that a function g(x) belongs to the class K if o(r) > 0(0 S x < x) 
and if ¢(exr)/y(x) is bounded, uniformly for0 < x < ~ and} Sc <2. Theorem 
2 is an easy consequence of the known 

Tueorem 3.’ If f(x) has a second derivative on (0, ~), and if o(x) and ¥(zr) 
belong to K, then, asx— ~, 


(a) f = Oy), f” < OW), and ¢ = O(z*y) imply f’ = O[(ed)'); 

(b) f = o(y), f” < OW), and ¢ = O(2°f) imply f’ = of(ey)'); 

(c) f = O}), f” < oY), and ¢ = o(x*y) imply f’ = of(ey)'). 

We shall derive Theorem 1 from the “discontinuous” analogue of Theorem 3. 
This is 


TueoremM 4. I[f {a,} is a sequence of numbers, and g(n) and ¥(n) belong to K, 
then,asn— ~, 


(a) a, = Ov), Aa, < Op), and ¢ = O(n*y) imply Aa, 
(b) a, = o(y), Aa, < Oy), and ¢ = O(n*y) imply Aa, = ol(ev)']; 
(c) a, = O(y), A'a, < o(p), and g = o(n*p) imply Aa, = of[(yy)']. 


Here Aa, = Gai: — Gn, AG, = Any: — Aan. 

If y(n) and ¥(n) both increase, or both decrease, instead of belonging to K, 
and if the sign “<”’ is then replaced by “=” in Theorem 4, the conditions 
¢ = O(n’), ¢ = o(n’y) can be eliminated, just as in the corresponding known 
theorems derived in the same way from Theorem 3. From the modified the- 
orems, as well as from the theorems as stated, more general results than Theo- 
rems 1 and 2 can easily be obtained. 

To derive Theorem 2 from Theorem 3, we take in Theorem 3 


II 


, 


Ol(ed)'}; 


f(x) = [ (x — t)g(t) dt — sz, 


ez)=(1+2)'%, oz) = (14+ 2). 
Then g(r) and ¥(z) belong to K; x ¢(x)/y(x) = O(2**) = o(1) or O(1) according 
ase > Oore = 0;f'(x) = | g(t)dt — s;f’(x) = g(x); application of (b) or (c)’ of 
0 


Theorem 3 gives 


5R. P. Boas, Jr., Asymptotic relations for derivatives, this Journal, vol. 3 (1937), pp. 637- 
646; 638. The theorem is stated there for f(x) of class C?; inspection of the proof shows that 
it is unnecessary to assume that f’’(z) is continuous. The theorem goes back, in essentials, 
to G. H. Hardy and J. E. Littlewood, Contributions to the arithmetic theory of series, Pro- 
ceedings of the London Mathematical Society, (2), vol. 11 (1912-13), pp. 411-478; 424-425; 
and Tauberian theorems concerning power series and Dirichlet’s series whose coefficients are 
positive, Proceedings of the London Mathematical Society, (2), vol. 13 (1913-14), pp. 174- 
191; 188. 

6 Part (a) of Theorems 3 and 4 is not used in this note, but is included for symmetry. 
It can be used to establish the following companion to Theorem 1: if ¢, = O(n-*) (0 S « <1) 
and tn < O(n‘), then s, = O(1). 
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[ g(t) dt — s = o(1), 


which is the conclusion of Theorem 2. 
Similarly, to derive Theorem 1 from Theorem 4, we take in Theorem 4 
a, = non — NS, 
e(n) = (1+), v(m) = (1 +n). 


Then Aa, = s, — s, A’a, = u, , and Theorem 1 follows. 
We now establish Theorem 4. In order to treat the three cases simulta- 
neously, we suppose, as we clearly may, that 


Ava, < d(n)¥(n), 
|an| < w(n)e(n), 


where A(n) and y(n) are non-increasing. 
We take n > 4andk < 3n. Since 


(2) Aan, — Aa, = Ava, < d(n)¥(n), 


(1) 


we have, replacing n successively by n — 1, n — 2,---,n — k + 1, and using 
(2) repeatedly, 


Aa, < Ada: + A(n — 1)¥(n — 1), 
Aa, < Adn2 + A(n — 2)¥(n — 2) + A(m — 1)p(n — 1), 


RRR eee e eee eR EEE EEE EEE EEE EEE EEE EEE EEE EEE EEE EEE EEE ESET SHEE EEE HEHEHE EEE EEE EE EE EES 


Aa, < Aan, + Mn — k(n — k) + X(n — k + I¥(n — k + 1) 
+ --- +d(n — l)p(n — 1). 


Adding these inequalities, we obtain, since Aa, = Gn: — an, 
k 
(3) kAa, < Gy — Gre + Do (k — j + I)Mn — fW(n — 5). 
j=1 
Similarly, using (2) with n replaced successively by n + 1,n + 2,---,n +h, 
we obtain 
Aa, > Adnys — A(n)¥(n), 
Aa, > Adnse — A(n + 1)¥(n + 1) — A(Cn)Y(n), 


Aa, > Adnge — An +k — ly(n+k — 1) — A(n + k)p(n + k) 
— -+- — A(n)b(n). 


Adding, we have 


k—-1 
(4) kAa, > Qnskat — Angi — Dy (k — Mn + iy(n + Jj). 


j=0 
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Now, | a. | < u(n)e(n), and, for some A, and for }n < k < n, 


Vin+j)_ , o(n + j) 


(ny y(n) 
Therefore (3) and (4) yield 


<A (j=0,1,2,---,&). 


kAa, < Ag(n)[u(n) + u(n — k)] + Ay(n) s (k —j7 + 1)Xn — 9), 


kda, > —Ag(n)[u(n + k + 1) + w(n + 1)] — Ayn) > (k — j)Mn + j). 


Since A(n) and y(n) are non-increasing, we obtain, combining the last two 
inequalities, 


k| Aa, | < 2A¢(n)u(3n) + Ay(n)A(4n) x (k — 9), 


(5) | Aa, | < 2Ak™* o(n)u(3n) + Aky(n)a(4n). 


If we take k = k(n) = w(n)[y(n)/¥(n)}', where w(n) is a positive function such 
that k(n) < $n, (5) becomes 


(6) | Aan | fe(n)y(n)J* < 2Au($n)o(n) + Aw(n)dA(3n). 


For (a), we may suppose \(n) and y(n) to be constants, and take for w(n) a 
bounded function, bounded from zero, such that k(n) is an integer less than 
$n; then (6) gives the conclusion. 

For (b), u(n) — 0, and we may suppose \(n) constant. If w(n) is chosen not 
greater than u(3n)' and so that k(n) < 4n, the right side of (6) approaches 
zero (n —> ~). 

For (c), we have [y(n)/¥(n)]* = a(n) = o(n); u(n) a constant; A(n) = o(1). 
It is then possible to choose w(n) so that w(n) > «, while w(n)n™a(n) > 0 and 
w(n)d(4n)' + 0. Then k(n) < 4n for large n, and the right side of (6) approaches 
zero. 
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THE INDEX THEOREM IN THE CALCULUS OF VARIATIONS 
By Marston Morse 


Introduction. The calculus of variations in the large is concerned with 
boundary problems in the large. Of these problems the simplest is that of 
finding extremals joining two points A and B on a regular m-manifold M. 
The theory’ obtains relations between the local characteristics of the solutions of 
the problem and the topological characteristics (connectivities, etc.) of the 
space of admissible curves. The case where A and B are not conjugate on any 
extremal solution is termed the non-degenerate case. This case is the general 
case in the sense that for A fixed the set of points B which are conjugate to A 
on at least one extremal issuing from A has a null m-dimensional measure on M. 
The unrestricted case can be treated as a limiting case of the non-degenerate 
case (M, p. 239). 

It appears that the most significant characteristic of an extremal solution g 
in the non-degenerate case is the number uz of conjugate points of A ong. This 
fact becomes most evident in terms of the “Index Theorem”. Recall that the 
“index” of a critical point (z) = (0) of a function J(z) of a finite number of 
variables (z) is the number of negative characteristic roots of the Hessian of 
J(z) at the point (z) = (0). As we shall see J(z) will represent the value of the 
integral J along a “canonical” broken extremal neighboring g with vertices 
determined by (z). The Index Theorem affirms that » equals the index of the 
critical point (0) of this function J(z). It is by means of this theorem that the 
topological characteristics of the neighborhood of g among admissible curves are 
determined. 

The Index Theorem was first established in the non-parametric case in 1929 
by Morse.’ It was established in the parametric case by a reduction to the 
non-parametric case (M, p. 138). Recently the author has discovered a new 
and simpler method of proving the theorem. This method can be applied 
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directly to the parametric case and will be presented in this paper. The lemmas 
involved moreover have been useful in making advances in the theory of the 
“index form’’ under general boundary conditions. 


1. The space and integral. We shall be concerned with a regular m-manifold 
M of class C™™' with r > 2. Such a manifold is a Hausdorff topological space 
with the following properties. If p is a point of M, there exists a neighborhood 
of p which is the homeomorph of a region N in a Euclidean space E of dimension 
m, with coérdinates (x) (termed preferred codrdinates), such that any two sets (x) 
and (z) of preferred coérdinates neighboring a point p on M are related by a non- 
singular transformation 


(1.1) 2’ = z'(z) (¢ = 1, --- ,m) 


of class C’*'. Any system of coérdinates obtained from preferred coérdinates 
(x) by a non-singular transformation of the form (1.1) and of class C",0 <n s 
r + 1, will be termed a C” coédrdinate system. 
In each preferred system (x) we suppose there is defined a function 
F(z’, os me r’, -r ,r”) = F(z, r) 

of class C’ in (zx, r) for (x) in the system (x) and for all sets (r) # (0). We 
suppose that F is an invariant. More precisely, if Q(z, ¢) replaces F in a pre- 
ferred system (z) and (x) and (z) are related as in (1.1), and if (r) in the system 
(x) is transformed as a contravariant tensor into (c) in the system (z), then 


F(z, r) = Q(z, ¢). 
We suppose that F(z, r) is positive homogeneous of order 1 in the variables (r). 
Recall that 
(1.2) | F iri (2, r)| =0 (i,j = 1,---,m). 


We assume that the rank of the determinant (1.2) is m — 1. (Cf. M, pp. 
111-112). 
A subset of M locally representable in the form 

z= 2'(u,--- , Up) (¢ = 1,--- ,m) 
in terms of functions of class C", n > 0, with a functional matrix of rank p 
will be termed a regular m-manifold of class C" on M. A regular 1-manifold 
(or curve) on M of class C’ with a local parameter ¢ will be called an extremal 
if it satisfies the Euler equations 


(1.3) “ Fi — Fy =0 (i = 1, ---,m) 


in each coérdinate system (xz) in which it enters. Such an extremal can be 
shown to be a regular curve of class C” in terms of a suitably chosen parameter. 
We shall suppose our extremals so represented. 














\w 
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Let g be a closed are of such an extremal. If y‘(t) is a regular representation of 
g in the system (2), then 


(1.4) Friniy'(t) = 0, 


where the superscript 0 indicates that the arguments are y'(t) and y‘(t). We 
assume that 


(1.5) FPiw'w > 0 


for every non-null set (w) independent of [y(é)]. 

Recall that any extremal are g lies in a C’ coérdinate system (x). (Cf. M, 
p. 108, Theorem 1.1.) We shall define the conjugate points of a point A on g. 
Suppose that ¢ = fat A. The extremals issuing from A with directions neigh- 
boring that of g can be represented in the system (x) in the form (M, p. 117), 


(1.6) x = 2'(t, u) (¢ = 1,---,m), 


where (u) is a set of nm = m — 1 parameters u; and is constant on each extremal, 
and where ¢ is a parameter in terms of which the extremal (u) is regularly 
represented. We suppose that the set (uw) = (0) determines g and that on g, 
ti; S$ t S tk. A representation of this character exists in which the functions 
a(t, u) and x}(t, u) are of class C’' in terms of their arguments for (u) neigh- 
boring (uw) = (0) and ¢ on any interval (4, — e, t2 + e) for which e is positive and 
sufficiently small, while the Jacobian 


D(z, see, x”) 
D(t, wy, +++, Un 





(1.7) A(t, to) = x 0, (u) = (0), 
on g neighboring ¢ = f&. In terms of any representation of this character we 
define the conjugate points of tf = f on g as the points ¢ on g at which A(¢, &)) = 0. 
The order of vanishing of A(¢, fo) at a conjugate point ¢ will be termed the order 
of that conjugate point. It is easy to show that the conjugate points and their 
orders are independent of the particular coédrdinate system (x) in which g lies 
and of representations of the character (1.6) in terms of which the conjugate 
points are defined. 


2. The second variation. We suppose that F(z, #) > 0 along g. No gen- 
erality is lost in making this assumption. If this hypothesis were not satisfied 
by a given integrand G(x, <), we could set 


F(x, #) = G(x, @) + F2'y'(O, 


and obtain a new integrand F which would be positive along g provided k were 
sufficiently large. Moreover the extremals and conjugate points corresponding 
to the two integrands would be the same, and F and G would satisfy the condition 
(1.5) together. 

With F > 0 along g we can represent any curve A on which (x) and (#) are 
sufficiently near similar elements on g in terms of a parameter ¢ which equals 
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the value of J along h. Such a parameter ¢ will be called the /-length along h. 
Along a curve on which ¢ is the J-length F will be identically 1. We suppose qg 
represented in terms of its J-length in the form 


(2.0) z =7'(0) (,; St S bh). 


Recall that the second variation in the fixed end point problem corresponding 
to an extremal are g has the form 


te 
(2.1) I(n) = I 22(n, 9) dt, 
ty 

where 
(2.2) 22(n, 9) = Frigin' hy’ + 2Feiin' i? + Peay, 
and that the Jacobi equations (written J. I.) have the form 

l ; 
(2.3) Lin) = — 25: — Qs = 0 (¢=1,---,m). 

dt 
As is well known any two solutions u'(¢) and 2'(¢) of the J. FE. of class C* satisfy 
the integral 
(2.4) u'Q,i(z, 2) — 2'Q;i(u, wv) = constant. 


Recall also that the equations L;(n) = 0 are not independent, in fact satisfy the 
relation (ef. M, p. 123) 


(2.5) y (OLA) = 0 
for all functions ‘(¢) of class C°. Because of this we replace the system (2.3) 
by the system 


(2.6) Ln) = 0, ‘ M(n) = 0, a eee 


where 
(2.7) M(n) = Fein’ + Fein’. 


The operator M(n) is suggested as follows. If 2'(¢, ¢) is a family of extremals of 
class C’ yielding g for e = 0, we have 





(2.8) 9 Fix(t, e), et, ¢)] = M(n), 
de 

where 

(2.9) n = xi(t, 0). 


In particular if F = 1 on members of the family, the corresponding variations 
»' will satisfy the system (2.6). We term the system (2.6) the restricted Jacobi 
equations (written R. J. E.). 
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The R. J. i. are equivalent to the system 


(2.10)’ Lin) + wF?s 


0, 


d 
2.10)” — M 0 
(2.10) 5 Min) = 0, 
as a set of conditions on (»). For if we multiply the i-th equation in (2.10)’ by 
y' and sum, it follows from (2.5) and the relation 


that « = 0. The functional determinant of the system (2.10) with respect to 
the variables 7‘ and yu is 
F piri Fs P 


= —Fi(Fsy'l = —Fi x 0, 
F,i 0 


in accordance with M, p. 112. Hence the R. J. E. can be written in the form 
(2.11) i’ = H'(n, 9), 


where the functions H' are linear and homogeneous in the variables y', 9° with 
. . . . -2 
coefficients which are functions of t of class C" 


9 


If p(t) is any function of class C’, 
(2.12) n = p(t)y'(b) 
is a solution of the J. E., (2.3). In fact for values of the constant ¢ sufficiently 
near zero the functions 
(2.13) x = yt + ep(t)] 


represent g and hence satisfy the Euler equations. According to the theorem of 
Jacobi the partial derivatives of the right members of (2.13) with respect to e, 
evaluated for e = 0, afford a solution of the J. E. These partial derivatives 
reduce to the form (2.12), and our statement is proved. We term solutions of 
the J. E. of the form (2.12) tangential variations. We continue with the following 
lemma. 

LemMa 2.1. The only tangential variations which are solutions of the R. J. E. 
are of the form (a + bt)y' where a and b are constants. 

For functions n'(t) of the form (2.12), M(») takes the form 


(2.14) M(n) = Fripy' + olFay + Fay). 

But the factor in the bracket vanishes, as we see upon differentiating the identity 
Fly), y¥)] = 1 

with respect to t. Hence (2.14) takes the form 


M(n) = &, 


from which the lemma follows. 
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We return to the determinant A(t, t&) of (1.7). We suppose now that the 
extremals of the family (1.6) have been so represented that ¢ is the J-length on 
each extremal. We then multiply the first column of A(¢, f) by t — t and 
denote the resulting determinant by D(t, t). We term D the conjugate point 
determinant. Each of its columns is a solution of the R. J. E. and vanishes at 
t = t. The columns of D are independent solutions of the R. J. E. since 
D # O fort near t&. It follows from the form (2.11) of the R. J. E. that the 
columns of D form a base for solutions of the R. J. E. which vanish at t = ty. 

We continue with the following theorem. 

THEOREM 2.1. <A necessary and sufficient condition that a point t = a be 
conjugate to t = ty on g is that there exist a solution of the R. J. E. which vanishes at 
t = th and t = a but which does not vanish identically. 

To prove the condition necessary we suppose that D(a, i) = 0 witha # t). 
There will then exist a proper linear combination (») of the columns of D(t, to) 
which vanishes at t = a. We note that (n) = (0) at f& but that (») ¥ (0) since 
D(t, t) 4 0. Hence the condition is necessary. 

To prove the condition sufficient we assume that (w) is a solution of the R. J. E. 
which vanishes at ¢ = t and t = a with (w) ¥ (0). Since the columns of 
D(t, to) form a base for solutions of the R. J. E. which vanish at t = t , (w) is 
dependent on the columns of D. But (w) = (0) at aso that D(a, tf) = 0, and 
the condition is proved sufficient. 

Understanding that the nullity v of a determinant equals its order minus its 
rank r we shall prove the following theorem. (Cf. M, p. 47, Theorem 3.1.) 

THEOREM 2.2. If @(t) is a determinant whose columns are m independent 
solutions of the R. J. E. which vanish at t = ty , the order of vanishing of 6(t) at any 
point t = a equals the nullity v of 0(a). 

Let r be the rank of 6(a) so that »y + r = m. Without loss of generality we 
can suppose that the rank of the first r columns of @(a) is r, for this would result 
after a suitable reordering of the columns. We lose no generality if we also 
suppose that the rank of the last » columns of @(a@) is zero, since this would 
result upon adding suitable linear combinations of the first r columns to the 
remaining columns. With this understood let 


u(t) (A = 1, ---,7), 
z:.(t) (kK = 1,---,») 


represent the first r and last v columns respectively of @(4). Upon applying the 
integral form of the law of the mean to the elements in the last » columns of 
6(t), we find that 


(2.15) a(t) = (t — a)’ Bid), 


where B(t) is continuous in ¢ and 
(2.16) Bia) = | uj(a) 2,(a) | (h=1,---,r;k 
The theorem will follow from (2.15) if we show that B(a) # 0. 
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Suppose that B(a) = 0. I say first thatr > 0. Otherwise there would exist a 
proper linear combination 7'(t) of the columns of @(¢) such that y'(a) = 9'(a) = 0 
for each 7. It would follow that (n) = (0) contrary to the hypothesis that the 
columns of 6@(t) are independent. 

We suppose then that B(a) = O andr > 0. There will exist a proper linear 
combination (w) of the columns of B(a) with coefficients 


Cis *** Ora ~h, +++, —d,, 


such that (w) = (0). Moreover, the constants d, are not all null. Otherwise 


c,u,(a) = 0 


for each 7, and the rank of @(a) would be less than r. 
We set 


u'(t) = ce, u(0), 2'(t) = dy zi lt), 
Then 
(2.17) u(a) = z'(a), = z'(a) = 0, 
We note that 
(2.18) lu(a)] # [0]. 


Otherwise the relations (2.17) would imply that [z()] = [0], contrary to the 
hypothesis that the columns of @(¢) are independent. 

The relation (2.4) is satisfied by the solutions u'(t) and z'(¢) with its right 
member null. For u'(¢) and z'(t) vanish at ¢ = t for each 7. Reealling that 


Q(z, 2) = Prins?’ + Prigiz’ 
and making use of (2.17), we see that relation (2.4) reduces to the relation 
F?.,;u'(a)u’(a) = 0 
att =a. It follows from (1.5) that 
u'(a) = cy'(a) (c # 0;4 = 1, ---,m). 


This is impossible. For there would then exist a solution of the R. J. 1. of the 
form 


(2.19) n'(t) = z(t) — e(t — a)y' 
with '(t) = 0 for each 7, since 
n(a) = 7'(a) = 0 yrs ym). 
But upon setting ¢ = t in (2.19) we find that 
(2.20) 0 = c(t — a)y'(to) (i = 1,---,m). 


Now to) # a in the case r > 0, so that relations (2.20) are impossible, and the 
proof is complete. 
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The conjugate point determinant D(t, to) satisfies the conditions on 6(t). In 
particular its columns are independent since D(t, 4) 4 0 near t = t&. We 
accordingly have the following corollary of the theorem. 

Coro.uary 2.1. The conjugate points of t = ty on g are isolated and possess 
orders equal to the nullity of the conjugate point determinant D(t, to) at the respective 
zeros t # ty of this determinant. 

The columns of D(¢, t) form a base for solutions of the R. J. E. which vanish 
at ¢ = t&. The maximum number of independent solutions of the R. J. E. 
which vanish at ¢ = t and at a conjugate point t = a of t = & will accordingly 
equal the nullity of D(a, t). We thus have a second corollary of the theorem. 

Coro.uary 2.2. The maximum number of independent solutions of the R. J. E. 
which vanish at t = to and at a conjugate point t = a of t = ty equals the order of the 
conjugate point t = a. 

The conjugate point determinant can be given a representation of the form 


Dt, to) = (t — tr)” Bit, bo), 
where B(¢, to) is continuous in its arguments for ¢ and ¢ on the interval (4 , 2). 
Moreover, 
B(ty , to) # 0, 
as we have seen in connection with (2.15). It follows that the first conjugate 


point of t = t) following t) is bounded away from t on g. We shall make use of 
this fact in the next section. 


3. The Index Theorem. We continue with the extremal g represented in 
terms of its J-length as in (2.0). Let A and B be respectively the initial and 
final points of g. Let w be a positive lower bound of J-lengths on g between a 
point on g and the first following conjugate point. Let 


ay <a < +++ < apy (do = ty 5 Qps1 = be) 
be a set of values of t such that 
(3.0) as — A; <a (s=1,---,p+1). 


Let Ao, ---,A,s1 be the corresponding points on g. Let M, be a regular 
manifold of class C’' (ef. §1) which intersects g at A, ,q = 1, --- , p, but which 
is not tangent to g at A,. We suppose M, regularly represented neighboring 
A, in terms of parameters 


(3.1) us, 1 ooo R=zM— 1) 


in such a manner that the set (w,) = (0) determines A, ong. We shall term the 
manifolds M, a set of intermediate manifolds. 
It will be convenient to write the ensemble of the sets uj in the form 


(3.2) (z', oo+, 2") — (ut, ae , Ut, tee, .. ceey uy : 
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The ensemble (z) determines a set of points 
(3.3) ie: 


on the respective manifolds M, provided (z) is sufficiently near the set (z) = (0). 
For (z) sufficiently near (0) we can join the successive points 


(3.3)’ A, P, oe Ps, ’ B 


by extremal ares forming a broken extremal F(z). The J-length of E(z) will be 
denoted by J(z) and will be a function of class C’”' of its arguments for (z) 
sufficiently near (0). The Index Theorem can now be stated in full as follows. 

INDEX THEOREM. The point (z) = (0) ts a critical point of J(z) with an index 
equal to the number of conjugate points of t = t, on g preceding t = te , and a nullity 
equal to the order of t = t, as a conjugate point of t = t, on gq. 

It is understood that each conjugate point is to be counted a number of times 
equal to its order. Recall also that the nullity of a critical point is defined as the 
nullity of the Hessian of the function at the critical point. 

We shall represent the broken extremal #(z) in terms of a parameter ¢ which 
equals dp and a,,; respectively at the end points of g and which equals a, on the 
respective manifolds M,. We suppose ¢ chosen so that between any two suc- 
cessive vertices (3.3)’ the rate of change of ¢ with respect to the J-length is 
constant. We thereby obtain a representation of E(z) of the form 


(3.4) x = x(t, 2) (4; St S bt), 


where 2z'(t, z) is continuous in its arguments for (z) sufficiently near (0) and of 
class C’"' for t on the respective intervals (a; , ax41). For ¢ fixed the functions 
a'(t, z) are of class C’™ in (z) without exceptional values of . 

A computation involving the usual differentiation and integration by parts 
discloses the fact that for (z) = (0), 


(3.5) Sine’ s+, pm). 


Since the contributions to the right members from the fixed end points are null 
and the contributions from the two extremal ares with end points on M, cancel, 
it appears that (z) = (0) is a critical point of J(z), as stated. 

We set 


(3.6) - — 22 (u,v = 1,---, pn), 


where the superscript 0 indicates evaluation for (z) = (0), and term Q(z) an 
index form corresponding to g. 
Let e be a parameter. For (z) fixed, 


(3.7) 2’ = z'(t, ez) j=, ---,m) 
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is a l-parameter family of broken extremals. We find that 


0 


= J (ez) = ((2), 
de? 


and infer the following. 
THEOREM 3.1. The index form Q(z) admits the representation 


(3.8) Q(z) = / : 22(n,9) dt, 

with 

(3.9) n'(t) = ai(Oz" (u = 1,---, pn), 
where 


az'(t, 2) |" 


wi 
~“ 


(3.10) a(t) = 


In order to make full use of this theorem we shall need certain properties of 
quadratic forms. To that end let 


Q(x) = a4; 242; (i,j = 1,---+,m) 


be a symmetric quadratic form. Let r be the rank of | a;;|. The number 
m — ris termed the nullity of q and will be denoted by N(q). The index of 
q(x) is the number of negative characteristic roots belonging to | a;; | and will be 
denoted by I(q). Reeall that the characteristic roots will vary continuously 
with the coefficients a;;. The index J(q) is an integer, and, although not a 
continuous function of the coefficients a;;, is easily seen to be lower semi- 
continuous. 

Let m, be an h-plane passing through the origin in the space (x). The A-plane 
a, can be represented in the form 


(3.11) ai = b;;u; (j= 1,---,h3t =1,---,m), 


where the matrix |, b;; || has the rank k. Upon replacing the variables (x) in 
q(x) by the right members of (3.11), we obtain a form H(u) in the variables (wu). 
We term H(u) a form defined by g(x) on a. We say that q(x) is negative 
definite or semi-definite on m, if H(u) is negative definite or semi-definite. 
With this understood we state the following lemma (M, p. 61, Lemma 7.1). 

Lemma 3.1. (a) A necessary and sufficient condition that the index of q(x) 
be at least h is that q(x) be negative definite on some h-plane x; through the origin. 
(b) A necessary and sufficient condition that the index plus the nullity of q(x) be at 
least p is that q(x) be negative semi-definite on some p-plane through the origin. 

Let A(y, +++ , yn) be a quadratic form in the n variables (y) defined by the 
relation 


A(y) = yi, +--+, Yn, 9, +--+, 0) (0<n Sm). 


Concerning A(y) we state the following lemma. 
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LemMa 3.2. (a) The index of the form q(x) is at least that of A(y). (b) If 


q(x) is non-degenerate, 
(3.12) I(q) 2 1(A) + N(A). 


The first statement in the lemma is a consequence of the first statement in 
Lemma 3.1 since A(y) is negative definite on some A-plane through the origin 
with h = I(A). To prove the relation (3.12) let p equal the right member of 
(3.12). Aecording to Lemma 3.1 (b) there exists a p-plane through the origin 
on which A(y) is negative semi-definite. Upon identifying the space (y) with 
the subspace of the first n codrdinates x; , we see that q(x) is negative semi- 
definite on this p-plane. It follows from Lemma 3.1 (b) that 


1(q) + N@) =p. 
But N(q) = 0 by hypothesis, and relation (3.12) follows. 


4. Proof of the Index Theorem. The second variation is evaluated in The- 
orem 3.1 along a family of curves given by (3.9). We regard the sets (z) as 
parameters in this family. On each interval 


(4.1) a StS any (k = 0,---,p), 


it is seen that (3.9) defines a solution of the R. J. E. That the J. E. are satisfied 
follows from the fact that the functions z'(t, z) of (3.4) define extremal arcs \ 
for t on (4.1). But on each such extremal arc \, F is identically constant by 
virtue of our choice of t. Hence the last condition in (2.6) is satisfied by the 
subares of (3.9) for which (4.1) holds. For (z) fixed, (3.9) thus defines a “broken” 
solution of the R. J. E. 

For q fixed the variables u} in the set (z) are parameters in our representation 
of M,. Let the partial derivative of 2'(t, z) with respect to ui, be indicated by 
adding the subscripts j and q. Note that the matrix (q fixed) 


(4.2) l|aig(ay, 0) || = 1, +++, mj =1,-+-,n) 


has the rank n since M, is regularly represented in terms of the parameters wu} . 
From the fact that M, is not tangent to g at its intersection with g it follows that 


(4.3) ly(a_)  t}e(ag, 0) | ¥ 0, 


where the determinant in (4.3) is obtained from the matrix (4.2) by adjoining the 
column ¥‘(a,). 

We continue with the following lemma. 

Lemma 4.1. Linearly independent sets (z) determine linearly independent 
broken solutions of the R. J. E. in (3.9). 

If (z) ¥ (0), there will be some q for which the set ui is not null. At the 
point ¢ = a, on the broken solution ‘() determined by (z) in (3.9) the set 


n'(a,) = z},(a,, 0)ui (@=1,---,m;j=1,---,n) 


is not null since the rank of the matrix (4.2) isn. The lemma follows directly. 








242 MARSTON MORSE 


We shall say that a broken solution of the family (3.9) is a special solution if 
corresponding to each corner ¢ = a, there is a constant ¢ such that 


fag 


(4.4) Ay = "| = cy'(a,) (¢ = 1,---,m). 


aq 


Such corners will be called tangential corners. A broken solution of (3.9) whose 
subares are tangential solutions will have tangential corners as one sees readily. 
With this understood we state the following lemma. 

Lemma 4.2. A necessary and sufficient condition that a set (z) # (0) be a 
critical point of Q(z) is that (z) determine a special solution of the family (3.9). 

Let (z) be a critical point of Q(z). For q fixed we shall show that the n 
conditions 


(4.5) i= 0 (j =1,---,n) 


“gq 
imply that f = a, is a tangential corner of the broken solution determined by 
(z). For the conditions (4.5) can be written more explicitly in the form (q not 
summed) 


+ 


a 


(4.6)’ 23 * rig(ay, 0) = 0 (¢=1,---,m;j =1,---,n), 


as follows from (3.8). Furthermore 
ay 
(4.6)” 23!" ¥"(a,) = 0. 
aq 
In fact the left member of (4.6)” takes the form 
(4.7) (¥' Fries Aa’ (t = a,;7,j = 1, ---,m), 
and the parentheses in (4.7) are null. As a system of equations on the variables 
ag 
(4.8) Qs | _ (q fixed), 
aq 
the combined equations (4.6) have a determinant (4.3) which does not vanish. 
Hence the variables (4.8) are null, or written more explicitly 


(4.9) F°.,; 47 = 0 (t = a,;t,7 = 1,---,m). 
Relations of the form (4.4) follow. The condition of the lemma is accordingly 
necessary. 


Conversely, if (z) determines a special solution (7) in the family (3.9), then, 
for each qg, equations (4.4), (4.9) and (4.6) are seen to hold. Hence (4.5) holds 
by virtue of its form (4.6)’. The set (z) defines a critical point of Q(z), and the 
proof is complete. 

If we recall that the broken solutions () in (3.9) are linearly independent if 
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and only if the sets (z) which determine them in (3.9) are linearly independent, 
we can infer from the preceding lemma that the nullity of Q(z) equals the 
number of linearly independent special solutions. We come then to the proof 
of the following theorem. 

THEOREM 4.1. The nullity of Q(z) equals the order of t = t, as a conjugate 


point oft=t. 
Let q be any one of the integers 1,---,p. We define a broken solution 
n,(t) as follows (q fixed): 
na = (t — a)y’, a StSa, 
(4.10) na = R(t — ag41)7', a,StS ag, 
nm = 0, Gen St S apy, 


where k is a constant so chosen that the solution n} hereby defined is continuous 
att =a,. The choice of k is 
ag — A 


(4.11) k = —*—__ <0. 


Gq — Ag+i 
The solution 7} has a tangential corner att = a,. For at t = a, we have 
An = (k — 17’, 


and (k — 1) # 0 as follows from (4.11). 

To establish the theorem we begin by showing how each special broken 
solution 7‘(t) which is determined in (3.9) by a critical point (z) of Q(z) determines 
an ordinary solution of the R. J. E. which vanishes at 4; and &. In fact the 
broken solution 


(4.12) a’ = n'(t) — cqni(t) 


vanishes at ¢; and f and becomes an ordinary solution if the constants ¢, --- , 
Cp are successively chosen so that 4° has no corners at the points a,. Such a 
choice of the constants c, is possible since the choice of a constant c, so as to 
eliminate a corner at t = a, does not introduce a new corner for which t < a,. 
Moreover (4) = (0) only if (n) = (0) in (4.12). For the non-vanishing of the 
determinants (4.3) and the condition (#) = (0) imply that (7) is null at each of 
the points t = a,. Hence (n) = (0) since no point ¢ = a, is conjugate to its 
successor t = a;,4;. Thus linearly independent special solutions (n) determine 
ordinary linearly independent solutions (#) vanishing at ¢, and & . 

Conversely, let (#) be an ordinary solution of the R. J. E. which vanishes at 
t, and tg. We seek a special solution (7) which with suitable constants c, 
satisfies (4.12). That is, we seek a set (z) and constants c, such that 


azx‘(t, 0) 


(4.13) *) =—S 





z — ceni(t) (u = 1, +++, pm). 
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We start with the point ¢ = a, and determine c, and the last n of the variables 
(z) so that (4.13) holds att = a,. This is possible since the determinant (4.3) 
does not vanish. We next determine c,_; and the n variables of the set (z) 
belonging to M,_, so that (4.13) holds when ¢ = a,;. We continue with 
Cp-2, ete., until all the constants c, and the variables (z) have been determined. 
We note that the choice of c, and the subset of (z) belonging to M, will not affect 
the equations (4.13) at the points t = a, > a,. With (z) and the constants 
c, so chosen, (4.13) holds at each of the points t = a,, and accordingly holds 
identically in ¢. 

Moreover, linearly independent solutions (#) determine linearly independent 
special broken solutions (7). To establish this it is sufficient to show that a 
null solution (») satisfies (4.12) with a solution (#) and constants c, only if 
(4) = (0). But when (4) and (») are both without corners, the constants c, in 
(4.12) must be null. Hence (4) = (0) as stated. 

The theorem follows with the aid of Corollary 2.2. 

We continue with a proof of Theorem 4.2. 

THEOREM 4.2. The index of Q(z) equals the sum of the orders of the conjugate 
points of ont <t<k. 

It will be convenient to replace g by the subare g, on which ¢; S ¢t S b, where 
t; <b S t2. On g we introduce the same number of intermediate vertices as 
previously with 


(4.13)’ & < +++ < apy = BD. 


With g replaced by g, we replace J(z) and Q(z) by J’(z) and Q’(z), respectively. 
The family of broken extremals z'(t, z) will here be denoted by z'(t, z,b). As b 
increases the functions 2'(t, z, b) will vary continuously and retain the differ- 
entiability properties of 2'(t, z) at least as long as the differences a, — a,_; are 
less than the constant w of (3.0). 

We shall prove the theorem by proving the following statement. 

(a) The index of Q’(z) equals the sum of the orders of the conjugate points of t, on 
the interval th < t < b. 

We continue with a proof of four lemmas. 

Lemma A. Statement (a) is true when b lies between t, and the first conjugate 
point of t; on g. 

The Legendre condition (1.5) and the condition that b precede the first 
conjugate point of t, on g are sufficient for the segment t, S ¢ < b of g to afforda 
weak minimum to J. Hence 


J°(z) — J°(0) =0 


when (z) is sufficiently near (0). Whence Q°(z) = 0. But Q’(z) is non-degen- 
erate by virtue of Theorem 4.1, so that Q°(z) > 0 when (z) ¥ (0). This estab- 
lishes Lemma A. 

Corresponding to any admissible set (4.13)’ we now denote a); by api2 
and b, and insert a new point a,,, between a, and b. We add a new inter- 














INDEX THEOREM IN CALCULUS OF VARIATIONS 245 


mediate manifold M,,, cutting g, at t = a,.,. The set of parameters replacing 
(z) will be denoted by (¢). They will be n(p + 1) in number and will be chosen 
so that the first mp components of (¢) form the set (z). The set (¢) will deter- 
mine a broken extremal &(¢) as previously. The broken extremal &(¢) will 
coincide with the broken extremal 2‘(t, z, b) for 4; < t < a,. For the new 
construction the functions replacing J°(z) and Q°(z) will be denoted by J 3 (¢) 
and Q°(6), respectively. We continue with the following lemma. 

Lemma B. 1(Q’) = 1(Q;). 

We introduce a parameter e. The inequality 


(4.14) J (ex) — J’(ez) 20 


holds for e sufficiently small and for the first pn components of (¢) given by (z). 
Regarded as a function ¢g(e), the left member of (4.14) has a minimum when 
e = 0. Hence 


(4.15) e'(0) = Je grpe(O)E OF — Thu2(O)z“2” = 0, 
[uy =1,---,npjr,s=1,---,n(p+1)]. 


The lemma follows from Lemma 3.1 (a). 

Statement (a) is true for b sufficiently near ¢, as we have seen in Lemma A. 
Let c be a constant such that 4; <c¢ S &. Statement (a) will follow for all 
values of b for which t; < b S & once we have established the following lemmas. 

Lemma C. [If (a) is true for b < c, it is true for b = c. 

Lemma D. If (a) ts true for b S c, it is true for b > cand sufficiently near (c). 

As b increases 1(Q”) changes at most when b passes through a conjugate point 
a of t, and will then increase by at most the order », of a as a conjugate point of 
t,. Hence for each value of c, 


(4.16) 1(Q°) = Liv (4 <a <c). 


To apply Lemma B we take a,.2. = ¢ and a,,4; nearer c than any conjugate point 
of t;. We then have 


(4.17) 1(Q*) 2 1(Q,) 2 1(Q*”*"). 


The first inequality follows from Lemma B. The second follows upon putting 
the last n of the variables in Q¢, equal to zero and applying Lemma 3.2 (a). 
But since we are assuming that statement (a) is true for b < c, we have 


1(Q’**) - p Va (t, <<6< c). 


IV 


It follows from (4.17) that 
(4.18) 1Q) = Sv (4 <a <c). 


Lemma C follows from (4.16) and (4.18). 
To establish Lemma D let b be a constant > c but nearer c than any conjugate 
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point of t,, possibly excepting c. We introduce the manifold M,,; cutting 
g, at t = c, and note that 


(4.19) 1(Q’) = 1(Q4) = 1(Q) + NQ). 


The first inequality follows from Lemma B. The second follows upon setting 
the last n of the variables in Qi. equal to zero and applying Lemma 3.2 (b). 
But N(Q‘) is the order of c as a conjugate point of t;. Hence (4.19) yields the 
result 


(4.20) 1(Q’) = Sov (1 <a <b). 


Lemma D follows upon comparing (4.20) with (4.16). 

The proof of the theorem is complete. The Index Theorem follows from 
Theorems 4.1 and 4.2. 

The index and nullity of Q(z) depend only on the conjugate points of ¢, on g 
and their orders, and are accordingly independent of the number, position and 
representation of the manifolds M, , provided these manifolds are admissibly 
distributed and represented. 
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STRUCTURES AND GROUP THEORY. II 
By OystTEeIn ORE 


In this second paper on the application of the theory of structures to group 
theory one finds a further study of the decomposition theorems for groups. 
In the first chapter the completely reducible factorizations of a group are con- 
sidered. Some of the theorems on normal factorizations are direct translations 
of the results on general Dedekind structures, but various new structural 
properties have also been obtained. A fundamental concept is the normal 
cover, a characteristic subgroup already introduced and studied by Remak. 
The duality principle gives interesting connections between the upper and lower 
factorizations. The element covers define another chain of characteristic sub- 
groups, and the duality principle shows the correspondence between the ele- 
ment cover and the ¢-group of the group. 

In the second chapter the representation of a group as the union of sub- 
groups is considered. It is shown as in the case of the Jordan-Hélder theorem 
that the main theorem not only holds for normal decompositions, a case con- 
sidered by Kurosch, but also for mutually permutable or quasi-normal decom- 
positions. In the normal case necessary and sufficient conditions for unique 
decompositions are given. A necessary condition is that the anticenter, i.e., 
the quotient group with respect to the commutator group, be cyclic. The dual 
representations by means of cross-cuts are also considered. 

In the third chapter some properties of the distributive law are discussed. 
For finite groups all distributive pairs of subgroups are determined. It follows 
simply that the only finite groups in which the structure of all subgroups is 
distributive are the cyclic groups. Finally, a connection between distributive 
substructures and primitive elements is derived. 


Chapter 1. Factorizations of a group into completely reducible factors 


1. Minimal groups. In I, Chapter 1 we have introduced the concept of the 
product of two quotient groups.’ In terms of this product the ordinary theorem 
of Jordan-Hélder takes the form of a factorization theorem about groups 
factorable into prime factors. In the following we shall derive other decom- 
position theorems where the factors are not simple but have other characteristic 
properties. 

Let us suppose that the descending chain condition is satisfied for the normal 
subgroups of G. Then there exist minimal normal subgroups of G, i.e., normal 
subgroups of G which contain no other normal subgroups of G. Two minimal 
groups must be relatively prime when they are different. 


Received March 11, 1938. 
10. Ore, Structures and group theory. I, this Journal, vol. 3(1937), pp. 149-174. 
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THEOREM 1. If two different minimal groups are directly similar, they are 
Abelian. 
Proof. Let P and Q be the given minimal groups. In the conditions 


we may assume that the normal subgroup R of G is contained in [P, Q]. This 
is seen to imply that FR is also a minimal group and hence we find 


[P,Q] = [P, R] = (2, R], (P,Q) = (P, R) = Q,R) = £, 


and the theorem follows from I, Chapter 4, Theorem 2. 

THEOREM 2. Let P,, P2, Ps be minimal groups. If P, is directly similar to 
P, and Pz; to P;, then P, is directly similar to P3. 

Proof. We may assume that all the given groups are different. The con- 
ditions 


[P: , Qi] = [P2, Qi] = [Pi, Pal, [Pz , Qe] = [Ps, Qe] = [P2, Ps] 


imply 
[Pi, Qi: , Qe] _ [Ps , Qi, Qa]. 


Hence the theorem is proved when P; and P; are not contained in [Q, , Qs]. 
In the remaining case 


[Q: , Qe] = [P., Ps] = [Pi, Po] = [Ps, Po]. 


A minimal group P of G need not be simple. Let us suppose that the chains 
of normal subgroups in P are finite. There exists a minimal group R of P. 
All the conjugates of R in G are seen to be minimal groups of P. It is easily 
seen that one can represent P by a basis 


(1) P =([R,, Re, --- , Ril, 


where the R; are some of the conjugates of R and P in (1) is the direct union 
of these components. Here all R; are simple because a normal subgroup of R; 
would be normal in P. 

If all the conjugates of R do not occur in the direct product (1), it is easily 
seen that a missing R; could replace some R; in (1). Then R; and R; would 
be Abelian because of Theorem 1, and since they are simple, all R; would be 
cyclic of the same prime order p. 

THEoreM 3. Let the normal chains in a minimal group P of G be finite. If P 
is non-Abelian and contains a simple normal subgroup R, it is equal to the direct 
product of all the conjugates of RinG. When P is Abelian, it is the direct product 
of conjugate cyclic groups of prime order? 


? This theorem is due to R. Remak, Uber minimale invariante Untergruppen in der 
Theorie der endlichen Gruppen, Journal fiir Math., vol. 162(1930), pp. 1-16. For finite 
groups the results of the following §2 are also due to Remak. Similar considerations can 
be found in K. Shoda, Uber direktzerlegbare Gruppen, Journal of the Faculty of Science, 
Tokyo, Sect. 1, vol. 2(1929), pp. 51-72; Bemerkungen tiber vollstindig reduzible Gruppen, 
ibid., vol. 2(1929), pp. 203-209. 
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2. Normal covers. The union C of all minimal subgroups of G shall be 
called the normal cover of G. It may also be defined as the smallest normal 
subgroup with which every normal subgroup of G has a common subgroup. 

This second definition gives 

THEOREM 4. The normal cover is a characteristic subgroup of G. 

Let us now suppose that all normal chains in G are finite. Then there exists 
a basis representation of C as the direct product of certain of the minimal 
groups of G 


(2) C = [P,, Po, --- , Pr). 


It is now obvious from Theorem 3 that we have 

THEeorEM 5. If the normal chains in the minimal groups of G are finite, the 
normal cover C of G is the direct product of simple groups. 

From the general theory of Dedekind structures’ follows 

THEOREM 6. Any two basis representations 


(3) C = [Pi,--- , Peo] = (Qi, --- , Qe] 
of the normal cover contain the same number of minimal groups directly similar 
in pairs. 


One can also prove this theorem directly by showing that each basis element 
P; in one basis representation (3) can replace some suitably chosen Q; in the 
other. One also sees that any normal subgroup D of G which is contained in C 
has a basis representation 


D='[P,, P2,---, Pal, 
which can be completed into a basis for C 
C = [D, Pai, --> , Pri. 


All of these facts follow since the structure of normal subgroups of G contained 
in C is a completely reducible structure. 

Two minimal groups which are directly similar shall be said to belong to the 
same uniform system. Since the concept of direct similarity is transitive for 
minimal groups according to Theorem 2, all minimal groups fall into distinct 
uniform systems. The union of all minimal groups in such a system shall be 
called a maximal uniform component. It is then easy to prove 

THEOREM 7. The normal cover is representable uniquely as the direct union of 
its maximal uniform groups 


C =[U;,--- , Us. 
This representation may be obtained from any basis representation of C by joining 


the basis elements belonging to the same uniform system into one term. A non- 
Abelian minimal group is its own maximal uniform group. 


3 See O. Ore, On the foundation of abstract algebra. II, Annals of Math., vol. 37(1936), 
pp. 265-292. The results which are used in the following can be found in Chapter 3. 
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3. Product representations. To insure uniform notation in the following we 
shall write every group as a quotient group with respect to the unit element. 
We write in particular 


G = G/E, M, = C/E, G = GK Ma. 


Now the group GG. = G/C has itself a normal cover © = C2/C;. We shall 
call Cz, the second normal cover of G, and G, the second normal cover quotient. 
Continuing, we find 

THEOREM 8. A group @ in which the finite chain condition holds for normal 
subgroups has a unique factorization 


(4) G=GxX---xXGQx G@ 


as the product of its successive normal cover quotients. 

We also easily see the truth of 

THEOREM 9. The successive covers C = C,, C2, --- are characteristic sub- 
groups of G. 

Let M and N be two normal subgroups of G such that M = N. We shall 
say that the quotient J? = M/N is completely reducible in G if 


M = [(Qi,---, Qi] 


is the direct union of minimal groups QO; = Q;/N in G/N. From Theorem 3 
it follows that I is the direct product of simple groups, when descending 
normal chains are finite in all Q;. 

The general theory of structures now gives the following property of the 
factorization (4): 

THEOREM 10. Let $ be a normal subgroup of G and 


H= GX --- X G2 X Hi 


some factorization of $ into completely reducible factors. If & has the factoriza- 
tion (4) into its cover quotients, for each i the quotient ©; K --- K G@ has the 
factor $; X --- X GH. 

A consequence of this theorem is 

THEOREM 11. Any representation of a group © as the product of completely 
reducible factors contains at least as many factors as the cover factorization (4). 

This theorem shows that among the completely reducible factorizations of © 
the cover factorization is one of shortest length. This property, however, is 
not sufficient to characterize the cover factorization completely. 

Let H = § be a normal subgroup of G and let us call the union of all minimal 
groups of @ contained in § the first normal cover $, of S with respect to G. 
The second normal cover is defined as the union of those normal subgroups 
of @ which are minimal over §; and contained in §, ete. By repetition of 
this process one obtains a unique factorization 


(5) GB =H, X XG 


of § as the product of its successive cover quotients with respect to G. 
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THEOREM 12. Let § be a normal subgroup of G. The cover factorization 
of S with respect to G is the same as the cover factorization of in itself. 

Proof. Let us show first that §,; in (5) is the cover of . Let P be a minimal 
group of @ contained in § and R some minimal group of § contained in P. 
One sees as before that 


P — [Ri , ore , Ri 
is the direct product of some of the conjugates of Rin G. These conjugates 
R; = gigi" 


are all normal and minimal in § since © is normal in @. Since P is the union 
of minimal groups of §, it is contained in the cover of §. Conversely, a 
minimal group R of § must be contained in a minimal group P of G because 
any normal subgroup of @ containing one of the conjugates of R must contain 
them all. 

This shows that §, in (5) is the cover of . When the same argument is 
applied to the successive factor groups §/; and G/; , the theorem follows. 

THEOREM 13. Let § be a normal subgroup of & and (4) and (5) their cover 
factorization. Then for each i 


Gi X --- X Gi = (GH, Gi XK --- X G). 


Proof. The preceding proof shows that the theorem is true fori = 1. We 
shall prove the theorem by induction and hence we can assume 


Hin X--- KX Gi = (H, Ga XK --- K G). 

Let us write 
GiX---X G=RX GuArX---X GH. 

We then find 
GQxX---X GX R= CX Hy, X--- kK Hi, 


and here ® must be relatively prime to §; and G:, X --- X §; because other- 
wise $;, X --- X §,; would not be the greatest common factor of § and 
Gi. X --- X ©. From the last relation it is easily seen that 


(Ci, RG X «+ X HJR) = KGK™. 
This relation gives in turn after multiplication with R K Gin X --- X Hi 
(CG; --- X © ,[G, Ga & --- KX ©) = (Gi X --- KX Hi, GaX&--- X Gi). 


By taking the cross-cut of this relation by one obtains the desired result (6). 
It may be observed that Theorem 13 is a general structure theorem valid for 
all Dedekind structures. 
The number A of successive covers of @ in (4) may be called the normal 
height of G. One can also define the normal height hy with respect to G of 
any subgroup H as the smallest index 7 such that ©; K --- X ©, contains H. 
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This height has the evaluation properties that the height of the union is equal 
to the maximal height of any of the components while the height of a cross-cut 
is at most equal to the minimal height among the groups of which one takes 
the cross-cut. Theorems 12 and 13 show that for a normal subgroup 
the height is independent of the group @ in which © is normal, and it is equal 
to the height of with respect to itself. 


4. Upper covers. Several results of interest may be obtained by considering 
the duals of the preceding theorems. We suppose as before that the ascending 
and descending chain condition is satisfied for normal subgroups in G. A 
maximal normal group M in G is one having the property that there are no 
normal subgroups between G and M. The corresponding quotient group 2 = 
G/M shall be called an upper (or left-hand) minimal factor of © = G/E. We 
obviously have 

THEOREM 14. An upper minimal factor is simple, and hence non-Abelian or 
cyclic of prime order. 

The left-hand union U of all minimal upper factors shall be called the upper 
cover quotient of G. If D is the cross-cut of all maximal groups of G, then 
D = G/D, and we shall call D the upper cover group of G. We can write D 
as the left-hand direct union of upper minimal factors 


D = (Pi, ---, Bele, 
or according to Theorem 6, Chapter 1, I as a direct right-hand union or product 
(7) D=[Qi,---, Qi), A: = Q/D, 


where the quotient group Q; is similar to $;. 

We can define the second upper normal cover group D2 as the upper cover 
group of D = D, and the second upper cover quotient as D. = D,/Dz, ete. 
By the definition of the second and following cover groups we have the choice 
of taking the maximal normal subgroups of D, or taking those normal sub- 
groups of G which are maximal in D,. It is, however, easily seen that both 
definitions lead to the same result. We find as before 

TuHeoreM 15. There exists a unique factorization of © by means of its suc- 
cessive upper cover quotients 


@ = Di X --- K Da. 


We also easily obtain 

THEOREM 16. The upper cover groups of & are characteristic subgroups. 

We shall finally consider the relation between the upper and the preceding 
lower cover factorization. It follows from (7) that the upper cover factoriza- 
tion is completely reducible. According to Theorem 11 this implies that the 
upper factorization does not contain fewer factors than the lower. Since the 
dual argument is also valid we have 
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THEOREM 17. The upper and lower cover factorizations 
(8) G@=D,X---XD=GxX---xX © 


contain the same number of factors. For each i the quotient ©; X --- KX © has 
the right-hand factor D; X --- X D, and Dy X --- XK D; has the left-hand factor 
G, xX --- x G. 

The last statement is a consequence of Theorem 10 and its dual. 

Let us call any other completely reducible factorization of G with the same 
number h of factors as the cover factorizations (8) a shortest completely reducible 
factorization. It is then easily seen that one can characterize the cover fac- 
torizations in the set of all shortest factorizations in the following manner. 

THEOREM 18. Let the upper and lower cover factorizations of & be given by (8) 
and let 


G=HX---X Hh 


be an arbitrary shortest completely reducible factorization. Then for each i the 
quotient $; X --- X §, is a right-hand factor of ©; X --- K ©, and has the 
right-hand factor D; X --- X D,; and dually H, X --- K Hi is a left-hand factor 
of Dh X --- X D; and has the left-hand factor ©, XK --- K G. 


5. Element covers. To conclude, let us mention a different type of covers. 
Let us consider all subgroups of G instead of only the normal subgroups as 
in the preceding. There exist in G subgroups F such that every subgroup of G 
different from the unit element E has a subgroup (or an element) E in common 
with F. We can prove: the set of all such groups forms a structure. It is obvious 
that the union of two such groups F; and F; has the same property. To prove 
it for the cross-cut (F; , F2), let D be a subgroup having a subgroup D, in com- 
mon with F,. Then D, has a common subgroup D, with F:. Hence D, is a 
common subgroup of D and (F,, F2). 

If there exists a minimal group F; of G with the property that every sub- 
group has a common subgroup with F,, then F; shall be called the element 
cover of G. One easily sees the truth of 

THEOREM 19. The element cover is a characteristic subgroup of G. 

When the element cover exists, it contains the normal cover C, because the 
latter was defined as the normal group having a subgroup in common with 
every normal subgroup. The element cover of G must contain all (non-normal) 
minimal groups, i.e., all elements of prime order. Hence we have 

THEOREM 20. Let G be a group in which every element is of finite order. Then 
the element cover exists and is the group generated by all elements of prime order. 

As before, we may define the second element cover F:2 as the first element 
cover of G/F, and the second element cover quotient as ©; = F2/F;,. 

The second element cover F2 is generated by all those elements fz of G whose 
order over F; is a prime p;, i.e., f?' can be expressed by means of products of 
elements of prime order. When this process is continued, one finds 
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THEOREM 21. Every group is representable uniquely as the product of its suc- 
cessive element cover quotients. The successive element cover groups are char- 
acteristic subgroups. 

As usual one can construct the dual concepts. The dual or upper element 
cover must be defined as the cross-cut of all maximal subgroups of G. This is, 
however, exactly the definition of the well-known ¢-group of G. One can also 
define the ¢-group structurally in a different manner. We consider all repre- 
sentations of G as the union of subgroups 


G = [A,--- , Ai]. 


All those subgroups A of G which are superfluous in any such representation 
are seen to form a structure. The union F of all such groups is the ¢-group 
of G. Let us suppose that there existed a maximal subgroup M of G not con- 
taining F. Then one would have 


G = [F, M}, 


and F would not be superfluous. This shows that F is contained in every 
maximal subgroup of G, so that ¢ 2 F. Now let us consider an element d not 
contained in F. There exists a representation 


G = [{d}, K], 


where the cyclic group {d} cannot be omitted. Among the various K let us 
consider a maximal one. Then K is also a maximal group of G because the 
addition of any element to K would make {d} superfluous. Hence we have 
o =F. 

This property can be dualized to the element cover. We consider all repre- 
sentations of G as a left-hand union, i.e., all representations of the unit element E 
as the cross-cut of subgroups 


(9) (A,,---,4) = B. 


Again, one sees that those subgroups which can be omitted in all such repre- 
sentations form a structure and that there exists a minimal group ¢ such that 
@ and any group containing ¢ can always be omitted. We can then show that 
this group is identical with the element cover group F;. Obviously, any 
group which can always be omitted must have the property that 


(¢, ic}) # E 


for any cyclic subgroup {c} of G. This implies that ¢ > F;. On the other 
hand, if 


(Fi, Ai, ---,A,) = E, 


one must also have the relation (9). 
This dualism raises a very interesting problem. The structure of the ¢-group 
is known to possess the simple property that it is the direct product of its 
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Sylow groups. The question then arises whether it is possible to make any 
general statement about the structural properties of the dual group, namely, 
the quotient group G/F. 


Chapter 2. Decomposition theorems 
1. Components. Any representation of a group G as the union of subgroups 


(1) G = [Ai, Az, --- , An] 


shall be called a decomposition of G. The existence of a decomposition (1) 
indicates that G can be generated by the elements of the subgroups A;. We 
shall write 


(2) A; = [A,, ot oe » Ain ’ Au, atte » Aal, 


and call A; the complement of A; in the decomposition (1). 
We shail call (1) a permutable decomposition when each group A, is per- 
mutable with all other A;. It follows that A; is also permutable with its 


complement A;. In this case, every element g of G can be represented in 
the form 


(3) 9 = M-Q2--- Gn, 


where a; belongs to A;. 
Now let D be a subgroup of G. The group 


(4) D; ” (A; ’ [D, Aj) 


we shall call the component of Din A;. For permutable decompositions these 
components have various properties which we shall now indicate. 

Lemma 1. The component D; is permutable with all A; . 

This is a consequence of Lemma 3, Chapter 2, I. 

Lemma 2. The component D; is permutable with all other components D; . 

Since [D, A;] > D;, this result follows by the same Lemma 3, Chapter 2, I. 

When the elements d of D are written in the form (3), all elements a; occurring 
in the product shall be called the representatives of D in A; in the decomposi- 
tion (1). We can then prove: 

Lemma 3. The component D; contains all representatives of D in A; . 

Proof. We write 


d= a;-d;. 


Hence any representative a; belongs both to A; and to [D, Aj. It is easily 
seen that D; cannot contain any proper subgroup which is permutable with 
A; and contains all representatives of D. Usually not every element of D,; 
is a representative. We can prove however: 

Lemma 4. When D is permutable with A; , then D; is the set of all representa- 
tives of Din A;. 


4 Miller, Blichfeldt and Dickson, Theory and Application of Finite Groups, p. 72. 
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Proof. Since D is permutable with A;, all elements of [D, A,] are of the 
form d-d;, and all elements a; of D; satisfy a relation 


=-1 
a; = d-d;, d= a;y-ay . 


Hence a; is a representative. 

Lemma 3 obviously implies 

Lemma 5. The group D is contained in the union of its components in the 
various A; : 


D < [D,, Dz, --- , DJ. 


We shall also need the following 

Lemma 6. Let C and D be two subgroups of G and C; and D; their components 
in A;. Then the union [C, D] has the component [C;, D,] in A;. 

Proof. According to Lemma 1 the union [C;, Dj] is permutable with A,, 
and hence we find from Theorem 6, Chapter 2, I, 


(5) [B;, Ci] = (Ai, [B:, Ci, Ad). 
Now we find from the same theorem 
[A;, Bi] = (Ay, (Ai, (Av, B)] = (As, BI, (Ai, Ad) = (As, BI, 
[A:, Ci] = [Ai, Ch, 
and when this is substituted in (5), we obtain 
[B, Cl]; = (Ai, [B, C, Ad) = [B;, Ci. 


Lemma 6 can of course be extended to an arbitrary number of groups and 
this leads to the following important result. 
Lemma 7. Let (1) be a permutable decomposition and 


(6) G = [B,,--- , Bn] 
an arbitrary decomposition of G. When A;,; is the component of B; in A; we have 
(7) A; = [Aia, +--+ , Aim). 


We shall prove finally 

Lemma 8. Let B and C be permutable and let both be permutable with A,. 
Then the components B; and C; are also permutable. 

Proof. The elements of B and C can be written in the form 


6b) -(b > s 
b = al.a, c = af” .al”, 


where a{” and aS run through B; and C;, respectively. Since B and C are 


permutable, we have b-c = c,-b;, and one finds that the representatives of 
[B, C] may be written both in the form a{”-a{® and in the form aS” -a{”. 


2. Permutable and quasi-normal decompositions. We shall say that a de- 
composition (1) is a permutable decomposition into indecomposable parts when 
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no group A; can be further decomposed so that the resulting decomposition is 

permutable. In such a decomposition we suppose further that no term A, is 

superfluous, i.e., is contained in its complement A;. Finally, we say that two 

permutable decompositions (1) and (6) are mutually permutable when each A; 

is permutable with each B;. We can then prove as the main theorem 
THEOREM 1. Let 


(8) G = [A,,---, An] = [Bi,--- , Bul 


be two mutually permutable decompositions of a group G into indecomposable parts 
without superfluous terms. Then both decompositions have the same number of 
terms and any term in one decomposition may be replaced by a suitably chosen 
term in the other to give a new decomposition of the same kind. 

Proof. Under the given assumptions it follows that in (7) one of the A; 
must be equal to A;,;. Let us suppose that 


A; = Aina = (Ai, [By ’ A))). 
This implies 
(9) G = [B,, Az, --+ , Aal, 


and shows that A; can be replaced by B,. Possibly some term in (9) might be 
superfluous. Let us suppose for the moment that n < m. We continue the 
process and replace all A; by B;. Since no B; is superfluous in (8), we find 
that the first decomposition (8) must contain at least as many as the second 
and that no term in (9) can be superfluous. Hence n = m, and the theorem 
is proved. 

In a similar manner, we can prove a decomposition theorem for a group into 
quasi-normal components. 

THEOREM 2. Let there exist two representations without superfluous terms 


G = [A1,---,Aa] = [Bi,--- , Bu] 


of a group G as the union of quasi-normal subgroups. Each A; and B; shall be 
quasi-normally indecomposable, i.¢., A; is not representable as the union of two 
proper quasi-normal subgroups of A;. Then both decompositions contain the 
same number of terms and any term in one decomposition may be replaced by a 
suitably chosen term in the other to give a new decomposition of the same kind. 

Proof. Since the union of two quasi-normal subgroups is again quasi- 
normal, we have that [A; , B,] is quasi-normal inG. From Theorem 15, Chapter 
2, 1 it follows that A;,; in (7) is quasi-normal in A;. Hence we conclude as be- 
fore that one A;,; must be equal to A; and we can assume that 


G= [B, ’ Ajj. 


From this point on the proof is analogous to the preceding. 


3. Normal decompositions. We shall next turn to the representation of 
groups as the union of normal subgroups. We shall say that a normal sub- 
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group A of G is indecomposable with respect to G when it is not the union of 
two proper subgroups both normal in G. We then find as before’ 
THEOREM 3. Let 


(10) G = [A,,---,A,] = [Bi,---, Bal 


be two decompositions without superfluous terms, where the normal subgroups A; 
and B; are indecomposable with respect to G. Both decompositions then contain 
the same number of terms and any term in one decomposition can be replaced by 
some suitably chosen term of the other. 

The proof is based on Lemma 7 as before. In this case, all A;,; are normal 
subgroups of G. Let us mention without proof that one has the stronger re- 
placement theorem: 

THEOREM 4. Any term A; in (10) can be interchanged with some B; such that 


G = [Ai, Bj] = [B;, Al. 


If we say that the first decomposition (10) is reduced when no group A; can 
be replaced by a proper subgroup also normal in G, we can state 

THEOREM 5. The decompositions of Theorem 3 are reduced. 

Proof. If one had for As < Ai 


[A;, Aj = [Aj ’ Aj), 
one would obtain from the Dedekind law 
A; os [A; ’ (A; ’ A))], 


and A; would not be indecomposable with respect to G. 

Let us now study somewhat further the normal subgroups of G which are 
indecomposable with respect to G. When we assume that the ascending chain 
condition holds for the normal subgroups of G, we find the following criterion: 

THEOREM 6. The necessary and sufficient condition that a normal subgroup 
A of G be indecomposable with respect to G is that A contain a single maximal 
subgroup normal in G. 

Let this maximal normal subgroup be M. Since A is minimal over M in the 
group G/M, it follows from Chapter 1 that the quotient group $ = A/M is the 
direct product of simple groups. We shall say that the indecomposable group A 
belongs to the quotient group %. We prove further 

THEOREM 7. Any indecomposable group A; which occurs in a normal decom- 
position (10) of G belongs to a simple quotient group f; . 

Proof. One establishes immediately the isomorphism 


Bi = Ai/M; = G/[Mi, All, 


and one finds that [M;, A,] is maximal in G. Hence the quotient groups are 
simple. 


5 See A. Kurosch, Durchschnittsdarstellungen mit irreduziblen Komponenten in Ringen 
und in sogenannten Dualgruppen, Matematiéeski Sbornik, vol. 42(1935), pp. 613-616. 
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This theorem leads to the division of the indecomposable groups in the 
tecompositions of G into two classes. This distinction is very useful in the 
sequel. We say that an indecomposable group A is of Abelian type, when its 
quotient group 2 = A/M is cyclic of prime order. Otherwise, A is said to be 
of non-Abelian type. 


4. Relations between decompositions and upper covers.” From now on let 
us suppose that all chains of normal subgroups in G have a finite length. Then 
there always exists a decomposition 


(11) G = [A1,--- , As] 


into normal indecomposable subgroups A;. Since each A; is indecomposable, 
it contains a unique normal subgroup M; of G maximal in A;, and according 
to our terminology A; belongs to the simple group 


(12) $; = A.i/M;. 

The groups 

(13) C; = [M;, Ad 

are maximal normal subgroups of G and the quotient group 
(14) OQ; = G/C; 


is isomorphic to $;. These quotients ©; are minimal left-hand factors of 
@ = G/E. Their left-hand union is 


(15) € = [Qi, eee » Dale = G/C, 


where C is the cross-cut of all C;. A repeated application of the Dedekind 
relation shows that 


C= (Ci, --- , Cn) = [M,.,--- , M,]. 


The quotient (15) is completely reducible. It can also be written as a right- 
hand union of simple groups 


€ = (Mi, --- , Ral, 
where 
R; = N,/C, N; = (Mi, --- , Min, Ai, Mins, --- , Mal, 


and &; is similar to f;. It is also easily seen that the O; or R; form a basis 
for €. 

We shall now show that € is the upper cover quotient of G. If this were 
not true, there would exist a left-hand factor 2 = G/P of G which was rela- 


6 Compare the structure theorems in O. Ore, On the foundation of abstract algebra. II, 
Chapter 5. 
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tively prime to ©. We may assume that P is maximal in G. Since it does 
not contain C, there is at least one M; not contained in P. Since P is maximal 


G = [P, M]), 
and this implies by the Dedekind relation 
A; = [M,, (P, A,)]. 


This is, however, contrary to the assumption that A;is indecomposable. Hence 
we have 

TuHeoreM 8. Let G be a group in which all chains of normal subgroups are 
finite. There exist normal decompositions of G into groups indecomposable in G 


(16) Gu td,.---.43 


Any such decomposition without superfluous terms contains the same number of 
groups as a basis representation 


(17) € = (M., ---, Ra] 


of the upper cover factor of G and each A; belongs to a simple quotient group ¥; 
similar to R; . 

This theorem shows that the properties of the normal decompositions are 
mainly determined by the upper cover. 

It is also easily verified by means of an extension of the preceding argument 
that any indecomposable A; occurring in a decomposition (16) not only is 
indecomposable in G but must also be indecomposable in itself, i.e., it is not 
equal to the union of two proper normal subgroups of itself. 


5. Unique decompositions. We shall now consider the conditions for the 
uniqueness of the normal decompositions. We prove first 

THEOREM 9. Ina normal decomposition of a group into indecomposable groups 
those terms which are of non-Abelian type are unique. 

The proof of this theorem depends on the following 

Lemma 9. Let A, B and C be normal subgroups of G such that 


[A, C] = [B, C]. 
We write 
De = (A, B), D;, = (A, C), Da = (B, C). 
Then we have the isomorphism 
Y= A/[Dc, Ds] = B/[Dc, Da] = B, 


and both quotient groups are Abelian. 
Proof. One finds easily 


A = [A, D4\/[Da ’ Ds ’ De] = Y, 
SB: = [B, Ds]/[Da, Ds, De] & &. 
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Furthermore, let 


©, = [(C, Del/[Da , Dz , Del. 
Then one finds 
[2% , G) = (B., Gl, (%, 3) = (hh, G) = @B, G) =G, 
where © is a unit group. This last relation proves our lemma according to 
Theorem 2, Chapter 4, I. 


With the same notation one also has 
Lemma 10. If 


[A, C] = [B, C] = [A, Bl}, 
then 
Ww>2B2> & 
are Abelian groups and 
[%, GJ = (B., G) = (Mh, Bil, (%, G) = (@, G) = (MH, B) = G. 


To prove Theorem 9, let us recall that we have already shown that in a 
decomposition (10) any group A; can be replaced by some B;. Let us suppose 
that A; is of non-Abelian type and 


[Ai ’ A\] = [B,, A\j. 


Since A; cannot have any Abelian quotient group, we conclude from Lemma 9 
that 


A, = [(A1, Bi), (Ai, Ay), 


and since A, is indecomposable, this implies B; = A;. 

Obviously, groups A; of Abelian type can only occur when the commutator 
group K of G is a proper subgroup, i.e., when G has an anticenter G/K different 
from the unit group. Hence we can state 

THEOREM 10. In a group without anticenter the decomposition into normal 
indecomposable groups is unique when it exists. 

When G has an anticenter, the question of uniqueness is more difficult. 
Let us assume that the finite chain condition is satisfied. We can then prove 

THEOREM 11. When the decomposition of G is unique, the anticenter of G 
is cyclic. 

Proof. When the anticenter is not cyclic, the upper cover quotient of G 
must contain two different cyclic groups of the same prime order p. Hence 
there exists in (16) two indecomposable groups A; and A: belonging to cyclic 
groups 


fi = Ai/M,, P. = A2/M2. 
If we write C = [M,, M3], then 
(18) [Ai, As]/C = [Si, Se], Si =[Ar, Mi]/C, Se = [Az, MiJ/C, 
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and S, and Ss, are similar to $, and P.. Since the quotient group (18) is 
Abelian of type (p, p), there exists a third cyclic group S© = M/C such that M 
is normal in G and 


~ ~ 
Ao 
(S:, S), 


G) 
D 


[S.,S) =(G.,S) =(S2,S], (Gi, Ge) = (S 
or 
[Ay : Ag] = [M, A\| = [M, Aj]. 


Here M does not contain A; or Az. By replacing M by a proper subgroup 
one obtains, therefore, two different indecomposable representations of [A; , Ao]. 

In the remaining case, where the anticenter of G is cyclic, the decomposi- 
tion may be unique or not. In order to state a general theorem let us intro- 
duce the following definition: two normal subgroups A and B are said to be 
directly semi-similar in G when there exists a third normal subgroup C not con- 
taining A or B such that 


[A, C] = [B, C]. 


We shall prove 

THEOREM 12. The necessary and sufficient condition that a decomposition (16) 
be unique is that no A, be directly semi-similar to any normal subgroup A; of G 
contained in any other A; . 

Proof. To prove the necessity, let us suppose that A, and A} are directly 
semi-similar 


[Ai, C] = [4j, Cl. 


Here C does not contain A; , but we can suppose that it is contained in [A; , Aj]. 
Hence 


[A;, Aj] = [C, Aj). 


After C is replaced by a proper subgroup this gives a new decomposition for G. 
To prove the sufficiency, we suppose that some A;, for example A; , can be 
replaced by some indecomposable B satisfying 


[Ai ’ Aj] = [B, Ajj. 


As before, the group A; belongs to the group Ai/M,; = §, of prime order p. 
Let us form the quotient group 


G/M, = [B., %, sei ba » An] = [B, YM , pee , Sal, 
where 
B= (Bi, M,\/M,, W: = (Aj, M,\/M,. 


Since $8 cannot contain $,, one of the A; , for example %, must contain a 
normal cyclic factor Bs, =~ $.. It is easily seen that Ps may be written in 
the form 


PB: = (42, Mil/M., 
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where A, is a subgroup of A:. Since 
[(B., NM] = (P2,M, M = M/M, 
where M is not divisible by ¥. or $3, it follows after multiplication by M, 
[A,, Mi] = (Az, Mil, 


and A, and Ag are directly semi-similar. 

From Theorem 12 it follows, for example, that the decomposition is unique 
if (i) the anticenter is cyclic and (ii) when A; belongs to the cyclic group of order p, 
no other A; contains a cyclic group of order p in its principal series with respect 
to G. Various other special conditions may be derived from Theorem 12. 


6. The dual theory. Direct decompositions. According to the general 
principle of duality which we have stated there must exist a theory dual to the 
preceding decomposition theory. Let us indicate briefly how this theory may 
be formulated. 

A left-hand decomposition of a group G is a representation 


(19) @ = G/E = (A, Bh 
of © as the left-hand union of two quotients 
Y= G/A, B = G/B. 
The relation (19) means, however, 
(A, B) = £, 


so that a left-hand decomposition of G is equivalent to the representation of 
the unit element EZ of G as the cross-cut of two relatively prime groups. One 
finds that G is indecomposable if and only if any two (normal) subgroups of G 
have a common subgroup. When the finite chain condition is satisfied for 
normal subgroups in G, this means that G shall have only one minimal normal 
subgroup.’ 

The representation of G as the left-hand union of left-hand indecomposable 
factors 


@ = (%,---, A), A; = G/A; 
is equivalent to a representation 
(20) (Ai,---,An) = E, 


where A; cannot be represented as the cross-cut of larger normal subgroups 
of G. One finds that when two such representations (20) exist both repre- 
sentations must have the same number of terms, the terms may be suitably 


7 Considerations of this nature can be found in the following papers by R. Remak, 
Uber die Darstellung der endlichen Gruppen als Untergruppen direkter Produkte, Journal 
fiir Math., vol. 163(1930), pp. 1-44; Uber die erzeugenden invarianten Untergruppen der sub- 
direkten Darstellungen endlicher Gruppen, ibid., vol. 164(1931), pp. 197-242. 
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interchanged, and corresponding groups of the two representations have similar 
minimal normal subgroups. The representation is unique when G@ has no 
normal Abelian subgroups. When G has a (lower) cover, the number of terms 
in (20) is equal to the number of basis elements P; of the cover and each A; 
contains a normal subgroup similar to P; . 

In conclusion, one should also mention the properties of the direct decom- 
positions. A very simple proof for the Schmidt-Remak theorem for groups in 
which the normal chains are finite can be obtained by a direct translation of 
the structure proof. This proof can also be extended to the case of certain 
infinite chains by the methods of a second paper on direct decomposition in 
Dedekind structures. For groups, however, these methods add very little to 
the general results obtained by Fitting’ and Koffnek’ and hence we shall omit 
a further discussion. Let us only mention the close connection of their method 
with the one applied in the second paper on direct decompositions in structures. 
In principle this method seems to go back to Krull.” 


Chapter 3. Structural properties 


1. Distributive pairs of subgroups. The general characterization of groups 
by means of their structural properties is an important problem of considerable 
difficulty. In the following we shall consider only certain questions connected 
with the distributive law in groups. 

Let A and B be two subgroups of G. A subgroup T of [A, B] shall be said 
to be distributed in [A, B] when there exists a representation 


(1) T = [Ai ’ By], 


where A, is a subgroup of A and B, a subgroup of B. Besides (1) there must 
then also exist a representation 


(2) T = [(A, T), (B, T)}. 


This definition shows that if two subgroups 7; and 7; of [A, B] are distributed, 
their union [7 , T2] has the same property. 
The distributive relation for three subgroups 


(3) (C, [A, B}) = [(C, A), (C, B)] 


expresses that (C, [A, B]) is a distributed subgroup of [A, B]. The preceding 
remarks show that the study of the validity of the distributive relation (3) is 
equivalent to the study of the distributed subgroups of [A, B]. We shall say 


8 See for example H. Fitting, Uber die direkten Produktzerlegungen einer Gruppe in 
direkt unzerlegbare Faktoren, Math. Zeitschrift, vol. 39(1935), pp. 16-40; or H. Zassenhaus, 
Lehrbuch der Gruppentheorie, pp. 78-82. 

* V. Kofinek, Sur la décomposition d’un groupe en produit direct de sousgroupes, Casopis 
pro Péstovani matematiky a fysiky, vol. 66(1937), pp. 261-286. 

10 W. Krull, Uber verallgemeinerte endliche Abelsche Gruppen, Math. Zeitschrift, vol. 
23(1925), pp. 161-196. A similar method can be developed for arbitrary Dedekind struc- 
tures: see O. Ore, Direct decompositions, this Journal, vol. 2(1936), pp. 581-596. 
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that the two groups A and B are distributive or form a distributive pair when 
the relation (3) holds for all C. This is equivalent to saying that every sub- 
group of [A, B] is distributed. 

We shall now consider the conditions for two groups A and B to be distrib- 
utive. Let c be any element of [A, B] not contained in A and B. Since the 
cyclic group {c} must be representable in the form (2) when A and B are 
distributive, we must have relations 


(4) c*4 = a, c"* = b, 


where a is in A and bin B. The minimal exponents n, and ng for which (4) 
holds shall be called the orders of c with respect to A and B. According to (2) 
the cyclic groups {a} and {b} must generate {c}. Since a and b are powers 
of c, they are commutative and there must exist a representation 


(5) c=a’-bd’. 


This fact establishes, first, that every element in [A, B] has the form c = a,-b;, 
where a, belongs to A and b; to B. Hence we have proved 

THeorEM 1. Ff A and B form a distributive pair, the two groups are per- 
mutable. 

The relation (5) implies, secondly, the existence of integers z and y such that 


rng + Y-Nz = 1, 


and n, and nz are relatively prime. 

THEOREM 2. The necessary and sufficient condition that A and B form a 
distributive pair is that any element c in [A, B] but not in A or B have finite orders 
n, and nz with respect to A and B such that (n4, nz) = 1. 

We have already shown that this condition is necessary. Conversely, if it 
is satisfied, every cyclic subgroup of [A, B] is distributed and since every group 
is the union of its cyclic groups the theorem follows in general by a preceding 
remark. 

It may happen that a distributive pair A, B contains subgroups A;, B, 
such that 


[A, B] = [A1, Bil, 


and such that A; and B, still is a distributive pair. We shall say that A; and 
B, have been obtained by reduction from A and B. Conversely, if A and B 
is a distributive pair, the groups [A, Dz] and [B, D,] form a distributive pair 
when D, is any subgroup of B and D, any subgroup of A. This last pair shall 
be said to have been obtained by eztension from A and B. We shall now 
show how a distributive pair may be obtained by extension from a particularly 
simple pair. 

We first prove the following lemma: 

Those elements a in A for which bab™ is contained in A for any b form a normal 
subgroup of |A, B], when A and B are permutable groups. 
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It is obvious that the a form a group A for which 
bAb’ = A 
for any b. To show that 


7-1 - 


aAa =A 
for any a, let us write a’ = ada. Then 
ba’b* = bab". bab™- (bab). 
Here bab’ = 4, is contained in A. Furthermore, since A and B are per- 
mutable we can write 
bab = a,-b,, 
and we find 
ba’b™? = (a;b,)-@y-(ayb:)? = ay-Ge-a;". 


Hence a belongs to A. 

From now on we shall suppose that A and B are finite groups. We consider 
an element a in A which does not belong to A or to the cross-cut D = (A, B). 
Then there exist elements b such that bab’ does not belong to A or B. This 
implies according to Theorem 2 that there exist two relatively prime exponents 
n and n\ such that 


(6) ba" = ay, ba"? b= by. 

The last relation (6) shows that ni’ = nz is the order of a with respect to D. 
The exponent 9” in the first relation (6) will usually depend on b. But since B 
is finite there exists a least common multiple m, of all n°, and m, and nz are 
relatively prime. It is obvious that a4 belongs to A and furthermore one 
can find integers z and y such that 


This shows that 
A = [A, D], 


and A and D form a distributive pair. 
This result implies that the distributive pair A, B can be reduced to A, B. 
A similar reduction on B gives 


[A, B] = [A, B}, 


where A, B is a distributive pair and A and B are normal in [A, B]. 

When A and B are normal in [A, B], the condition for distributivity is easily 
described. The orders of any element c = a-b with respect to A and B are 
seen to be equal to the orders n{” and n{” of b and a with respect to D. This 


shows that all orders of the elements of A with respect to D are relatively prime 
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to those of the elements of B with respect to D. This is only the case when the 
orders of the two quotient groups A/D and B/D are relatively prime. 

We sum up the preceding results in 

THEOREM 3. Let A and B be finite normal subgroups of [A, B|. The necessary 
and sufficient condition that A and B be distributive is that the orders of the quo- 
tient groups A/(A, B) and B/(A, B) be relatively prime. Any distributive pair 
A, and B, in a finite group can be obtained by extension from a normal pair. 


2. Distributive group structures. Let us now consider the problem of find- 
ing all groups in which the structure of all subgroups is distributive. The 
result is 

THEOREM 4. The necessary and sufficient condition that the structure of all 
subgroups of a group G be distributive is that G be Abelian and have the property 
that any finite subset of elements generate a cyclic group. 

Proof. In this theorem we make no assumption of finiteness. We show 
first that the subgroup M = {a, b} generated by two elements is cyclic when 
all subgroups are distributive. Let us suppose first that bab™ is not contained 
in {a}. Then it follows as before that there exist relatively prime powers 
n and m such that 


(7) bab =a", a” = b™, 
This gives a representation 
a=a-a”, an + my = 1, 


which shows that bab™’ must be a power of a. Similarly, one finds that aba“ 
is a power of b. This means that {a} and {b} must be normal subgroups of M. 
Furthermore, since {a} and {b} are distributive, we can assume that the expo- 
nents m and m, in (7) are relatively prime. Now one must have a relation 


(8) a-b = b-a-d, 


where d is some element in the cross-cut of {a} and {b}. Since d is a power of 
both a and b, it is permutable with both elements. From (8) one obtains by 
induction 


a-b' = bi-a-d', — a’-b = b-a’-d’, 
and for i = m, and j = m this implies 
qd™ = d™ = 1, 


ord =1. Thusaand bare permutable. Furthermore, it is not difficult to see 
that one can choose the generating elements of A and B so that M is the cyclic 
group generated by ab. 

The converse is easily proved. Let A and B be subgroups of G and a and b 
an element of each. Since the group {a, b} is cyclic, it follows that the orders 
of a and b over the common subgroup of {a} and {b} must be finite and relatively 
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prime. Hence the conditions of Theorem 2 are satisfied and A and B are 
distributive. 

For finite groups Theorem 4 says simply 

TuHeoreM 5. The only finite groups in which the structure of all subgroups is 
distributive are the cyclic groups. 

For the infinite groups with distributive structure we have found a special 
class of Abelian groups which are identical with the ideal cyclic groups intro- 
duced by Priifer. 


3. Primitive elements. Let G be a given group and let be any substruc- 
ture of the structure of all subgroups of G, i.e., when the set = contains the 
two subgroups A and B, it also contains [A, B] and (A, B). We shall say that 
an element a of a group A belonging to = is a primitive element of A in =, when 
a belongs to A, but not to any subgroup of A contained in 2. 

We shall say that a group A is indecomposable in =, when it is not the union 
of two proper subgroups both contained in =. If we suppose that all ascending 
chains in = are finite, we find as before, in the normal case, that the necessary 
and sufficient condition for A to be indecomposable is that it contain but a 
single maximal subgroup B contained in =. This makes it obvious that a 
group A which is indecomposable in = must contain primitive elements with 
respect to 2, since any element of A not contained in B must be primitive. 

We shall now prove the following 

TuHEeoreM 6. Let = be a substructure of the structure of all subgroups of a 
given group G. We suppose that = satisfies the Dedekind axiom and that all 
chains are finite. Then any subgroup A in = whose representation as the union 
of indecomposable groups in = 


(9) A =[A1,---, Ar] 


is unique must contain primitive elements with respect to >. 
Proof. Let B; be the maximal group of A; with respect to =. Furthermore, 
let us write 


A; - [Ai, mah , Air, Aus, iat , Ay]. 
It then follows from the Dedekind axiom that the groups 
M; = [B; , Aj 


are maximal subgroups of A in 2. We shall show further that the uniqueness 
of the decomposition (9) implies that the groups M; are the only maximal 
groups. 

Let us denote by K some maximal group of A in 2. Since K does not con- 
tain all A;, let us suppose that it does not contain A;. We shall show that 
K = M,. Since 


A = [Ai ’ K], 
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it follows that if K has the decomposition 
K= [Ki,--- , K,] 


into indecomposable groups in 2, then all A; (¢ 2 2) must occur among the K;. 
This means that K must contain A;. It must also contain B, because otherwise 


A = [K, Bi) 


would give a new decomposition of A. 
The existence of primitive elements in A now follows simply. Since A, is 
not contained in M; , let a; be an element of A; not in M;. Then the product 


Y = +++ An 


is a primitive element because it cannot be contained in any maximal group M; . 

From Theorem 6 we deduce 

THEOREM 7. Let = be a distributive substructure of finite lengih in the structure 
of all subgroups of a group G. Then every group belonging to = contains primitive 
elements with respect to >. 

The proof follows from the observation that in a distributive structure any 
decomposition must be unique. 


YALE UNIVERSITY. 











SUMMABILITY OF CONJUGATE FOURIER SERIES 
By A. H. Smiru 


1. Introduction. We assume that the function f(z) is integrable in the sense 
of Lebesgue over (0, 27) and satisfies the periodicity condition f(z + 2r) = f(x); 
then the series 


(1) > (a, sin vx — b, cos vz), 

v=1 
where a, , b, are the Fourier coefficients, is defined to be the conjugate Fourier 
series generated by f(x). Let us also define, whenever the limits on the right 
side exist, 


, comin tft 
and 

(3) G(2) = lim — [ ° ? dt, 

where 

(4) WO) =fe+0-fe-0; w= [vodu 


Paley’ has proved that the series (1) is summable by Cesaro means of order 
a for a > 1 to g(x), whenever g(x) exists. From two lemmas due to Prasad’ 
it is easily shown that the existence of G(x) is equivalent to the existence of 
g(x) with the added condition that V(t) = o(t) ast — 0. Prasad generalized 
Paley’s result by proving that whenever G(x) exists the series (1) is summable 
by Cesaro means of order a for a > 1 to G(x), provided that either 


(i) V(t) = O(t) ast > 0, or 
(ii) [ el a = o(t) ast —> 0. 


Received September 13, 1937. 

1R. E. A. C. Paley, On the Cesdro summability of Fourier series and allied series, Pro- 
ceedings of the Cambridge Philosophical Society, vol. 26(1930), pp. 173-203. 

2B. N. Prasad, Contribution a l’étude de la série conjuguée d’une série de Fourier, Journal 
de Mathématiques Pures et Appliquées, (9), vol. 11(1932), pp. 158-305 (Lemmas 1 and 2). 


Prasad shows that whenever lim v(t)t"' dt exists, then lim y(t)t- dt exists, but when 
10 J, 10 Jy 

the latter exists the necessary and sufficient condition for the existence of the former is 

that v(t) = o(t) ast— 0." 
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The purpose of this paper is to derive more exact information concerning 
the summability of the series (1) under the hypothesis just stated. We use 
the summation method of Bosanquet-Linfoot,’ which is weaker than Cesaro’s. 
Our results are given in Theorems 1 and 2. In §4 we give an example of a 
function W(t) which satisfies the conditions: 


(i) V(t) = O@ ast— 0; 
(ii) [Ora = o(t) ast 0; 


(iii) G(x) exists. 


However, V(t) = o(t) as t — 0 is not satisfied, and hence g(x) does not exist. 


2. Definitions and lemmas. The following functions will be used through- 
out the paper: 





(5) Hx,a.s(1 — u) = Bu‘(1 — u)*" log® (; . ;), 
where B = (log C)*, fork => 0,a =1,8 =0; 

Qias(t)\ _ [* costu\ | 
(6) pe = [ Ax. a.3(1 > u) ain nb du; 
_ Aa.a(N, t) ra 1 ’ cos vt 
(7) Ka.a(n, aS —_ : | Ho, «,3(1 ini v/n) sin ") dy. 


The functions d{"}(n, t) and XS°3(n, t) denote the k-th derivatives with respect 
to t of da.a(n, t) and Xza,s(n, t), respectively. It is readily seen that A{*}(n, 2) 
and \‘'3(n, t) can be expressed in terms of either Qy.a,3(nt) or Q:.«,3(nt). 

We have need also of the following lemmas, the first two of which are stated 
without proof.’ 

Lemma l. Fork = 0,a 21,8 = 0, the functions Qx,«,3(t) and Qy,a,3(t) are 
bounded in (0, ©), and for large values of t, 


is oe ie. 1 1 
Qi.a.s(t) + 1Qk,aa(t) = pe Tt ri +0(a, +0(, log® t/’ 


where Cxs2 1s a constant. 





3 L. S. Bosanquet and E. H. Linfoot, Generalized means and the summability of Fourier 
series, Quarterly Journal of Mathematics, (2), vol. 2(1931), pp. 207-229. The series Ea, 
is said to be summable (a, 8) vo S, where either a > 0, or a = 0, 8 2 0, if 


. | ac — v/n)« io (; 2 x o.|- S asn— ox 


ven 





for C sufficiently large, where B = (log C)*. They have shown that it is equivalent to say 
“for every C > 1’. (Theorem 3.2.) 

4 Lemma 1 is Lemma 2.1 and the proof of Lemma 2 is analogous to that of Lemma 2.2 
of the following paper: A. H. Smith, On the summability of derived series of the Fourier- 
Lebesgue type, Quarterly Journal of Mathematics, (2), vol. 4(1933), pp. 93-106. 
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Lemma 2. The function \%3(n, t) is bounded in (0, ~) for fixed n, where 
k 20,a 21,8 = 0; and for large values of t, where k = 0, and B 2 0, 


—1)k! 
(=) es ont Jog (nt) (a =k +14+6,0 55 <2), 
A+1 
N(n, t) = ™ 
; (—1)*k! + O(nt-**) (a >k+3) 
| 7 ” a ek +3). 


Lemma 3. The function X4_,3(n, t) can be expressed as follows: 


- 1 — 1 
Na, a(n, t) = — a — Aa-1,8(n, t) — F detssa(n, t). 


Proof. From (7) 
1 
Xa.a(n, t) = =f Ho,2.8(1 — u) sin unt du. 
0 


The lemma is obtained upon integration by parts. 
Lemma 4. For B > 1 the function Qo1,s(t) is of bounded variation over (0, ~). 
Proof. It is easily seen that 


Qire(t) = —Qir.e(t). 


Therefore, by Lemma 1, Q§')s(t) is bounded over (0, ©) and is O(t* log™ t) for 
large values of t. Hence 


[ * 1 QSR5(0) | dt 


exists for 8 > 1 and thus the lemma is proved. 

Lemma 5. For B > 1 the function tQ,,,s(t) is of bounded variation over any 
fixed interval. 

Proof. As in Lemma 4 we show that Q,,1,s(¢) is of bounded variation over 
(0, ©) for8 > 1. The lemma then follows. 

Lemma 6. The expression 


“ | ” Yit)ie.s(n, t) dt 


is the [n]-th® mean of order (a, 8), for « = 1, B = 0, of the conjugate Fourier series . 
The proof of this lemma is similar to that of one in an earlier paper.® 


5 Where [n] denotes the largest integer S n. 

6 A. H. Smith, On the summability of derived conjugate series of the Fourier-Lebesgue type, 
Bulletin of the American Mathematical Society, vol. 40(1934), pp. 406-412. In particular 
see Lemma 4, p. 409 and §5, p. 412. Note that the condition “‘that f(x) be finite’’ of Lemma 
4 is needed only in the case of the derived conjugate series. 
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3. Summability theorems. We now proceed to develop our main results. 
From Lemma 6 we obtain 


-[ ¥(t)de,9(n, t) dt = —[W(t)de,9(n, t)Jo + [ W()Ao3 (n, t) dt. 


The integrated term vanishes at the lower limit; it also vanishes at the upper 
limit, since W(t) is periodic and for large values of ¢t (Lemma 2) 


Aee(n, t) = = + O(n™'t” log nt). 


Thus the [n]-th mean of order (1, 8), for 8 = 0, of the conjugate Fourier series 
can be expressed as 


(8) l= [ . W(AL3 (n, 0) dt. 


TuHEeorEeM 1. If the function f(x) is integrable in the sense of Lebesgue and 
has period 2x, the conjugate series is summable (a, 8) for a = 1, B > 1 to G(x) 
provided that 

(i) G(x) exists; 

(ii) V(t) = O() ast > 0. 

Proof. Assume that at the point z the conditions of the theorem are satisfied; 
let K denote a positive numerical constant. Choose A so that 


(9) w(t) < Kt for0 Sts A; 
then choose n so that nA > e and define, where 6 > 0, 


end-1 
‘7, = [ W(t)A32 (n, t) dt, 
0 
A - 
(10) h = I ,_, YORS(n, d dt, 
I; = / W(t)Aa'8 (n, t) dt. 
A 





We proceed to investigate J,. Since by Lemma 3 


. 1, Ana(n,t) — ALB(n, t) , Brrsyi(n, t) — BALsua(n, t) 
(1) shat seater 1,8\%, = 1,8 \ by ¢) 1,841 ’ a 1,8+1 > 
Aas (n, t) =— rt? + ne nt + ne a a 





we divide J, into the respective integrals J, , li2, lis, lisaandis. Because 
of the existence of G(x) the integral 


ont—2 
hie} | ¥O a = o(1) asn— ©. 
w Jo t 


Investigating J;.2 , we substitute 


Ar.a(n, t) = nQo,r,6(nt) 
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((6) and (7)) and obtain 


how i . ¥({)(£) ° Quaattrat 
n Jo n n 


By Lemma 4, Qo1,s(t), for 8 > 1, can be replaced by P(t) — N(t), where P(t) 
and N(t) are positive monotone decreasing bounded functions. Now 


4% ¥(Y(4) pow Po! [ov()(4) “ae, 0<¢<en’, 
n Jo n n n Jo n n 


P(O)o(1) = o(1) asn— ©, 
since G(x) exists. Thus J;2 = o(1)asn— ~,for8> 1. Similarly J,4 = o(1) 
asn— ©, for 8 > 0. Consider next J;,. Divide the interval (0, en*”) into 
(0, In) and (In, en"), where we choose I so that log’ * 1 < ¢ fora preassigned 
e, then n so that In < en’. Since 


(11) ALB (n, t) ad n'Qi.1,8(nt), 


it follows that 


in-1 —< 
| ba Ais (n, t) dt = af ¥((4) tQu.1,9(¢) dt. 


Because, for 8 > 1, tQ,,,s(t) is of bounded variation over any fixed interval, 
it may be replaced by P(t) — N(t), where P(t) and N(¢t) are positive monotone 
decreasing bounded functions of t. Moreover, 


: [ ¥ (V4) P(t) dt = P(0)o(1) = o(1) ma wees 1, 


n 


since G(x) exists. The argument may be repeated for N(t). From condition 
(ii) of the theorem and (11) 


en? -1 en? 
I ¥ Aie(n, t) dt = o( | Qir.s(t) at). 
In~1t nt l 


If we substitute, from Lemma 1, Q,,(t) = O(t ‘log *t) and integrate, this 
integral becomes arbitrarily small with ¢« for 8 > 1 on account of the choice of l. 
Thus we have shown that I;3; = o(1) asn — «. The integral J, may be 
treated in a like manner. Hence we have shown that for B > 1 


(12) I, = o(1) asn— ©, 
We next investigate I,. By Lemma 2 
= (1) weet? ( 3 =) 
(13) Aag(n, t) _ rt + O f log? nt . 


) Set TI = Io4 a Ie.2 ’ where 


a Ml a 4 wo | 
To. = “? [.. ead I. = o(f.. Plog? nt . 
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Now by condition (ii) of the theorem 


” l 
Ih. = o( fi. nora) = o(1) asn— ©, forB> 1. 
Thus 
(14) I; > Ina asn— ©, 


Finally consider 7;. Using (3), we set J; = Is. + Is.2, where J3, and Is. 
are defined similarly to J, and Iz2. Now choose g so that 2(q — l)r S A 
< 2q7; then, since ¥(¢) is periodic, K being a constant, 


2r 1 1 = l 
|\Is2| SK | [ | ¥@ dts area + (29)? »» v* log? ma) | 


Thus J32 > 0asn— ~,for8 > 0. Hence under these conditions 
(15) I; > Isa. 


Combining (10), (12), (14) and (15), we have, for 8 > 1, 


tim 1 = tim — 1 [” 40 ay = tim - + f YO wy 
en?-1 ” 


no no T t 70 us 


provided the latter limit exists. This completes the proof of the theorem. 
THEOREM 2. If the function f(x) is integrable in the sense of Lebesgue and 
has period 2x, the conjugate series is summable (a, 8) for a = 1, 8B > 1 to G(x) 
provided that 
(i) G(x) exists; 


(ii) [ela = o(t) ast > 0. 


Proof. Assuming that at the point z the conditions of the theorem are 
satisfied, choose ¢, then A so that 


: | 
= [Ola <a for0 StS A. 
0 


Divide the interval (0, «) into (0, en’), (en, A) and (A, ~). Set J = 
J, + J2+ J3, where J; , J: , J; are defined in a manner analogous to J; , Iz , I3. 
It can be shown, as in the case of J, , that J, ~ 0asn— ~, for 8B > 1.’ 

Next consider Jz. Using (13), we set Je = Joa. + Jo2, where 


_ 1 f4 » ([: | ¥(t) | ) 
Joi = tf z dt, Jo22 =O we # Tog? nt : 


7 The only change except for the upper limit is in the case of J;; and Jis, which are 
treated as the first integral of J; . 
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Now 
[ vO 1 a =| x(t) |" 
en t tlo B nt ™ t log? nt nal 


A ‘ 
7 I _, xt log nt dt + 6 _, XE log?" ntdt. 


When n — the integrated term vanishes at the upper limit for 8 > 1 and 
at the lower limit on account of condition (ii) of the theorem. But 


A 
[ _, x(t* log” ne dt 


n 








A 
Se [ ne t log’ ne dt, 


and for 8 > 1, this term is arbitrarily small with e«. Since the second integral 
on the right of (16) can be treated likewise, it follows that, for 8 > 1, Jze— Joa 
asn— ©. 

The integral J; is similar to 7;. Hence the theorem has been demonstrated. 


4. Prasad gave the following example® 


= 1 1 1 1 
#) = X sin'{nt(t- 4) sh, petaata (n = 1,2, ---), 
0 elsewhere, 
and showed that the function defined had these properties: 
(i) ¥(t) = Ot) ast 0; 
(ii) G(x) exists; 
(iii) W(t) = o(t) as t > 0 is not satisfied. 
Hence the integral g(x) does not exist. 
We wish to show that 


(17) [ela a mine, 


Now for (m + 1) + (m+ 1)* <t Sm? 4m‘, 
t 20 n-2+n—-4 » 27 4 —2 CJ 
(Mas del" sin [n(t-n lye yl. 





n=m n t n=m 2n4 
Thus 
1 1 
1 [ , |¥@ | dt < Fall <e for n sufficiently large 
t Jo t (m+ 1) 


Hence condition (17) is satisfied. 


PurpvE UNIVERSITY. 


8 B. N. Prasad, loc. cit., Chapter 4, §6. 











A DETERMINATION OF THE AUTOMORPHISMS OF CERTAIN 
ALGEBRAIC FIELDS 


By Caro.uine A. LESTER 


1. Introduction. The problem of determining all equations with rational 
coefficients having a given Galois group has been solved only in a few cases. 
All normal cubic and quartic equations having a prescribed group have been 
explicitly determined [8]' as equations whose coefficients are rational in certain 
parameters. The possibility of so expressing all equations of higher degree 
having a prescribed group was discussed by E. Noether [7]. Less explicit deter- 
minations of normal equations of degrees five [5] and eight [4] have been made. 

The companion problem of determining explicitly the automorphisms of a 
given normal field in terms of the coefficients of the defining equation has met 
with less success. It has been solved for the cyclic cubic [9]. Generating auto- 
morphisms for cyclic quartic and octic fields were found by Albert [1] and for 
cyclic quintic fields by Hull [5], but not explicitly in terms of the coefficients. 

In the present paper, all automorphisms are explicitly obtained by purely 
algebraic methods for the cyclic cubic, quartic, and sextic, the quartic with the 
four-group, the sextic with the symmetric group, and the octics with the Abelian 
groups of types (2, 2, 2) and (2, 4). The determination of the parametric 
representations of the most general equations defining these fields was an integral 
part of the determination of the automorphisms, and while for n = 3 and n = 4 
these results merely confirm known facts, the purely rational method of their 
attainment should not be without interest. 

The computation in the cases n = 6 and n = 8 was brought within practicable 
limits by a free use of matric theory; in particular, of a theorem of Williamson 
[10]. This was used with particular success in the concluding section to obtain 
from the results of Albert a one-parameter family of cyclic octics over the ra- 
tional field together with their automorphisms. 

The writer is indebted to Professor C. C. MacDuffee, under whose direction 
this investigation was carried out. 


2. Cyclic cubics. If the reduced cubic 
(1) f(z) = 2° + pr+q=0 
is normal over the rational field F, it has the roots 
a, a@ =O6(a), a” = h(a), 


Received October 7, 1937; presented to the American Mathematical Society, October 30, 
1937. 
1 The numbers in brackets refer to the bibliography at the end. 
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where 6; and 62 are polynomials of degrees < 2. In F(a), 


f(x) = (x — a(x + ot + p+ a’) = 0. 


Then 6,(a) = aa’ + ba + cis a zero of the second factor. Upon substituting 
6, for x in this factor and reducing modulo f(a), we obtain a polynomial, quad- 
ratic in a, which must vanish identically. This gives 


b+ b+ 1+ 2ac — ap = 0, 
(2) 2be + c — a’q — 2abp — ap = 0, 
c + p — 2abg — aq = 0. 


The eliminant of this system is the determinant of the coefficients of 1, p, q. 
Thus 


(3) a’(2b” + 2b + ac + 1)(2b° + 2b + ac + 2) = O. 


If a = 0, then b’ + b+ 1 = 0,80 that b is not rational, and this case does not 
lead to a normal cubic over the rational field. 
In case 2b” + 2b + ac + 1 = Oanda = 0, we find from (2), 


p = — (30° + 3b+1)/a, g = (264+ 1) + d)/a’, 
whence 
a’f(x) = (ax — b)(ax — b — 1)(ax + 2b + 1) = 0. 


This case also leads to no normal cubic. 
Now suppose 2b” + 2b + ac+2=0,a +0. Then 


(4) (2b + 1)? = — 2ac — 3 
and from (2) 
(5) p = 3c/2a, = — c(2b + 1)/2a° 
so that 
(6) 2a°f(x) = 2a*x® + 3acx — c(2b + 1) = 0. 
From (5), 

c = 2ap/3, 3aq = — p(2b + 1). 


Square this last relation and use (4), obtaining 
9a°q? = — p’(2ac + 3). 
But 2ac + 3 = (4a*p + 9)/3, so that 


9p’ = a’(— 4p* — 27q°) = a’d, 
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where d is the discriminant of (1). Then 


3p 2p" 


(7) a= ty: c= +7 a 


Hence the roots of (1) can be written [9] 


a 4 2 
da) = See — Or tdi + o 


—6pa’® + (9q — d')a — 4p” 
62(a) = at: Ja a 


Qa, 





(8) 





These are rational functions of a if and only if d is a square in F. Hence (1) 
is cyclic if and only if it is irreducible and its discriminant is a rational square, 
a well-known result. 

The birational transformation y = 2az puts (6) into the form 


y’ + Gacy — 4ac(2b + 1) = 0. 


Set ac = e. We have 
THEOREM 1. [If the equation 


(9) f(x) = x’ + Gex — 4e(2b + 1) = 0, 


where e and b assume all rational values such that (2b + 1)° = — 2e — 3, is irre- 
ducible, it is cyclic and defines all cyclic cubic fields. 
By (8), the automorphisms of (9) are 


(10) a, (a) = 30° + ba + 2e, O(a) = —4a*® — (b + l)a — 2. 
It is readily verified that they generate the cyclic group of order 3. 


3. Normal quartics. A normal equation of degree 4 is either cyclic or has 
the 4-group as its Galois group. In either case the group is imprimitive, and 
the quartic can be put [11] into the form 


(11) f(z) = z+ px? +q =0, 


where p and q are rational. If f(a) = 0, then f(—a) = 0 and, since the auto- 
morphisms form an Abelian group, every automorphism 6(a@) must be an odd 
function of a. 

The conjugates of a can be written 


(12) a, a’ = O(a) = aa’ + ba, a’”’ = —a, a’”’ = —@(a), 
where a and b are rational. Write 


f(z) = («@ — a(x + a)? + p +a’) = 0. 
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Then @(a) is a zero of the last factor. Set z = aa’ + ba and reduce modulo 
f(a). We obtain a linear polynomial in a’ which must vanish identically, i.e., 


(13) 0 — 2abp+a°p’—a’q+1=0, abg — a’ pq — p=0. 


Ifa = 0,b6° + 1 = 0, so that b is not rational. Hence we may assume a ~ 0. 
Eliminate b from (13) and obtain 


a'(p*q* — 4q°) — 2a*(p"q — 2q°) + p* = 0. 
Formal solution gives 
a= +p(pq—4q)', a= +9 


Case I, a = +p(p’q — 4q°)*. If p’g — 4q° = 0, either gq = 0 or p = 4q, 
and in either case (11) is reducible. If a is to be rational, p’qg — 4q° is a rational 
square ~ 0. In that case, (12) gives 

3 2 
+ (p' — 2q)a 
14 i of — pa ow Ei alt ; 
( ) a, Q@ (a) (p?q ee, 4q°)! , a Qa, a O(a) 
It is easily verified that these functions give a representation of the cyclic group 
of order 4. 

Case II, a = +q°. We must have q a rational square. The two cases are 
mutually exclusive, for if p’¢ — 4q° and q are both squares, p’ — 4q is a square 
and (11) is reducible. Now (12) becomes 





(15) a’ = O(a) = (a*° + pag’, a’’ = —a, a!” = —@(a). 


These functions represent the 4-group. 

Hence we have the known result [3]: the irreducible quartic (11) is cyclic 
if and only if p’q — 4q° is a rational square, and is normal with the 4-group as its 
Galois group if and only if q is a rational square. All normal quartic fields are 
thus defined. 


4. Cyclic quartics. From (14), 


2 p 32 = (P— 29)" 


a => ——- — -— = 


pq — 4q°’ pq — 4q?’ 





whence 
p = + (O'—8) _ -24d(0'-8)' 


2a , 2a? 





For p and q to be rational, b” — 8 must be a perfect square. Let b = (2k + 1)/k, 
k = [b + (b — 8)']/4. Then 


iti | ati mtn) +d 








P a’ ee? P =m ° °° 
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The two sets of values for p and q yield the same result upon substituting k, = 
1/2k,. Hence (11) becomes 
4k* +1 4k’ +1 


2 — 
7° =. 


f(z) = 28+ 
Letting y = akz, we have 
y* + ak(4k’ + 1)y’ + a@k*(4k + 1) = O. 


The expression pg — 4q° = a‘k*(4k’ + 1) is now automatically a rational 
square. 
THEoreM 2. The equation’ 


(16) az‘ + ak(4k’ + 1)2° + a’k‘(4k + 1) = 0, 


where a and k take on all rational values, is cyclic if it is irreducible, and all cycli¢ 
quartic fields are so obtained. 
The automorphisms (12) become 


a + ak(2k* + l)a ” ”"r 
ak? ’ “— 





(17) a, a’ = Wa) = 


Garver [3] developed the cyclic quartic equation 
f(x) = x* — 2g(1 + e*)a* + e'g*(1 + e*) = 0. 


If we substitute —2g = ak and e = 2k, this is identical with (16). 

Albert [1] states that every cyclic quartic field F(x) over F is generated by a 
quantity z satisfying 
x’ = v(u — 7), uw=r=l+e 
with the generating automorphism 2’ = (1 + u)z/e. This representation of 
the cyclic quartic will also be proved equivalent to (16). 

If F is the rational field, and if @ is a root of an irreducible equation with co- 
efficients in the algebraic subfield F(8) of F(a), Williamson [10] has given a 
practicable method for finding an equation with coefficients in F satisfied by a. 
Let a@ satisfy the irreducible equation a(x) = 0 of degree m with coefficients in 
F(8) and let 6 satisfy the irreducible equation b(x) = 0 of degree n with coeffi- 
cients in F. Let A be the companion matrix of a(x) = 0 with elements in F(8), 
and let B be the companion matrix of b(z) = 0 with rational coefficients. Let 
C be the mn X mn matrix obtained by replacing 8 by B in every element of A. 
Then | C — XJ | = 0 has rational coefficients and is satisfied by a. 

This theorem is directly applicable to show that Albert’s representation is 
equivalent to (16). The characteristic equation of B, u® = r+, defines a quad- 
ratic subfield F(u) of the desired quartic field F(a); f(z) = 0, which defines 


2 See [3]. 
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F(a), is quadratic over this subfield and is expressed as x” = v(u — 7), a poly- 
nomial with coefficients in F(u). When in the matrix 


0 | 
v(u-— 7) 0 


al 
r Ol’ 
the new 4 X 4 matrix has for its characteristic equation f(z) = 0, a quartic 


equation with coefficients in F which is cyclic over F(u), and, since F(u) is cyclic 
over F’, the roots of f(z) = 0 will form a cyclic group of order 4. Thus 


0 0 1 0 


A= 








u is replaced by its matrie equivalent 


Ba 








vr —vr 0 0| 
and |C — aI | = f(x) = x’ + (1 + e*)x” + v’e*(1 + e*) = 0, an equation 
which is equivalent to (16). ' 
5. Normal quartics with the 4-group. From (15), 
1 
a= ql? b= ” p= 


Then (11) becomes 


b 9 1 


f(z) = at + - ah + = 0, a ~ 0, 


which can be transformed by x = ay into 
y' + aby +a =0. 

THEoreM 3. The equation’ 
(18) x + abr’ + a’ = 0, 


where a and b take on all rational values, is normal with the 4-group as its auto- 
morphism group provided it is irreducible; all normal quartic fields with the 4-group 
are thus obtained. 

The automorphisms (12) are 


(19) a, a’ = Wa) = ——_— , a’’ = —a, a!” = —6(a). 


3 See [3]. 
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A second derivation of (18) will be given by a method which can be extended 
to equations of higher degree. Since the 4-group is the direct product of two 
quadratic subgroups, the normal field with the 4-group is the direct product 
of two quadratic subfields. 

Let fi(z) = 2° + ax + b = 0, with a and b in F, be irreducible in F and let 
A be a matrix having fi(z) = 0 as its characteristic equation. Let fo(y) = 
y +c, with c rational, be irreducible in F and let B be a matrix having fe(y) = 0 
as its characteristic equation. Then we may take 


ee 


0 1 


—b —a\|’ 


4-| 








Now form the direct product of the matrices A X B = C, that is, 


}0 O 0 1 
0 0 -—-b —a 
0 -e O 0 
ch ca QO 0 | 


C= 


The characteristic equation of C is 
(20) |\C — rAI| = M + e(a’ — 2b) + ’® = 0, 


which is another representation of all quartics with the 4-group. 

This in fact gives the same totality of equations as z* + efx’ + f? = 0 for 
we may let f = be, e = (a° — 2b)/b,a =f,b=f'/(2+e),c = (24 e)/f. No 
denominator is zero if (20) is irreducible. 


6. Cyclic sextics.‘ Consider a normal equation of degree 6 which is either 
cyclic or has the symmetric group of order 6 as its Galois group. In either 
case the group is imprimitive and the sextic can be put [11] into the form 


(21) f(z) = 2° + px + qe? +r=0 


with p, g, and r rational. 

Since the cyclic group of order 6 is the direct product of two cyclic subgroups 
of orders two and three, respectively, the cyclic field of degree 6 is the direct 
product of two cyclic subfields of degrees two and three. From Theorem 1, (9) 
defines a cyclic cubic field if (2b + 1)? = —2e — 3. Let A be a matrix which 
has as its characteristic equation f,(z) = 2° + 6er — 4e(2b + 1) = 0, e-g., 














0 1 0 
A= 0 Oo ti. 
4e(2b+1) —6e 0 


4 See [2]. 








284 CAROLINE A. LESTER 


Let fo(y) = y* — d = 0, with d rational but not a square, define a quadratic field 
and let B be a matrix which has fo(y) = 0 as its characteristic equation, e.g., 














0 1 
os I; al 
The direct product A X B of the matrices is C, where 
0 0 0 1 0 0 
0 0 d 0 0 0 
C= 0 0 0 0 oO 1 
a 0 0 0 0 do 
0 4e(2b+1) 0 —6e 0 0 
4ed(2b + 1) 0 —ted 0 O 0 
The characteristic equation of C is given below as (22). 
THEOREM 4. The equation 
(22) f(s) = »° + 12edx* + 36e7d°r’ + 16e*d*(2e + 3) = 0, 
where d is any rational number not a square and (2b + 1)? = —2e — 3, is cyclic 


if it is irreducible, and all cyclic sextic fields are so obtained. 

The automorphism group of (22) is the direct product of the automorphism 
groups of its subfields. From (10) and the automorphisms 8 and p’ = —8 
of fo(y) = 0 we form the 6 products 


a8,  a'B’ = —}a'B — baB — 2B, = a”B’ = 30°B + (b + 1)aB + 2¢f, 
ap’ = —afB, a’B _ —a’'p’, a!’ on — 2 


Let y = a be one root of (22). Since y’ = da’ andy’ = a’p* = —6edaB + 4edB, 
we have 


= vy’ + 6edy g = y° + 6edy’ 
~ Jed(2b + 1)’ oP 4ed(2b + 1) 


The denominators of 8 and a’B can not be zero if (22) is normal. Hence the 
automorphisms of (22) are 


_y° + ledy’ + 8ed"(2e — b — 2)y 





y vv =6(7) = 





Sed2(2b + 1) , 
(23) ” = &(y) = x’ + 10edy* + 8ed*(2e + b — 1)y 
en Sed?(2b + 1) , 
y"=-y, vy =—hly),  y° = —6bo(y). 


The set (23) forms the cyclic group of order 6. 


7. Normal sextics with the symmetric group. The cubic equation f,(z) = z* 
+ px + q = 0 is not normal in the rational field F when the discriminant d 
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is not a square, but fo(y) = y* — d = 0 defines a quadratic field in which f,(z) = 0 
is normal. The 6 products of the roots (8) and the roots 6 and p’ = —8 of 
fe(y) = 0 are the rational functions of a and 8 


aB, a’B = }(6pa’ — 9qa — af + 4p’), 
(24) a’B = }(—6pa’ + 9ga — a8 — 4p’), af’ = —af, 
a’ B’ = —a’B, a’’B’ = —a’’B, 


and are the 6 roots of an equation f(z, y) = 0, where the z and y are determined 
by fi(z) = 0 and fo(y) = 0, respectively. If we let A be a matrix which has 
the characteristic equation f;(z) = 0 and B a matrix with the characteristic 
equation f2(y) = 0, by a theorem of Stéphanos [6] the characteristic roots of the 
direct product A X B = C are the products ag” of a characteristic root of 
A and one of B. If the direct product is formed, the characteristic equation 
of C becomes 


(25) |C — rl | = f(s) = XP + Qpdn + pd’ — a’ = 0. 
Let y = aB be one root of (25). Then since y’ = da’ and y* = —d’pa* 
— qd'a, a& = y/d, a = —(y' + pdy’)/qd’. Neither q nor d can be zero if 


(25) is to be irreducible. The conjugates of y become from (24) 
9y* + lipdy* — dy + 4p’ d’ 








Y ‘= a'B = Aly) = OF , 
4 2 2 2 
(26) HY a deattda Lt A d'y + 4d 
7” = —oB = —-y, y'* = —6(y), Y = —62(y). 


Hence (25) is a normal equation in F. The set (26) represents the Galois 
group of (25). It can be verified that (26) represents the symmetric group of 
order 6. 

THEOREM 5. The equation 


(25) f(\) = »° + Qpdr‘ + p'd’r’ — g'd’ = 0, 


where p and q take on all rational values such that d = —4p* — 27q° is not a 
square, is normal with the symmetric group of order 6 as its automorphism group 
provided it is irreducible; all normal sezxtic fields with the symmetric group are so 
obtained. 


8. Normal octics with the group G(2, 2, 2). A normal Abelian equation of 
degree 8 has either the group G(2, 2, 2) with no cyclic subgroup of order greater 
than 2, the group G(4, 2) with a cyclic subgroup of order 4, or is cyclic. Each 
of these groups is imprimitive and the equation can be put [11] into the form 
(27) f(z) = 2° + pa + qr + 2° + 8 = 0, 


where p, g, r and s are rational. 
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Since the group G(2, 2, 2) is the direct product of the 4-group and a group 
of order 2, the normal field with this group as its automorphism group is the 
direct product of a normal quartic field with the 4-group and a quadratic field. 

Let fi(xz) = 2* + abz* + a’ = 0, an equation which from Theorem 3 defines 
a normal quartic field with the 4-group if it is irreducible, and let A be a matrix 
which has f,(z) = 0 as its characteristic equation. Let fo(y) = y° + dy +e = 0 
be irreducible in F, thus defining a quadratic field, and let B be a matrix which 
has fe(y) = 0 as its characteristic equation. Form the direct product A X B = C 
as in the preceding paragraphs. Then the characteristic equation of C is given 
below as (28). 

THEOREM 6. The equation 


(28) f(s) = d»*° + abpr® + a’(b’e? + p® — 2e*)r* + a’be’pr® + a’e* = 0, 


where p = d’ — 2e and a, b, d, e range over all rational numbers, is normal with 
the Galois group G(2, 2, 2) provided it is irreducible; all normal octic fields with 
the group G(2, 2, 2) are thus obtained. 

The Galois group of (28) is the direct product of (19) and the Galois group 
of fo(y) = 0 consisting of 8 and Bp’ = —d— 8. Since (28) is a normal equation, 
every element of its Galois group is a rational polynomial in one root y. By 
steps entirely similar to those used in §7 we find the automorphisms of (28) 
to be 


% v =A(y) = py’ + ab(p’ — e*)y? +a’ plo’ — e*)y* + a°be(p' — b’e® + &°)y 











a e?(p* eae b? e”) ’ 
Wetie y' + abpy’ + a’(b'e? + p? — 2e*)y* + a®be’ py 
(29) 7+, =A = ae ’ 
- by’ + ap(b® — 1)y° + a®be"(b® — 1)y*° + a’ p(b'e® — p+ &*)y 
7" = 0(y) = —, , 
a*®e(b?e? — p*) 
y= —-y, Y= Aly), yi = —t(y), yi = —O(y). 


No denominator can be zero if (28) is normal and p = d’ — 2e. The set (29) 
forms the group G(2, 2, 2). 


9. Normal octics with the group G(4, 2). Since the group G(4, 2) is the 
direct product of the cyclic group of order 4 and a group of order 2, we can 
construct the normal field with the automorphism group G(4, 2) by steps similar 
to those used in the preceding case. 

Let fi(z) = 2° + ak(4k’ + 1)” + @k*(4k’ + 1) = 0, an equation which by 
Theorem 2 is cyclic if it is irreducible, and let A be a matrix which has f;(x) = 0 
as its characteristic equation. Then let fo(y) = y* + dy + e = 0 be irreducible 
in F and let B be a matrix having fe(y) = 0 as its characteristic equation. Again, 
the direct product A X B = C is formed and the characteristic equation of C 
is given below as (30). 
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THEOREM 7. The equation 
(30) f(s) = ° + akrpr® + ak’s[re® + k(p? — 2e*)Ja* + a®k’e’pr’h” 
+ atch®s? = 0, 


where p = d° — 2e, r = 4k’ + 1 and a, d, e, k take on all rational values such 
that neither d’ — 4e nor 4k° + 1 is a square, is normal with the Galois group 
G(4, 2) provided it is irreducible; all normal octic fields with the group G(4, 2) 
are so obtained. 

The Galois group of (30) is the direct product of (17) and the automorphisms 
of fe(y) = 0 and can be represented as functions of one root of (30). The 
automorphisms are 


i) » v=A(y), =n, y= ate 
y=—-y, =—Aly), w= Ay), yi = —6(y), 
where 
—ke~* $0; = y' + ak(3k* + 1)py’ + ae?’ r(3K* + 1)7’ 
+ a°k’ pr[re® — k*(p” — e*)] 7, 
€'¢02 = py’ + akr(p’ — e*)y° + a’ k*rp(p° — e*)y’ 
+ ak’ e? r[k? p'(2k* + 1) — re*(k’ + 1)] 7, 
k?p03 = [p'k* — e*(2k* + 1)]y' + akplk*r(p* — e*) — e°(3k* + 1)(2k* + 1)}y° 
+ ra°k*[e'(r + 2k*) — k’p'(p” — 2c”) y* — a’ pk’e’r[re(k* + 1) 
— k(2k* + 1)(p° — e*)]y, 
p=d—2%, r=4F 41, g=ak*e'r(k'p’ — re’). 
The coefficients of the @’s can not be zero if (30) is normal. The set (31) forms 


the group G(4, 2). 


10. Cyclic octics. In his paper on cyclic fields of degree 8, Albert [1] states 
the theorem: 

Every cyclic field F(x) of degree 8 over F is generated by a number z satisfying 
x =a, 2’ = Bz, 


with 
Bi u , , 
¢= — [veud, — v(u — 7)d; + (615; — veu)yol, 


and 


B= 5 wer = By 4 we], 
vet e 
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where yo = v(u — 7), w=r=1+einF, 6 =& + Sup = & + &u, with 
£1, &, & , & in F such that v ¥ O in F and 6, ¥ 0, 8; ¥ 0; and if 


h = & — fir = BiB; 
in F, then 
6 = viu—7r +d eu). 


Since here we are interested in cyclic fields of degree 8 over the rational 
field F, it is necessary to find rational solutions for 6; and 8; and construct an 
equation which fulfills the conditions of the theorem. 

By definition 5; = & + fu, so that & + 2&dou + rt = o(u — 7 + eu). 
We must find rational solutions for the three relations 


—vr=&t78, wl+r%e) = 2b, A= —Eir. 


Since e is rational, r > 0 and hence v < 0. We can assume that v has no 
square factor except 1. If, in particular, v = —1, then & = 0 and &® = 1 
satisfy the first relation. The second relation becomes 1 + Xe = 0, so that 
\ = —e and is rational. If we let e = b’, the third relation has the solutions 
& = —& = 1/b. Thus f, = (1 — u)/b and 6, = u, and to every rational b 
there will correspond a cyclic field of degree 8. This field will be generated by 
an x satisfying 


z=a= rb 4+ (1 — Dub" + [7 — B+ (1 — D)ulyod™. 


Let A be a matrix which has 2° = a for its characteristic equation, e.g., 














0 1 
a 0} 
Since yj = + — w is the characteristic equation of the matrix B, where 
0 1 
B= : 
rT—u 0 














by Williamson’s theorem [10] we can replace y in A by B and obtain 





0 0 1 0O 
0 0 0 It 
2 2 2 
A we r+(1—D)u 7—-b+(1—D)u 0 Q|l- 
b b 
rb — b°u r+ (1 — bu 0 0 
b 








But + = 1 + b* = w’ is the characteristic equation of the matrix 


rol 
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If in A we replace u by the matrix C, we have A expressed as an 8 X 8 matrix 
with the characteristic equation given below as (32). 
THEOREM 8. The equation 


(32) f(x) = b’x* — 4bra® + (6° + 8b? + 1)rx* — (0° + 30° + 4)brx* + Br = 0, 


where r = 1 + b‘ and b is rational, is cyclic if it is irreducible. 
When 6; = (1 — u)/band 6; = u, 8 = (1 — u — y)/b and the automorphisms 
of (32) are 
a, a’ = Ba, a’ = B’Ba = [-B + u + ( — 1)mdb” — upd la, 
a!” = B''B'Ba = [—b + wb ‘Ja, av = B’"'B'B'Ba = —a, 


aY = —a’, avi= —q”, avi = —a 


The automorphisms form a cyclic group of order 8. They can be expressed 
explicitly as polynomials in a with rational coefficients. These polynomials are 


7 5 3 

a’ = ana + dna + ana + dua, 
7 5 3 

a” = dpa + dna + dpa + dea, 


33 
( ) af" = a3 + e300 ~ 330° + aya, 


; ™ a 
ai¥ = —a, av = —a’, avi= —q”, avi = —@q@ ’ 


where 
Aay = —b*(1 — b* — 3b* + 40° — Bb), 
Aan, = b°(6 — 41b° + 68b* — 69° + 63b° — 260"), 
Aas, = 14 — 54b” + 179d‘ + 312b° + 430b° — 482d" + 3596” — 228b" + 890", 
bAay = —8 + 25d” — 84b‘ + 161b° — 282b° + 3476" — 303b” + 256" 
— 125" + 450% — 26b”, 
Aay = b°(1 — 5b* + 5b’), 
Aam = —b‘(2 — 42b° + 65b* — 54b° + 53b° — 9b" — 8b"), 
—b(15 — 69b° + 250b* — 450b° + 647b° — 745b” + 557b” —363b" 
+ 144d"), 
6 — 870° + 283b° — 518b° + 805b° — 953b"° + 887b — 773b" 
+ 500b° — 2746" + 1410” — 24d”, 


Aasze 


Ady 


Aas = b(1 — b° — b* + 20° — D’), 

Aas = b'(—5 + 15d” — 23b* + 24b° — 190° + 8b”), 

Aas; = —14 + 50b° — 101b* + 144b° — 158b° + 140b"° — 89b” + 46b"* — 170", 

bAas = 8 — 24b’ + 74b* — 129b° + 146b° — 124b"° + 66b” — 25b'* — 2b" 
fot p® + 8b”, 

with 

A = 1 — 26° + 54b* — 48b° + 19b° + 246 — 51b” + 46b"* — 18d". 
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AN AFFINE INVARIANT OF CONVEX REGIONS 
By Ouin B. ApER 


1. Introduction. Let R denote a closed and bounded three-dimensional 
convex region. Let D be the greatest diameter (Durchmesser), and let A be 
the smallest diameter (Dicke) of R." We speak of convex regions as belonging 
to different classes, a single class consisting of those regions which can be de- 
rived from one another by affine transformations. 

The problem treated in this paper is that of finding the maximum for all 
classes C of the minimum values of D/A for all regions | belonging to C; i.e., 
to find max min D/A. This problem has been solved originally by F. Behrend® 


c ice 
and subsequently by F. John® for the two-dimensional case. They find 


max min D/A = +/2, and the class of parallelograms is the only class which 
Cc icc 


attains this maximum. In the three-dimensional case, we find that the constant 
is ~/3, and that, of convex regions having a center, there are two classes which 
attain this maximum, namely, the parallelepipeds and the octahedrons.* If 
we measure similarity of a region to a sphere by the value D/A, our result states 
how similar to a sphere a convex region can be made by an affine transformation. 


2. A necessary condition for minima] regions. Let us call a region 1; of the 
class C for which D/A is a minimum a minimal region of the class. We first 
derive a necessary condition that the convex region |, shall be a minimal region. 

We suppose that the convex region R has a center, i.e., R is symmetrical 
with respect to some point. We will consider later convex regions without 
center, a modification which presents no difficulty. In the present case, D/A = 1 


only for spheres, and we note that min min D/A = 1 is attained only by the 
c tcc 


class of ellipsoids. This is a trivial result. 

Take the center of R as the origin of a rectangular system of coérdinates. 
The distance from the center to any point on the boundary of R we shall call 
a radius, r, of R. Then, 3D = max r, and }A = minr. We apply to the 


Received October 15, 1937. 

1 A diameter of R is the distance apart of two parallel planes of support. For definitions, 
see Bonnesen-Fenchel, Theorie der konvexen Kérper, Ergebnisse der Mathematik, vol. 3, 
No. 1, Berlin, 1934, p. 37 ff. 

2 F. Behrend, Uber einige Affininvarianten konvexer Bereiche, Math. Annalen, vol. 113, 
pp. 713-747. 

3F. John, Moments of inertia of convex regions, this Journal, vol. 2(1936), pp. 447-452. 

‘ A proof that the constant in question is $ }4/30 is given by John, loc. cit. The meth- 
ods used in the present paper are more closely related to those of Behrend. 
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boundary points 2; of R the affine transformation with non-vanishing de- 
terminant 


z. => Tj a = € Ajj 2; (i,j a 1,2, 3), 
i 


where ¢ assumes sufficiently small positive values. Any radius, r(x), of the 
region then becomes a radius, r(x’), of the transformed region 





P(x") = = Fl + Seegns) +0 = Hs) E » = 0) + (2), 
where O(e) stands for a quantity whose value remains smaller than a fixed 
constant multiplied by ¢. Q(x) stands for the quadratic form ZL Qi; 2i2;. 


2 

Let us assume that FR is a minimal region, so that the value of D/A is not 
reduced by any affine transformation. Let r(y) be the length of a radius of R 
which is transformed into a greatest radius of R’ of length 4D’, and let r(z) 
be the length of a radius which is transformed into the length 4A’. Then 
yi, 2; (¢ = 1, 2, 3) are the coérdinates of the end points of the radii of R of 
lengths r(y) and r(z), respectively. We now have 
(1) D® _ (yl + 2Q(y)/r*(y)] + OFF) S 


A? ~ r°(2)[1 + 2WQ(2)/r(2)] + OD) = 2 


We know that 2r(y) < D and 2r(z) 2 A, since D and A are, respectively, 
the greatest and smallest diameters of R. Hence, 


4D*[1 + 2«Q(y)/r*(y)] + Of) , 
101 + 2Q(z)/P2)] + (8) = 2 








and 


[1 + 2Q(y)/r*(y)] + OF) 
[1 + 2Q(z)/r*(z)] + O(e) ~ 





or 
eQ(y) . Q(z) 
r(y) ~ r(z) 


Since O(e) = O¢’, where | 6 | < c, a constant, we have 


Qy) ~ ez) 
@) AW) = rq + % 








+ O(e). 


The coefficients a;; in Q(y) and Q(z) are fixed and independent of «. D’ and 
A’ depend on ¢, and so must their originals of length 2r(y) and 2r(z), which 
have the coérdinates y; and z;. Let 9; and 2; be the codrdinates of the end 
points of the greatest and smallest diameters, respectively, in the region R. 
y; and z; depend on «. A suitable subsequence of these will converge toward 9; 
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and Z; , respectively, for « approaching zero. By (1), we have in the limit as e 
approaches zero 


Since r(g) and r(Z) are radii of R, only the equality sign may hold, and 2r(g) = D, 
and 2r(z) = A. Equation (2) becomes in the limit 


QM)  Q) 

r(g) ~ r°(2) 
for every quadratic form Q. The codrdinates 9; , Z; of the end points of the 
radii may be written, respectively, as r(j) cosa; and r(Z) cos 8;. Hence, we 
say that at least for some D and some A 


Q(cos a) 2 Q(cos 8), 


where the a’s are the angles associated with D and the §’s are the angles asso- 
ciated with A. To simplify the notation, let cos a = y and cos 8 = z. Given 
a quadratic form Q and a constant c, there cannot be a distribution of the D’s 
and A’s in space such that 

Q(y) = c for all greatest diameters, 

Q(z) > c¢ for all smallest diameters. 
The equality sign is taken in the first equation, although it may as well be 
taken in the second, but may not be taken in both equations. These conditions 
are equivalent to the conditions 


Qty) < 0, Q(z) > 0, 


where the coefficients a;; in the new quadratic are still regarded as arbitrary. 
The locus of Q,; = 0 is a quadratic cone in space. This leads us to the following 
theorem which we shall refer to as the condition of non-separation: 

THEoREM 1. In a convex region which is minimal with respect to D/A under 
affine transformations, there can be no quadratic cone with vertex at the center of 
the region and having all the greatest (smallest) diameters interior to the region it 
bounds or on its surface and having all the smallest (greatest) diameters exterior 
to this region. 





3. Number of D’s and A’s. Let y’ (s = 1, --- , 8’) be, for each s, codrdi- 
nates associated with different D’s, s ranging over their number, and let 2‘ 
(t = 1, ---,t’) be, for each ¢, codrdinates associated with different A’s, ¢ ranging 
over their number. The codrdinates y* and z‘ can now be regarded as fixed 
by these diameters, which we know to be not separated by any quadratic cone. 
We say, then, that the inequalities 


—Qily) 


Q(z) = Y/agzizi>O  forallt 
i, 


—DLayyiy} > 0 forall s, 
(3) 7” 
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must be incompatible for all different fixed y’ and z‘, which are arbitrary except 
for the condition of non-separation, and for every quadratic form Q. That is, 
these inequalities must have no solution in the six quantities a; regarded as 
the variables. We now make use of the theorem: 


The system > wax > 0 (i = 1, ---,n) has a solution if and only if the origin 
k=1 


is exterior to the convex figure associated with the representative points, t.e., the n 
points (wi, --+ , Wim) located in m-space. 

(We note that may be infinite.) In order that the system (3) have no 
solution, then, we require that the origin be in the interior or on the boundary 
of the convex figure associated with the representative points, which are — yy; 
and zjz; , or s’ + ¢’ points in a six-space. It is then possible to choose a subset 
of the representative points consisting of at most 7 points, such that the origin 
lies in the interior or on the boundary of the simplex with these points as 
vertices.© Thus, one may choose a subsystem of no more than 7 of the equa- 
tions (3) which are incompatible; the corresponding greatest or smallest di- 
ameters then form a system of no more than 7 diameters already satisfying the 
non-separation condition. In what follows we restrict ourselves to the consideration 
of this system of diameters. We then have s’ + t’ < 7." 


4. Considerations in a projective plane. If we regard the traces of the end 
points of the s’ D’s and the ?’ A’s in a projective plane, we may say that no 
conic separates these traces. It follows from s’ + ¢t’ S 7, that either s’ < 3 
or t’ S 3; we shall restrict ourselves to s’ S 3, i.e., the case of no more than 
3 D’s, since the dual case, t’ < 3, can be easily reduced to the other one as 
shown in §5. There must be more than one greatest diameter, for this one 
would be separable from the smallest diameters by some sufficiently small 
circle about it as a center. If there are just two D’s, we have three cases to 
consider. (a) If no A lies on the line between the two D’s, then a sufficiently 
narrow ellipse having the two D’s at the end points of its major axis will separate 
the D’s and A’s. (b) If no A lies on the line extending outward from the two 
D’s, then a sufficiently narrow hyperbola, having the two D’s as its vertices 
and this line as its axis, will separate the D’s and A’s. (c) If a A lies on each 
of the line segments mentioned in (a) and (b), we then have in the three- 
dimensional region a plane through the center which contains two D’s separated 


5 R. W. Stokes, A geometric theory of solution of linear inequalities, Transactions of the 
American Mathematical Society, vol. 33(1931), p. 804. 

6 “Every point of the convex extension of a closed bounded set lies in the interior or on 
the boundary of a simplex, the vertices of which belong to the set.’? (Cf. Bonnesen-Fen- 
chel, p. 9.) 

7 In general one may expect s’ + t’ = 7, since for s’ + t’ S 6 the representative points 
lie in a five-flat which would have to contain the origin; this requirement would be equiva- 
lent to a quadratic or linear condition imposed on y* and z‘, which is probably not satisfied 
in general. We shall prove incidentally that D/A < V2 for s’+t’ $5. An example of 
a minimal region having actually only 2 greatest diameters was constructed by the author. . 








a= + & 
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by at least two A’s, in the sense of F. Behrend. It is clear that such a region 
satisfies the condition of non-separation and is, therefore, a minimal region, 
if the sufficiency of this condition, which is proved later, is admitted. For 
this case, F. Behrend has shown that D/A S +/2. 

If the region R has three D’s which are coplanar, we conclude in the same 
manner as in the preceding paragraph that D/A < +/2 for a minimal region. 

It remains to consider only the case where there are three D’s not in the 
same plane and four or fewer A’s, satisfying the non-separation condition. It 
must be true of every conic passing through the traces of the D’s that it cannot 
leave all the A’s on one side. Let any conic through the D’s be 


ary + aerz + asyz = 0. 
The condition of non-separation is, then, that the system of inequalities 
QtiYys + rz + asyzi > 0 @@ =1,---,@) 


must not hold for the coédrdinates (zx; , y; , zi) of the traces of the ¢’ A’s, and for 
any a, @,43. That is, for fixed (;, y;, z:), there must exist non-negative 
numbers, A; , at least one of the \’s being positive, such that 


Dd Aairys + ares + asyzi) = 0 


for all a; , a2, a3." The coefficients of the a’s must, therefore, vanish: 
(4) > ATYi = 0, . > Ariz; = 0, p> AYzi = 0. 


5. Considerations in three dimensions. Without restriction of generality for 
our considerations we may suppose three non-coplanar D’s to be two units in 
length. The convex extension in three-dimensional space of these diameters 
is an octahedron. The end points of the A’s must all extend to or through the 
faces of this octahedron. It is to be proved that the sphere of radius }+/3 
does not contain all the end points of the A’s as interior points. 

We consider oblique space coérdinates with origin at the center of the convex 
region and the three axes coinciding with the three D’s. The general form for 
the equation of a sphere with center at the origin is 


A(z? + y? + 2) + Dry + Exz + Fyz = 1, 


and the sphere having as its intercepts on the three axes (34/3, 0, 0), (0, 34/3, 0), 
(0, 0, 34/3) has the equation 


3(2° + y? + 2°) + Dry + Exe + Fyz = 1. 


8 W. B. Carver, Systems of linear inequalities, Annals of Mathematics, vol. 23(1921-22), 
p. 217. This follows easily from the fact that the origin lies in the interior of the convex 
extension of the representative points, as the origin can then be represented as the center 
of mass of non-negative masses in these points. 








296 OLIN B. ADER 


Again, let the coérdinates of the end points of the A’s be (2; , y;, 2:). Assuming 
these points are all interior to the sphere gives a proof by contradiction. It is 
assumed, then, that 


3(a? + y? + 22) + Drys + Exes + Fy <1. 
The equations of the eight planes through the end points of the D’s are 
+t+2ra+y2+2=1. 


The A’s must extend to or through these planes, so that for every (2; , yi, 2:) 
there are some of the above planes such that 


t4ty%+2; 21, 


or (+ a + y; + 2,)° = 1, for all (x;, y:, z,). If now these equations are sub- 
tracted from those relating to the sphere, we get 


3(27 + yi + z’) —-(+427+y¥2+ z:)° + Dry: + Exzi + Fyz < 0, 


where i = 1, --- , ¢’ ranges over all the A’s. Multiply these equations suc- 
cessively by \; and add. By the set of equations (4), there results 


Dd A (Bai + yf + 2) — (4a, ty +2,)"] < 0, 


at least one of the \’s being positive and none negative. Schwarz’ inequality 
gives the relation 


8° +y¥4+2) —-(+42r4+y+2) 20. 


From the contradiction, we conclude that the sphere of radius }+/3 does not 
contain all the end points of the A’s as interior points. Their end points must 
either be on this sphere or extend beyond it, and, consequently, D/A < +/3. 

We conclude that in a minimal region with center containing three greatest 
diameters and any number of A’s equal to or less than four, the value of 
D/A Ss 3. In particular, we conclude that in a minimal region with center 
containing just three D’s and four A’s, the value of D/A < +/3. The process 
of polar reciprocation with respect to the unit sphere enables us to make the 
same statement for a minimal region containing just four D’s and three A’s. 
If we cause the center of the convex region to coincide with the center of the 
sphere, it is clear that the relative direction of the D’s and A’s in R’, the polar 
reciprocal figure, will be preserved, and consequently, the condition of non- 
separation will still hold. Moreover, with every greatest (smallest) diameter 
of R there will be associated a smallest (greatest) diameter of R’. Also, the 
ratio of D/A will be preserved. 

We conclude finally that for convex regions having a center, max min D/A 


c icc 
< V3. 


6. Convex regions without center. In a convex region without center the 
greatest and smallest diameters do not necessarily go through one point, and 
there is no point with respect to which the region is symmetric. The geometric 
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processes we have used, therefore, become meaningless, for example, the defi- 
nition of radius no longer holds, there being no central point. By the process of 
central symmetrization’ (Zentralsymmetrisierung), however, a region without 
center may always be converted into a region with center, and, moreover, the 
magnitude of D and A is not changed. The transformed region, R’, consists 
of the points (z’, y’, 2’) of the form 


x’ = 3(%1 — 2), y’ = (yi — ), 2’ = $(z — 2), 


where (21 , y1 , 21), (Ze , Ye , 22) range independently over the points of R. This 
is clearly an affine-covariant construction, i.e., if an affine transformation carries 
R into R,; , we have 


(Ri)’ = (R’), 


where the primes denote the process of central symmetrization. Hence, with 
any class C of convex regions there is associated by the process of central sym- 
metrization a class C’, each of whose members has a center and has the same 
value for D and A as class C. It follows that the relation max min D/A < +/3 


ce tee 
holds for any convex region. 
THEOREM 2. If lis any closed and bounded convex region in three-dimensional 
space and C is the class of convex regions equivalent under affine transformations, 
then max min D/A S +3. 


c ice 
We are next led to inquire for what class or classes of convex regions the 
equality sign in the expression of Theorem 2 holds. From analogy with the 


case in two dimensions, we should guess that max min D/A = +/3, for the class 
c icc 


of parallelepipeds, and the value of D/A for the cube is, in fact, ~/3 as one 
readily verifies. We note that the cube has four D’s and three A’s. This 
observation leads us to remark that the matter of the number of D’s and A’s 
throughout our discussion is dual in the sense that where we have counted D’s 
we could just as well have counted A’s. This fact is implicit in the process of 
polar reciprocation with respect to the unit sphere applied to any convex region 
having a center. (See §5.) We can conclude that besides the cube there also 
exists a minimal region having four A’s and three D’s and with D/A = +/3. 
In this case the region is a regular octahedron, this being the polar reciprocal 
figure to the cube. It is not difficult to prove by elementary methods that a 
minimal region with just three D’s having D/A = +/3 is necessarily the regular 
octahedron. 

THEOREM 3. For regions having a center the equality sign of Theorem 2 holds 
only for the two classes, the parallelepipeds and the octahedrons. 


7. Sufficiency of the condition of non-separation. Let EF, be an ellipsoid 
which is circumscribed about the region 1, and let E, be an ellipsoid which is 
inscribed in 1, where EZ; and FE, are homothetic with common center at the 


® Bonnesen-Fenchel, loc. cit., p. 73. 
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center of 1. We denote the affine invariant volume ratio of this ellipsoid-pair 
by V(E,, E2). Following F. Behrend, we call an ellipsoid-pair whose ratio 
is less than or equal to the ratio of all other ellipsoid-pairs of the class C a 
minimal ellipsoid-pair. 

Associated with any region | having a center is a minimum circumscribed 
sphere, Sp(l), of diameter D, and a maximum inscribed sphere, S,(l), of diameter 
A, the center of both spheres being at the center of 1. It is evident that the 
ratio of this sphere-pair for any region l of the class C can not be less than the 
ratio for 1, , the minimal region of the class, i.e., V(Sp(l), Sa(l)) 2 VGSp(h), 
Sa(l)). We now prove 

TuHEorREM 4. A region | with center is a minimal region with respect to D/A 
if and only if the sphere-pair associated with it ts a minimal ellipsoid-pair. 

Proof. Let us apply to / an affine transformation which carries l into l’ and 
carries any ellipsoid-pair of / into a pair of spheres of l’ (not necessarily the 
sphere-pair). If V(£;), V(E:) are, respectively, the volumes of these spheres, 
we know, of course, that V(E;) = V(Sp(l’)) and V(Z:) < V(S,(I’)), where 
V(Sp(l’)), V(Sa(U’)) are the volumes of the sphere-pair of l’. Hence 


V(E,, Ex) = V(E, E2) = V(So(’), Sa(’)) = V(So(h), Sa(h)), 


where l’ may or may not be a minimal region 1,. It follows that the sphere- 
pair of a minimal region is a minimal ellipsoid-pair. The converse is also true. 
If we have a region l’ for which the sphere-pair is a minimum, then 
3/77 3 
By = VSoll), Sl) $ V(S0, $300) = Zap 

for all J of the class C; i.e., l’ is a minimal region. 

TueoreM 5. If a region l satisfies the condition of non-separation, the corre- 
sponding sphere-pair is a minimal ellipsoid-pair. 

If we prove this, then, by Theorem 4, the converse of Theorem 1 is true; 
that is, every region satisfying the non-separation condition is a minimal region. 

Proof. We assume that the region / satisfies the condition of non-separation. 
Let E, and E; be any ellipsoid-pair not both coincident with Sp , Ss , respectively, 
the sphere-pair of 1. Theorem 5 is represented by the inequality 


(5) V(Sp, Ss) S V(Ei, F:). 


If E, and E; are a pair of spheres, this is certainly true. Suppose that E, and 
E, are not spheres. We can assume that £;, intersects the sphere Sp in two 
conic sections viewed projectively from O, the common center of the ellipsoid- 
pair and of l. (See the figure.) Both of these sections are symmetric with 
respect to O; i.e., the point O is the vertex of a cone determined by either of 
these sections. Let AB and CD represent these conic sections. The figure 
represents a cross-section view. Let the corresponding intersections of the 
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cone on the sphere Sy be A’B’ and C’D’. Let E be an ellipsoid similar to E, 
and passing through the latter sections. 








We now show that E, must coincide with or be interior to Z. For suppose 
this were not the case and that EF, is exterior to E. Any diameter of the convex 
region, which passes through O and is in the shaded region or on the surface of 
the cone, must extend beyond £ and is greater than A. Therefore, the A’s 
are restricted to the exterior of the region defined by the cone. Also, this 
exterior (unshaded) region can contain no D’s, since any D cannot extend 
beyond £, and in this region E£, lies closer to O than Sp. Therefore, the D’s 
are restricted to the interior of the cone or its surface. The condition of non- 
separation fails to be satisfied, and E, is not exterior to Z. Since V(E,, EZ) = 
V(Sp, Ss), the relation of equation (5) follows, and the proof of Theorem 5 
is complete. 

The author desires to acknowledge indebtedness to Dr. Fritz John under 
whose direction this work was done. 
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THE ULTRAHYPERBOLIC DIFFERENTIAL EQUATION WITH 
FOUR INDEPENDENT VARIABLES 


By Fritz Joun 


The properties of a linear homogeneous partial differential equation of the 
second order 


au ou 
1 a —_ = 
() De On soz, + Lb ae +e , 
for a function u(x, --- , 2,) are known to depend largely on the index of the 
quadratic form Q(é) = p ané:&.' If by a suitable real linear transformation 
i,k 


Q can be brought into the form +(#} + --- + &), ie., if Q is definite, (1) is 
called an elliptic equation. If Q can be transformed into +(é} + --- + Ba — 
£,), the equation is called normal hyperbolic. Elliptic and normal hyperbolic 
equations constitute the two types which have been studied more extensively, 
besides the case of a parabolic equation for which det (ai.) = 0. Equations 
which are neither elliptic, nor parabolic, nor normal hyperbolic, i.e., equations 
for which the corresponding quadratic form Q can be written in the form #48 
+.--+ &.— #_,— &, have scarcely been treated, at least not without 
restriction to solutions which are analytic in all or some of the variables. For 
such equations the notation ultrahyperbolic has been introduced by R. Courant. 
Ultrahyperbolic equations occur only if the number of independent variables 
is at least 4. The simplest example is the equation 
() “+5-5-S- 
az, O22 O23 O24 
which forms the subject of the present paper. Obviously every ultrahyperbolic 
au 
Ox; OX, 
The theory of ultrahyperbolic equations with constant coefficients has been 
made accessible recently by the discovery by L. Asgeirsson of a functional 
equation for the solutions of any second order differential equation with con- 
stant coefficients of any type whatsoever.’ For our equation (2) this functional 
equation takes the form 


= 0 with constant coefficients can be transformed into (2). 





equation > an 
i,k 


Received November 13, 1937. 

1 Cf. Hadamard, Lectures on Cauchy’s Problem, Book I, Chapter II. 

2 Cf. Asgeirsson, Uber eine Mittelwertseigenschaft von Lésungen homogener linearer par- 
tieller Differentialgleichungen 2. Ordnung mit konstanten Koeffizienten, Mathematische 
Annalen, vol. 113(1936), pp. 321-346. An exposition of Asgeirsson’s results and further 
applications can be found in the second volume of Courant-Hilbert, Methoden der Mathe- 
matischen Physik. Cf. also H. Poritsky, Generalizations of the Gauss law of the spherical 
mean, Transactions of the American Mathematical Society, vol. 43(1938), p. 215. 
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[ u(a + rcos¢,b + rsin ¢, c,d) dg 
0 


(3) 


2e 
- | u(a, b,c + reos ¢,d + rsin ¢g) dg 
0 


and is valid for all a, b, c,d and r > 0, if u(a , x2 , zs , 24) is a twice continuously 
differentiable solution of (2) in the region 


[(a1 — a)’ + (2 — 0) + [(as — 0)? + (us — a) <r. 


A more general identity is obtained by Asgeirsson from (3) by applying an 
arbitrary linear transformation which leaves the form ¢} + & — & — & and 
with it the equation (2) invariant. 

In the case of an ultrahyperbolic equation with constant coefficients, it is in 
general impossible to prescribe the values of a solution on an (n — 1)-dimen- 
sional manifold. It is proved, e.g., in Courant-Hilbert (loc. cit.), that the 
values of a solution u of (2) on every non-characteristic (n — 1)-dimensional 
plane region are not independent of one another “im Kleinen” and can be con- 
tinued only in a unique manner, similarly to analytic functions.’ There is 
still the possibility of prescribing the values of u on a characteristic manifold; 
it will be shown here for the special equation (2) that this is indeed possible 
for certain characteristic manifolds. 

It is the purpose of the present paper to determine the general solution of (2). 
For this purpose we interpret the independent variables 2; , x2 , x3 , 2s in a suit- 
able manner as coédrdinates of a straight line in 3-dimensional ryz-space. u be- 
comes a function of straight lines. Asgeirsson’s relation (3) then takes the 
following simple form: Jf the line function u is a solution of (2), then for every 
hyperboloid H of revolution and of one sheet the mean values of u for the two families 
of generating lines of H are equal. We call a line function u with the latter 
property harmonic. If u is twice continuously differentiable, harmonic character 
of u is equivalent to equation (2). The notion of harmonic line function thus 
represents a generalization of the differential equation (2) to continuous func- 
tions, which are not necessarily differentiable. It is more convenient to deter- 
mine the most general harmonic line function, thus avoiding the difficulties 
inherent in a differentiability proof. 

It is easily seen that the line integrals of a (sufficiently regular) point function 
f(z, y, z) or the line mean values of a continuous plane function form a harmonic 
line function. We shall prove that, on the other hand, the most general har- 
monic line function u (satisfying certain conditions at infinity) can be repre- 
sented and is uniquely determined by an arbitrary plane function in 3-space. 
If certain further regularity conditions are satisfied, u can also be represented 


3 In spite of this, the solutions are not necessarily analytic functions. Incidentally 
we meet with the same behavior in the case of solutions of normal hyperbolic equations 
on a time-like manifold. Cf. the author’s discussion of the solutions of Darboux’s equation 
on a time-like manifold, Mathematische Annalen, vol. 111, p. 549 et seq. 
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as the line integral of a point function f(x, y, z). With the help of the first 
representation (which involves fewer assumptions for u), we can solve certain 
characteristic boundary value problems for equation (2) by reducing these 
problems to the problem solved by J. Radon, namely, the problem of determin- 
ing a function in the plane from its line integrals. One can prescribe u on certain 
characteristic 3-dimensional manifolds in 2x,x%2732;-space in such a way that a 
solution taking these prescribed values exists and is uniquely determined.‘ 


1. Interpretation of u as a line function. A line in 3-dimensional space may 
be determined either by two of its points — = (& , &, &), » = (m, m2, 3) or 
by its Pliicker coérdinates, which we write as follows: 


Pi = fons — Esme, “A=&i—m, 
(4) P2 = ism — ims, = 2 = 2 — me, 
Ps = £ine — Sm, qs = & — ms. 
Every ratio p;: p2: ps: qi: 42:43 determines uniquely a line, provided the condition 
(5) Pi + Pog + pags = 0 
is satisfied. We shall write | £| for pe ? and make use of the summation con- 


vention. We assume besides in this section that all functions are twice con- 
tinuously differentiable in the domains concerned. 

THEOREM 1.1. Let u(x; , 2, X3, Xs) be a solution of (2) and let the function v 
be defined by 


v(&, n) = v(&:, fe, gs, Mm, 12, 73) 


(6) 7 [= (“)] u(® + —MA—-h B—-@ —mt a) 
i \Qs qs ; qs . qs , qs ? 


where the p; and q; denote the expressions given by (4). Then v is a function of the 
straight line through & and » alone and satisfies the equations 


(7) ( a - a ) o(é, n) a 
BE Om dE, dni/ |~E — 1 | 
4 An equation equivalent to (2) has been treated by G. Hamel in his dissertation (Gét- 
tingen, 1901) in connection with the problem of finding all geometries in which the straight 
lines are the shortest ones (Mathematische Annalen, vol. 57, p. 231 et seq.). There the 
general solution is determined by certain boundary conditions, but only under the assump- 
tion that it is analytic in 2 of its arguments and the results are only proved for a sufficiently 
small neighborhood. Results similar to those of Hamel for more general differential equa- 
tions have been obtained recently by E. W. Titt, but are still unpublished. Cf. the ab- 
stract in the Bull. Am. Math. Soc., vol. 42(1936), p. 32. 
5 For the elementary properties of line coérdinates cf. F. Klein, Héhere Geometrie, §20 
et seq. The deeper connection between the ultrahyperbolic differential equation (2) and 
the theory of straight lines in space is given by the identity (5). 
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for alli, k = 1, 2,3. (There are essentially 3 such equations.) If on the other 
hand v(£, ») depends on the straight line through — and » alone and satisfies the 
equations (7), then v can be represented in the form (6) with the help of a solution 
u of (2). 

Proof. If v is defined by (6), it obviously depends only on the line through 
and ». Equation (7) can be easily verified fori = 1, k = 2; from that it can 
be derived for any 7, k in the following way. The fact that v is a line function 
implies that for every 3 


(8) v(vé + (1 — #)n, n) = v(&, dn + (1 — BE) = Of, 0). 
Thus also 


v( dé + (1 sae 3)n, n) - 1 v(é, n) 
|g+(L-—9n—n| 8lE—on| 


On differentiating with respect to 3 and putting 3 = 1, we obtain 


o o(é, n) v(é, n) oe 
a |E—n| |—E—4| 
If we differentiate with respect to  , it follows that 


_» ff 2. Amie. 
| ni) a + 2 | [t—e| 0. 


If we add to this equation the one obtained by interchanging £ and n, we get 


ae v) aes 
* ” (seen aon) [E—a1~° 
fork = 1,2,3. Hence all relations (7) follow if (7) is already verified for 7 = 1, 

= 2. (Here it is essential that 7 and k are restricted to the values 1, 2, 3.) 

If on the other hand v is a line function satisfying (7), v can be repre- 
sented in the form (6) with the help of some function u, since v depends only on 
Pi: p2:91:92:93 (the ratio to ps is determined by (5)). It follows for & = 0, 
"3 = 1 that 


v(é, és, 0, ™m, 2, 1) 
[(é: — m)? + (& — m2)? + 1}! 


=ui-&t+mat&m—m,&at+h& — m, -h+h&+ m); 


from this relation (2) can be easily derived by using (7) fori = 1,k = 2. This 
completes the proof of the theorem. 

On the basis of Theorem 1.1 we can replace the equation (2) for a function 
u(x, , X2 , 3 , 24) by the system of equations (7) for a line function v(£, 7), which 
differs only by a simple factor from u. The line with the Pliicker coérdinates 
Pi, P2,-** , Gs in ryz-space corresponds to the point with codrdinates 








(& — i) 











ma wee «428-3 otal, «ssl 


= 2433 = —— , 


qs q3 ; q3 qs 
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in 2%2X3%y-space. Conversely, we have, using (5), 
(10) pit pei psiquiqe:qs = 3(—22 — x4)23(a1 + 25)23(—21 — 22 + 23 + 21) 
23(—2 oa rs):4 (x, _ 23): 1. 


But the following facts are to be observed. The assumption that v is defined 
and twice continuously differentiable also for the lines parallel to the zy-plane 
(qs = 0), imposes certain conditions on the behavior of u at infinity. On the 
other hand, if the lines are given by two points £ and 7, v will be undetermined 
for £ = n, but will have a limit, if » approaches ¢ from a definite direction; this 
latter singularity is of course only due to the special representation of the lines. 
Besides we agree always to choose the positive value for the square root in (6). 
THEOREM 1.2. The equations (7) are invariant under simultaneous similarity 
transformations of — and yn. More generally, if the line function v(é, n) satisfies 
(7), then for arbitrary a. , b; with det (ax) # 0, the line function w defined by 


> (i aes ni) 
a laix(é& — m)) 


satisfies (7). (If the linear transformation defined by the a and b is orthogonal, 
w reduces to v(aixé + b:, aixne + 0:).) 
Proof. That w is again a function of the lines through £ and 7 alone is obvi- 
ous. Moreover, if we write for the moment 
v(é, n) 


o(é, n) = (e—al’ 


w(é, n) = v(a,s&s + b,, CrsNs + b,) 





it follows from (7) that 


a 3° ) a 
ee ~ Bb one o(,n) = 0. 


Then also 


2 2 2 2 
( : ates ) w(E, 0) = ( <a — mA ) elon + b,, Ore, + b,) 


dE: Om df dn:/ |—E — n| OE: On, = Ex Oni 
2 2 
= GiAsk —— — Ark Asi oe 
0&, Ons 0&, Ons 
= Gridsk oo — Csk Ari oo 
dé, Ons 0&, Onr 





a a 
= Agk Ari _ = 0 
. (5 Ons 0é, =) “ 


2. Asgeirsson’s theorem in terms of line functions. We now apply the rela- 
tion (3) of Asgeirsson to equation (2) in the simplest case a = b = c = d = 0, 
assuming that u is a twice continuously differentiable solution of (2) for 


(2? + 23) + (23 + 23) <r. 








Vv wa 
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Translating this formula for u into one for v with the help of (6), we obtain 


. . —r cos rsing —rcosg—rsin 
| vi —4rcos g, —$r sin ¢, 0, e+ :. Ld r4 deg 
1 2x 





2 2 





—reosg—rsing rcosg—rsing 
2 , 2 ’ 1 dy. 
The lines forming the arguments of v in these two integrals for varying ¢ are 


respectively the two families of generating lines of the hyperboloid H, of revolu- 
tion of one sheet 


(11) r+y = 314+), ° 


and dg can be interpreted as the differential of the angle POQ, where O is the 
center of Hy , P the point of intersection of a generating line with the equatorial 
plane (i.e., the plane perpendicular to the axis of revolution through O), and Q 
some fixed point in that plane. We shall prove below that the region 


(ai + 23)' + @i + 2) sr 


= — vi —4rcos ¢, —4$rsin ¢, 0, 
2x Jo 


corresponds to the lines in the interior of Hy. Thus, if v is a twice continuously 
differentiable line function satisfying (7) for all lines in the interior and on the 
boundary of the hyperboloid Ho , then the mean values of v over the two families 
of generating lines of Ho are equal. 

As every hyperboloid of revolution of one sheet is similar to some hyperboloid 
of the form (11), we have according to Theorem 1.2 

THEOREM 2.1. [If the line function v is a twice continuously differentiable solu- 
tion of (7) for all lines in the interior and on the boundary of a hyperboloid of revo- 
lution of one sheet H, then the mean values of v over the two families of generating 
lines of H are equal (the variable of integration ¢ is chosen as above). 

If we apply to Ho an arbitrary affine transformation we obtain a mean value 
theorem involving the generating lines of an arbitrary hyperboloid of one sheet 
(not necessarily of revolution). 

THEOREM 2.2. If the line function v is a twice continuously differentiable 
solution of (7) for all lines in the interior and on the boundary of a hyperboloid 
of one sheet H, then the mean values of v cos y are the same for both families of 
generating lines of H. Here y denotes the angle the argument line of v makes 
with the principal non-intersecting axis of H; the variable of integration ¢ is the 
same as before. (For a hyperboloid of revolution y = const.) 

We pass over the elementary calculations leading to a proof of Theorem 2.2 
along the lines indicated above, as no use will be made of this theorem in the 
following paragraphs. 

We still have to prove that the lines in the interior of the hyperboloid (11) 
in ryz-space correspond to the points with (zj + xi)! + (23 + zi)! <r. For 
this purpose we notice that the condition that two lines with line coérdinates 
(pi , wea » 9s) and (pi, Po, shih 93) intersect is 


Prgi + pog2 + pags + UPi + Gep2 + gaps = 0 
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(ef. Klein, loc. cit., p. 84). Then, by using (9), the condition that two points 
(a, , Ye, Xs, La) ond (a1, rs, z3, 24) in 2 X2X3X4-Space correspond to two intersect- 
ing lines in ryz-space may be written: 


Q(x — x’) = (a, — 21) + (a2 — 22)? — (as — 23)* — (uu — 2)? = 


We call two points in 2;22r32;-space for which this relation holds “‘incident”’. 
The line joining two incident points is a characteristic of the differential equa- 
tion (2). 

The lines not intersecting the hyperboloid (11) are those not intersecting 
any of the generating !ines-of one of the families of Hy. One of these families 
is représented by the circle n+ = r, 23 = % = Oor 


(12) m1 =r cos¢, %2 = rsin ¢, %3 =m = 0. 


The lines not intersecting H» correspond to points which are incident with no 
point of the form (12), i.e., points for which the equation 


(m, — r cos ¢)’ + (a2 — rsing)’ — 23 — zi = 0 
has no real solutions g. This is the case if either 
| (a3 + 2?) — (a? + x3) | >r or (x? + 23)’ + (23 + 22)’ <r. 


The point sets corresponding to these two cases have no common points. Hence 
it is the second case that corresponds to the non-intersecting lines in the interior 
of Hy , e.g., the z-axis, which is an interior line, corresponds to 2; = x2 = 23 = 

= 0. and satisfies the second inequality. The points satisfying the first in- 
equality must thus correspond to the lines exterior to Ho . 

It can be shown that Theorem 2.2 contains Asgeirsson’s theorem for equation 
(2) in its most general form, obtained by applying to (3) an arbitrary linear 
transformation which leaves x} + 23 — 23 — zj invariant. For this purpose 
one has to find the configuration of the points in 2,22732;-space corresponding to 
the generating lines of an arbitrary hyperboloid H of one sheet. If we start 
with the definition of a hyperboloid as the locus of the lines intersecting 3 given 
lines, it is easy to prove that the two families of generating lines of H correspond 
to a pair of “‘conjugate conics”’ in 2,727324-space, i.e., a pair of conics which can 
be generated as follows. Take any point 2’ and consider the characteristic cone 
Q(z — x’) = 0 with vertex 2°. Take a pair of 2-dimensional planes 7 and 7 
through 2° which are conjugate to this cone. A pair of conjugate conics is ob- 
tained by cutting 7 and 72 with the two surfaces Q(x — 2°) = c and Q(z — 2°) 
= —c, respectively, c being an arbitrary constant. If H contains lines parallel 
to the zy-plane, then the corresponding conjugate conics are hyperbolas, other- 
wise ellipses. 

Our Theorem 2.2 states that the integrals of a solution of (2) over a pair of 
conjugate conics are equal if a certain variable of integration is used. This 
statement is equivalent to the theorem of Asgeirsson in the most general form 
if the conics are ellipses. The case of conjugate hyperbolas, on the other hand, 
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is new; it depends of course on the special conditions for u at infinity, which cor- 
respond to the assumption that v is still regular for lines parallel to the zy- 
plane. This integral formula for conjugate hyperbolas could not be derived 
like the case of conjugate ellipses by linear transformations in 2; 22232;-space 
from the theorem in its special form (3) involving conjugate circles, as, of course, 
circles could not be transformed into hyperbolas by an affine transformation. 
Indeed the affine transformations of xryz-space do not induce linear transfor- 
mations of 2;22732;-space, but linear transformations on the expressions p;, pe, 
Ps, %, 9%, 9s given by (10), which leave the relation (5) invariant. 

A 2-dimensional plane 7 is called characteristic, if it is conjugate to itself. 
In this case for every x and x’ on r 


Q(x — 2°) = 0; 


thus x is contained in some characteristic cone. A family of parallel lines in 
ryz-space, i.e., those lines for which the ratio 9;:q2:q3 is constant, corresponds 
to a characteristic two-dimensional plane of a special kind; in this case 


X4 — 2 = const. = ¢, 2; — 23 = const. = d. 


Thus, the lines parallel to a given line correspond to a characteristic 2-flat which 
is parallel to the 2-flat 2, — z. = 0,2, — x3; = 0. 


3. Harmonic line functions. 

Derinition. A function v = v(l) of the lines l of zyz-space is called harmonic 
if v is continuous and if for every hyperboloid of revolution H of one sheet, 
which is such that v is defined for all lines in the interior and on the boundary 
of H, the mean values of v over the two families of generating lines of H are 
equal. (As variable of integration ¢ naturally the polar angle in the equatorial 
plane is to be taken.) 

Theorem 2.1 may now be stated thus: 

THEOREM 3.1. A line function v which is twice continuously differentiable and 
satisfies equations (7) is harmonic. 

THEOREM 3.2. Every harmonic line function which is twice continuously differ- 
entiable satisfies the equations (7). 

Proof. Consider v for the lines neighboring any given linel. Without restric- 
tion of generality we may assume that ! is the z-axis, as our properties are in- 
variant under orthogonal transformations. Then v satisfies the mean value 
theorem for all hyperboloids of revolution about the z-axis of sufficiently small 
radius. Hence the corresponding function u satisfies the mean value theorem 
(3) for a = b = c = d = O and sufficiently small r. From this it follows, 
according to Asgeirsson, that u satisfies (2) at the origin and consequently v 
satisfies (7) at z.° 

Theorems 3.1 and 3.2 permit us to consider harmonic character of a line 


* Cf. Asgeirsson, loc. cit., p. 336. 
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function v as a generalization of the differential equations (7) to line functions, 
which are only continuous. (As was pointed out by Asgeirsson, loc. cit., the 
mean value property (3) for u or the equivalent harmonic character of v alone 
would not be sufficient to assure that the functions are twice continuously 
differentiable. This is in contrast to the analogous case of potential functions, 
where the mean value theorem alone already implies analyticity of the function.) 
We shall determine the general harmonic line function rather than the general 
solution of (7), thus avoiding the difficulties inherent in a differentiability proof. 
Two classes of harmonic line functions will be constructed in the next two 
theorems, and we shall prove later that they furnish us the most general har- 
monic line functions, subject to certain regularity conditions. 

THEOREM 3.3. Let f(x, y, z) be a continuous point function for which there exists 
a monotonic function h(r) such that 


f(z, y, 2) | S AC? + y*? + 2)') 


and for which [ h(r)dr converges. Then the integrals of f over the straight lines of 
0 


zyz-space form a harmonic line function. 
Proof. Without restriction of generality we consider the hyperboloid Ho: 
2 + yy? =r (1 + 2), which has the generating lines 


x = r(cosg + tsing), y = r(sin ¢ ¥ t cos ¢), z= t. 


Let v = v(¢) denote the line integral of f over the line with parameter ¢. Then’ 
if ds = (r° + 1)'dt is the element of length of arc on the line, 


2e 2r +00 
i v(y)de = I dg J (x, y, 2) ds 
0 0 


Qe +20 
= (r+ »' f f(z, y, z) dtde 


_ —2y4 f(z, y, r (a + y ct r*)') 
=(1+r”) Se @+y-P dz dy 


irrespective of which of the two families of generating lines of Hy is used. The 
improper integrals are uniformly convergent. This proves the theorem. 

Remark. A more general theorem similar to Theorem 2.2 involving the 
generating lines of any hyperboloid of one sheet could be derived as well. 

THEOREM 3.4. Let p be a fixed positive number and F be an arbitrary continuous 
function of the planes in xyz-space. If v(l) denotes the mean value of F over the 
planes tangent to the cylinder of radius p with axis l, then v(l) is a harmonic line 
function. 

Proof. It is again sufficient to prove that the mean values of v over the two 
families of generating lines of the hyperboloid Ho 





e+y=rl+2) 
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are equal. We use (&, 7, £) as codrdinates of the plane §z + ny + ¢2 = 1 
The equation of Hz in plane coérdinates is then 


P+y7 =r (1+). 
The generating lines are given in plane coérdinates by 
t=r‘(cosg + tsing), n =r ‘(sin g ¥ t cos ¢), f= 


(upper sign for one family, lower for the other family). For varying ¢ and 
fixed y, we obtain all planes through the generating line J, with parameter ¢. 
A plane parallel to the plane with parameters ¢, ¢ is given by 


t=o 'r'(cose +tsing), n=0o r ‘(sing ¥t cos ¢), t=o't; 


the distance of this plane from the parallel plane through I, is (¢ — 1)r(1 + @ + 
rt)”. If this distance is to be equal to p, we have to choose ¢ = 1 + pr* 
(1+¢+47°t)'. For the angle # between the plane (¢, t) and the plane (g, 0) 
cossd = (14+ 0/4 re). Thus 





t=(1+r)*tand, o=1+4+—2. 
r cos 3 


Hence the mean value of the plane function F(é, 7, ¢) over the cylinder of radius 
p about the generating line |, is given by 


2r Qn 
ot) = 3 [ F(é, n, {) dd = x [ p(eektsing, sin ¢ ¥ tcos ¢ , {as 
2r 0 Qr 0 


or or o 








a! " p(meeone + (1+ 7°)'sin gsind 
2r Jo cos 3 + pr : 








sin gcos 8 ¥ (1+ 7°)? cosgsind (1+ 7°) sin *) dd 
cos 3 + pr > cos 3 + pr ; 


Let ¥ = ¥(#8) be defined by 
cos y = (1 +r’ cos” 8741 + ry cos 8, siny = + (1 + r’ cos’ v)? sin 3. 


(The definition of yY depends on the choice of the family of generating lines.) 
Then 


o(I,) = 5: I 7 F(a +r’ cos’ #)(1 + 7°) cos (vy — y), 


(1 +r cos’ 8)'(1 + 7°) sin (¢ — 





(1 + 7°) sin *) 
¥), cos 3 + pr e 
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Consequently the mean value of v(l) over a family of generating lines of Hp is in 
easily understood notation 


1 2r 1 Qe Qe 1 2r Qn 
| v(1,) dg = ap | ao [ F(¢, 3) dp = an | ds [ F(¢ + ¥(9), d)de 
ie '¥ dd [r(a +r’ cos’ 8)'(1 + 7°) cos ¢ 
(27)? Jo 0 , 


(1 + r° cos’ 9)*(1 + 7°) sin g 
, 





(1 + 7°)7 sin *\ a 
cos 3} + pr . 


and this expression now is the same, irrespective for which family of generating 
lines of Ho it is formed. 


4. The plane integrals of a harmonic line function. We now turn to the 
consideration of the integral of a harmonic line function v over a family of 
parallel lines in a plane. We shall prove that, under suitable conditions on the 
behavior of v for the lines far away from the origin, this integral is the same for 
every family of parallel lines in the same plane. This will be proved as a limit- 
ing case of Theorem 2.1, which is obtained by letting a hyperboloid degenerate 
into a plane, its generating lines going over into 2 families of parallels in that 
plane. 

Derinit1on. A line function v(l) may be called regular at infinity if there 


exists a monotonic function h(A) for which h(A)dA converges and which is 


0 
such that for every line | for which v is defined | v(l) | S A(A), if A is the distance 
of | from the origin. 

THeEoreM 4.1. Let v(l) be a harmonic line function which is regular at infinity 
and defined and continuous for all lines in 3-space. Then the integrals of v over 
two families of parallels in the same plane are equal (if the distance of a line from 
a fixed point in that plane is taken as variable of integration). 

Proof. We apply Theorem 2.1 to the generating lines of the hyperboloid of 


revolution Hy. , 
2 2 
(x —)' + y° = (:) +(r-2), 
c c 


which are given in parametric representation by 


x = X(1 — cos g) + At(+ sin ¢ + cos ¢), 


y = —Xsin ¢g + A(sin ¢ F cos ¢), 


z = het 
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(the upper sign for one family of generating lines of H, the lower for the other 
family). Thus for a harmonic function v the two integrals 


+® 
I, = [ v(A(1 — cos ¢), —A sin ¢, 0, A(1 + sin ¢g), F A cos ¢, Ac) de 


have the same values, whether the upper or lower sign is chosen. 
Using the fact that v(£, ») is dependent only on the line through the points 
§ and n, we have (cf. formula (8)) 


v(, An) = v(€, An + (1 — X“)(E — An)) = O(€, 9 + “(A — LE). 


Accordingly we may write I, 


+r 
[ v(A(1 — cos g), —A sin g, 0, 1 + sin g + (A — 1)(1 — cos g), 


7 


+ cos g — (A — 1) sing, ec) de 


" [ (0, —ro, 0, 1, 1 — dy, ede + [  (w(ls) — v(l)) de, 


where J, is the line through the points 
(A(1 — cos ¢), —d sin ¢, 0), 
(1 + sin g + (A — 1)(1 — cos ¢), = cos g — (A — 1) sing, c) 
and I, is the line through 
(0, —dg, 0), (1, = 1 — dg, e). 


The distance d between |, and I, is less than or equal to the distance between any 
point of l,; and any point of . Thus 


< [V(1 — cos ¢)’ + *(e — sin g)*} S Ade’, 
where A is independent of \ and g. For the angle y between J, and l, we have 


sin y = re lin” e¢+c(1 —cosy¢)} < Ale). 
Finally the distance of 1; from the origin is 


E + sin g — cos g)* + 2c*(1 — cos 9] 
2+¢ 





Ai=A 


IV 


2c*(1 — cos ¢) 
[Ore] = Bile! 


and that of I. 


1+c]! 
te] = Br|\ ¢|, 


where B is independent of \ and ¢. 


Ae = rel 
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That v is uniformly continuous for all lines follows from the continuity of » 
and the fact that lim v = 0; thus for every ¢ there is a 6 = 6(€) such that 


ao 
| o(h) — o(h)| S « 
ford < éand|siny| < 4, and hence for d + | siny| < 6. 
Since | h(A)dA converges, there is an M such that 


0 


[ h( BA) dA < «. 


M 
Let \ be such that 


AM + AM’ M 
Then | v(;) — v(l) | S$ «eM for d + |siny| < "(AM + AM’), and hence 
for|¢|< Md". Therefore 


d full) = v(t] de| + h i " o(k) — odie 


—M/» 


s 


B [ "[v(h) — v(le)] de 








+r [elt = w(t) de 


IIA 





—M/r . 
p20 eat + |r | an(Briel)de| +[r 2h(Br| ¢ |) de 
—#F M 


mr C-) 
s2+4] i(Be)de s 2 +4 | h(Be) de S 6e. 
M M 
Thus 
+r 
lim | (v(l;) ~—_ v(l2)) de = 0. 
A\--0 7 
Consequently 


+r 
lim AJ, = lim A J v(0, —A¢g, 0, 1, #1 — Ag, c) dg 
Ao A\—+00 —t 


+r 
= lim v(0, —¢, 0, 1, #1 — ¢, c)de 


A—0 J—r 


+00 
- | o(0, —¢, 0,1, Fl —-¢, c) dg. 
The improper integrals exist, as the argument line has the distance A = g(1 + c’)! 
(2 + c’)? > 4¢ from the origin, and hence | v | < h(}¢). If we put z = —¢, 
we finally obtain the identity 


+0 . +2 
/ H(0,2,0,1, -1+2,ddz = [ v(0, z, 0, 1, +1 + 2, c) dz 


J] —o 











Py 
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foreveryc > 0. This formula may be interpreted as stating that the integrals 
of v over a pair of families of parallel lines, which include an angle w = arc cos 
c’'(2 +c’) and lie in the same plane z = zc", are equal if the distance of a line 
from a point of the plane is taken as variable of integration. As our assump- 
tions for v are invariant under orthogonal transformations and c is arbitrary, 
this holds for any two families of parallel lines in one and the same arbitrary 
plane. 

If v satisfies the assumptions of Theorem 4.1, then, for every plane x of ryz- 
space, a value F(7) is uniquely determined, namely, the value of the integral 
of v over any family of parallelsin x. We call F(x) the plane integral of v. F(a) 
is already uniquely determined for a plane z if v is given for some family of 
parallels in z. 

THEOREM 4.2. F (2) is continuous and lim F(x) = 0, if p is the distance of x 


pe 
from the origin. 
Proof. Let m and m: be two planes; F(m,) and F(m2) can be expressed as 
integrals of v over the families of lines parallel to the intersection ly of x; and me. 


Ro 


Let M be such that [ h(A)dA < ¢; let 6 be such that | v(l,) — v(h) | < «MM, 
M 


if 1, and i, are two parallels of distance < 6. If then m2 is so near to 7 that 
parallels in 7; and m2 , having the same distance from lb and a distance A S M 
from the origin, have a distance < 6 from one another, then | F(x) — F (se) | 
< 4e, and this proves the first part of our statement. Moreover, obviously, 
if p is the distance of w from the origin, 


\F(n)| <2 i] ” A((p? + 2°) dz = 2 [ "M(p? + 2) dz +2 [ ” (p+ 2°)" de 


0 


M 2 
< 2 | h(p) dx + 2 | h(x) dx S 4e, 
0 M 


if M = M(e) is chosen in such a way that [ h(x)dx < ¢and p is so large that 


M 
h(p) < eM". 

THEOREM 4.3. If v is a harmonic line function which is regular at infinity, 
then v is uniquely determined by F(x). More exactly, v(lo) is uniquely determined 
if F(x) is known for all planes x parallel to ly . 

Proof. Let the lines parallel to 4 be determined by their points of inter- 
section P with some fixed plane m perpendicular to h. We define a function 
w(P) for all points P in 2 by w(P) = v(l), where 1 is the parallel through P to by ; 
and a function ¢(p) for all lines p of m by ¢(p) = F(x), where x is the plane 
parallel to through p. Then ¢(p) is the integral of w(P) over the line p. Be- 


sides, there exists a monotonic function h(r) for which h(r)dr converges and 


such that for a point P of mo of distance r from the origin | w(P) | < A(r) (the 
origin shall be the point of intersection of lb and 7). We also know from Theo- 
rem 4.2, that ¢(p) is uniformly continuous. 
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Theorem 4.3 will be proved if we can show that w(0) is uniquely determined 
by $(p), i.e., that the point function w in the plane z is uniquely determined 
by its line integrals. This was proved by J. Radon (also generalizations to 
higher dimensions).' We reproduce here Radon’s simple method in a form 
adapted to our assumptions. 

Let the line p in 7» be determined by its distance r from O and the polar angle 
g of its normal. Then ¢(p) = ¢(r, ¢). Let the mean value of ¢ over the lines 
of distance r from the origin be 


n(r) = 5 I ; o(r, ¢) dy 


(n(r) is the mean value of F on the cylinder of radius r about l). _(r) obviously 
depends only on the mean values M(p) of w on the circles of radius p about the 
origin: 


n(r) = 2 I pM(p)(p” — r°)* dp. 
Let 0 <zas a. Then 


ah "= = 10 ar -[ =[ pM(p)(p° — 1°) *dp — fel M(p) dp 
-[ mo)(@ => dene M(p) dp 


+} [mo(a- oo ay +} [ Mco) ae. 
Now 


E [ * MG) — (1 = ao dp + I *M(») dp| 
J [steed dp +2 | aecoran| 2 | i do, 


lim = +f M(p)dp = M(0) = w(0) = v(h), 


r M(p) (f=* - ‘) dp 


zt 2 
= [Moana = 9°) = dp + [7 Meee = 6° = 1) do 





‘ M(o2)((1 — 6°*)' — 1)do| $ —h(0) [ * (1-6) — 1)dp0 


7 Berichte Verh. Sachs. Akad. Wiss., vol. 69, pp. 262-277; discussions of this problem 
can also be found in a paper by Mader, Mathematische Zeitschrift, vol. 26, pp. 646-652, 
and in a paper by the author, Mathematische Annalen, vol. 109, p. 513 et seq. 
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forz— 0. Also 


et et 
; M(o2)((1 — p72) — 1) dp = M@V/2) | (1 — p*)' — 1) dp 


~ M0) [ "(= p= 1) dp = w(0)(1 — fx) 


forz— 0. Consequently we obtain for z — 0, a — o the required solution in 
the form 


(13) uo) = w(o) = —1 [=O gy, 


r 


5. Harmonic line functions determined by given data. With the help of the 
last theorem we can easily find subsets S of straight lines with the property 
that the values of a harmonic line function v for the lines of S determine the 
values of v for a larger set uniquely. 

Let S be a set of straight lines / in space with the property that with every 
l of S all parallels to 1 belong to S. Then S can be uniquely described by the 
set > of points of intersection of the lines of S with the plane at infinity z,,. 
We write S = S:. 

DeFINiTION. Let 2 be a set of points in the projective plane. Let 5 consist 
of all points P with the property that every line through P contains points of 2. 
We shall call = the linear extension of >. 

Examples. The linear extension of a straight line is the whole projective 
plane. The linear extension of a conic is its interior and boundary. 

THEOREM 5.1. Let the harmonic line function v be defined for all lines and be 
regular at infinity. Let v be given for all lines of asetS = Sz. Thenvis uniquely 
determined for all lines of Sz , where = is the linear extension of 2. 

Proof. Let l be a line of Ss and P its point at infinity. Every line of x, 
through P contains points of =, i.e., every plane parallel to / contains a family 
of parallel lines belonging to S, for which v is known. Thus the plane integral 
F(x) of v is known for every plane parallel to 1. From this v(l) is uniquely 
determined according to Theorem 4.3 (and can actually be found with the help 
of Radon’s formula (13)). 

The notion of linear extension of a set = in a projective plane is of course 
closely connected with the notion of convex extension (“hull’’). Let = be a 
closed set. A convex extension® of = is obtained by choosing a line not con- 
taining points of = as line at infinity and taking the intersection of all half- 
planes containing = in the remaining affine plane. It is easily proved that 

(a) the linear extension 5 of > is the intersection of all convex extensions of = 
obtained by taking an arbitrary line exterior to = as line at infinity; 

(b) if = is a connected set, all convex extensions of = are identical and equal 
to the linear extension 35; 

(c) = contains the convex extensions of every connected subset of 2. 


8 I use the term ‘‘convex extension”’ introduced by Dines (cf. Bull. Am. Math. Soc., 
vol. 42, p. 354) instead of ‘‘convex hull’’. 








316 FRITZ JOHN 


Special cases of Theorem 5.1 corresponding to the two examples of linear 
extensions given above are the following two statements. 

v is uniquely determined for all straight lines, if given for all lines parallel to a 
given plane. 

v is uniquely determined for all straight lines intersecting z,, in a point in- 
terior to a fixed conic (“time-like lines”’), if given for all lines intersecting z,, 
in points of the conic (‘characteristic lines’’). 

One may interpret these results in terms of equation (2). A family of parallel 
lines in 3-space corresponds according to p. 307 to a characteristic 2-flat x, -— 22 = 
const., 2; — 2; = const. The set S of lines corresponds to a 3-dimensicnal 
manifold consisting of a family of 2-flats, which are parallel to the 2-flat x, — 22 
= 0, x, — x; = 0; Theorem 5.1 then states that a solution of (2), if given for the 
points of such a 3-dimensional manifold, is uniquely determined for a (in general) 
larger set of such 2-flats. Taking, for example, for S the set of lines parallel 
to the plane z = 0, we find that u is uniquely determined everywhere if given 
on the characteristic 3-flat z.2 — 2, = 0, provided u has a certain regular behavior 
at infinity. 

THEOREM 5.2. Let F(x) be a function of the planes x, defined for all x, which 
is such that 


(a) F is bounded, 


(b) F ts continuous, 
oF. 
(c) apt exists and is bounded for all x. 


(Here p denotes the distance of x from some fixed plane parallel tor.) Then the line 
function v(l) defined by Radon’s formula (12) (for ly and correspondingly for all l) 
is harmonic. (It is not asserted that v is also regular at infinity. Thus F may pos- 
sibly not be the plane integral of v.) 

Proof. For fixed r the line function n(r) = n(r, 1) is the mean value of the 
plane function F(x) over the cylinders of radius r about the line 1. Thus 7 is 
according to Theorem 3.4 for fixed r a harmonic function of l. If we can show 


that »(r) and r*[n(r) — n(0)] are uniformly bounded, r *[n(r) — n(0)]dr will 
0 


converge uniformly in / and therefore represent a harmonic line function as well. 
Now it is evident that every upper bound for F will be an upper bound for 7. 
In order to prove that }3[n(r) — 7(0)] is bounded, we determine the planes 
parallel to 1 by their distance p from I and the angle ¢ their normal includes 
with a fixed line perpendicular to / and define F for negative p by F(p, ¢) = 
F(—p,¢ +7). (Note that our assumptions on F are invariant under rotation 
and translation.) Then 


1) = | FOedde= 2 [” FO, 0) + FP, olde, 


xo) 00) _ 2 [ Fiee) — P00 9) + Pao) g F 
p 4 Jo " 





p 
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the last expression is uniformly bounded since 


F(p, g) — 2F(0, ¢) + F(—p, <j ae iler 
P ae 


Remark. It is obvious from the proof of Theorem 5.2 that assumption (c) 
can be replaced by the following weaker condition: 
(c’) There exists a constant A > 0 such that for |k| < A 


F(p + k) — 2F(p) + F(p — k) 
Re 
is uniformly bounded for all planes z. 
THEOREM 5.3. Let = be a closed point set in r,,. Let the line function i(l) 
be defined for the lines of the set Sy which intersect x,, in a point of =. Let i be 











continuous in S:. Let there exist a monotonic function h(r) such that h(r)dr 
0 
exists and such that 


(a) | (1) | < h(r) for a line l of Sz of distance r from the origin, 

(b) | i(,) — 20(l) + Hl) | S h(r)p’, if l, and k, are the two parallels of l of 
distance p from lin any plane through |, where | p| < A. 

(c) Let the integrals of 0 over any 2 families of parallels of Sz in the same plane 
be equal. 

Then there is a harmonic line function v(l) defined for all l such that, for lin Sz, 
v(l) = o(I). 

Proof. Let F(x) denote the integral of 0(l) over a family of parallel lines 
belonging to Sz in the plane x. According to assumptions (a) and (c) F(7) is 
uniquely defined for the planes containing a point of =. We shall first prove 
that F(a) is continuous. We say that a sequence of planes 7, m, --- con- 
verges towards a plane 7, if the directions of the x, and their distance from the 
origin converge towards those of x. Let f, denote a family of parallels in z, 
belonging to Sz ; let P, be their point at infinity. There is a subset of our 
sequence for which P, converges towards a limit point P. As P, C = and = 
is closed, P C 2; also P C a, since lim 7, = r. Let f C Sz denote the family 


of parallels through P in x. It is easily seen that one may establish a 1-1 cor- 
respondence between the lines / of f and the lines l, of f, such that lim l, = 1, and 


that a pair of parallels in f, corresponds to a pair of parallels in f with the same 
distance. As F(x,) is the integral of d(l,) over the lines l, of f, and F(x) the 
integral of 0(l) over the lines / of f and as these improper integrals of 5 converge 
uniformly and @ is continuous, it follows (by a similar argument as in the proof 
of Theorem 4.2) that lim F(x,) = F(x) for a suitable subsequence of the z, and 


therefore for every sequence converging towards 7. 

We now prove that F(7) satisfies condition (c’) of Theorem 5.2. This con- 
dition concerns only the behavior of F for a family of parallel planes 7, where 
p denotes, for example, the distance of x from the origin. Let P be a point of = 
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contained in 7; let a line 1 through P be given by its distance z from a plane 

through the origin parallel to 7 and its distance y from a plane through P per- 
+00 

pendicular to 7; we have o(l) = i(z, y). Then F(p) = | v(p, y)dy and 


| F(p + k) — 2F(p) + F(p — k) | 
e | [ ” Cp +h) - 860) +8—-h ee 


<k’ ie h(x? + y’)*) dy < 2k’ [ h(r) dr. 


We thus have defined a plane function F(7) satisfying conditions (a), (b), (e’) 
of Theorem 5.2 for all planes x containing a point of =. We can extend this 
definition to all planes. This extension is not uniquely determined; we shall 
give here one definite construction, which leads to the required results. 

For this purpose we represent a plane z by its pole P with respect to the unit 
sphere. The points P corresponding to planes containing a point of = form a 
point set G, which consists of all points lying on a certain closed set of planes 
through the origin. F(a) becomes a function ¢(P) defined for the points of G. 
¢(P) will again be bounded and continuous (also at the origin, as F(7) tends 
towards 0, if the distance of x from the origin tends towards infinity). G con- 
tains with every point P the whole line determined by P and the origin. If 
P, P’, P’” are 3 points on the same line through the origin having distances p™’, 
(p + k)", (p — k)™, respectively, from the origin, then 


1 | 9(P!) — 26(P) + 9(P”) | 


is uniformly bounded in G. If 2x, y, z denote rectangular coérdinates of P, 
this expression may be written 


1 Pp Pp Pp 
A estes res, 29(z, y, z) 


Pp p Pp 
+o(=% 50-850 5%5s)) 


Our task is to extend the definition of ¢(P) to ali points P, preserving the 
boundedness, continuity, and the boundedness of the expression (14). The 
complementary set I’ of G will consist of a certain number (finite or infinite) 
of connected subsets T;. Every I; is an open convex cone with vertex QO, i.e., 
every 2 points P and Q in I; can be joined by a straight line segment in I, ; for 
otherwise the segment PQ would contain a point of G and P and Q would then 
be separated by a whole plane belonging to G. We now distinguish 2 cases: 
(1) all points of = lie on a straight line, (2) = contains three non-collinear points. 
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We start with the second case. In that case G will consist of a number of planes 
through the origin, not all having one and the same line in common. Then 
there is a plane 7; through O having no point in common with I; or its boundary 
except the origin. Every plane z parallel to x; intersects I; in a plane, open, 
finite, convex region y, on the boundary of which ¢ is defined and continuous. 
We define ¢(P) in the interior of y as the potential function taking the prescribed 
values on the boundary. According to the maximum principle of potential 
functions’ ¢(P) will then be bounded in I; and continuous in y. 

Let now P, P’, P” be three points in I; on the same ray through O with dis- 
tances p', (p + k)’, (p — k)™, respectively, from O. Let us introduce a 
Cartesian coérdinate system z, y, z with ; as zy-plane. Let a@ be the distance 
of P from x;. Then z = a,z = p(p + k) ‘a, z = p(p — k) ‘a are the three 
planes parallel to x; through P, P’, P’’, respectively. 


(2, y, 2), o(2 z— y,— «) (ye Poy ba) 
ptk?p+k'’p+k /? p—k'’p—k”’p—k 
are then 3 potential functions in z, y defined in the same region y in which the 
plane z = a intersects [;. Thus the expression (14) is a potential function as 
well and assumes the maximum of its absolute value on the boundary of 7, i.e., 
in a point of G. As this expression is bounded in G, the same bound applies 
in the interior of ¥, i.e., in the point P. 

In the remaining case that G consists of a number of planes all containing the 
same line through O, let I’; be a connected subset of I and x and x’ the 2 planes 
bounding [;. On every straight line segment in I; which is perpendicular to 
the plane bisecting the angle between m and 7’ we define ¢ as a linear function 
taking the prescribed values in the points of intersection with 7 and xr’. It is 
easily seen that our conditions on ¢ are again satisfied. 

We now have a function F satisfying the assumptions (a), (b), (c’) of Theorem 
5.2 defined for all planes. (The proof of the continuity of ¢ in T can be carried 
out along the same lines as that of the boundedness of (14).) If we define a 
line function v(l) with the help of Radon’s formula (13), v(l) will be a harmonic 
line function defined for alll. If 1 belongs to Sz, then v(l) = a(l). For, for the 
planes parallel to 1, F (2) is defined as the plane integral of i over lines parallel to 1 
and according to the proof of formula (13), this formula expresses the value of a 
line function at a particular line by its plane integrals over the planes parallel 
to the given line, provided the line function is continuous and regular at infinity. 

Remark. Theorem 5.3 shows that a harmonic line function which is regular 
at infinity and satisfies the “Lipschitz condition” (b) can be continued over the 
whole space, provided (c) is also satisfied. Assumption (c) appears justified 
in view of Theorem 4.1, although its necessity is not proved, as the extended line 
function v may not be regular at infinity. A proof of the regularity of v at 
infinity would involve an estimation of Radon’s expression (13), which is not 








® The term “harmonic”’ function is not used in order to avoid confusion with harmonic 
line functions. 
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easy to perform.” The assumption (c) does not represent a restriction “im 
Kleinen” for 0, as long as the point set = has the property of being intersected 
by every line of z,, in only a finite number of points. 


6. Harmonic line functions as line integrals of a point function. Let 4, denote 
a line through the origin O. Let the lines / parallel to lb be determined by their 
distances £, n from two arbitrary fixed planes through l , which are perpendicular 
to one another. A line function v(l) may then be written v(£, n, lo). 

THEOREM 6. Let the harmonic line function v(1) be defined for alll. Let v have 
continuous first and second derivatives with respect to — and yn. Let v, vg , v_ be 
O(#? + 7°) **) and Vez , Ven » Un DE O((E” + 7°) **) uniformly in lo, where a is a 
positive number. (These assumptions are independent of the coérdinate system.) 
Then v(l) may be represented as the integral of a point function f(x, y, z) over the 
line l. 

Proof. Let F(a) denote the integral of v over the plane x. We write F(r) = 
F(p, 3, ¢), where p is the distance of x from the origin, # the angle of the normal 
of x with the z-axis, and ¢ the angle of the line of intersection of and the zy- 
plane with the y-axis. Let F be defined for negative p by 


(15) F(—p, 3, ¢) = F(p, x — 3,¢ + 2). 


We can easily prove that uniformly in 8 and ¢ 


(1) lim p F(p, 3, ¢) = 0, 
(2) F,(p, d, ¢) a O(p), 
(3) F,9(p, d, ¢) = O(p *), 


and that F,, exists and is continuous. 

(1) is an immediate consequence of the regular behavior of v at infinity (cf. 
Theorem 4.2). In order to prove (2) and (3) observe that in forming the de- 
rivatives F, and F, the angle ¢ is fixed and the planes z are parallel to a fixed 
line 1, in the zy-plane. The plane integral F(7) for the planes parallel to l, 
can be expressed with the help of the values of v(l) for the lines parallel to l, 
alone. Let the lines parallel to 1, be referred to a y-coérdinate system, where 
the y-axis is parallel to the z-axis. Then 

+00 


F(p, 3, ¢) = [ o(p sin } — s cos 8, p cos 8 + s sin @, l,) ds. 


10 In the next paragraph we shall encounter a similar difficulty. The proof of Theorem 6 
would be very short if we could make use of the inverse of Radon’s theorem, namely, that 
for a prescribed line function ¢(p) in the plane, the point function w given by (12) has ¢ as 
line integral; but it is not even evident that the line integrals of w are convergent. Radon 
gives (loc. cit.) a set of conditions under which the inverse of his theorem holds, but they 
involve regularity conditions for the derivatives of the line function up to the third order, 
and the proof is complicated. 
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The derivatives of F with respect to p and 3 can be immediately expressed as 
integrals of the derivatives of v with respect to — and 7 and (2) and (3) can be 
verified from our assumptions on v. 

Let now f(z, y, z) denote the mean value of —(2r)'F,, over the planes 
through the point (z, y, z). The function f is defined by F and therefore by v 
alone, since the value of F,,, is independent of the codrdinate system." We want 
to prove that v(/) is the integral of f over the line 1. As our assumptions are 
independent of the particular coérdinate system, it is sufficient to prove this 
for the case that 1 is the z-axis. Using assumption (15), we have 


(16) f(0, 0,2) = -4 i F ,,(z cos 8, 3, ¢) sin ddd dg, 


+a +a 2x © 
f(0, 0, z) dz = -+ | a: [ ie [ dd F,,(z cos 3, 3, ¢) sin 3 


- i [ae aaa 30d F(a cos 8, 3, ¢) — F,(—acos 0, 8, ¢) 
82? Jo 0 cos 8 


-<, L[ dg [sin 9 ag 1 284.008 8, 3m, v) — F(—a cos 8, 37, 9) 








cos 8 


~ ga), % [ sin 9 dy F(2.008 9, 9, 9) — Fy(+acosd, br, 9) 








cos 3 
taf d "lie ie F,(—acos 8, 3, ¢) — F,(—acos 3d, $n, ¢) 
° cos 3 
=A+B+C 


(in easily understood notation). Here, using (3) and the theorem of mean 
value, we get 


B 


e ie Dy, 





-a[° ae [ dd F ,s(a cos 8, 0, 9) Z— 


o fs [ nig) o(). 


where 3 < 6 < }x. Similarly it follows that C = O(a“). By the substitution 
o = cos 8 we obtain ; 


A 





- A [ae [ F (ac, $x, ¢) — F,(—ae, 3x, ¢) de 





os fre ef Fac, $x, ¢) + F(—ae, $x, ¢) — 2F(0, 3x, ®) de 
8x - 


ao? 





- nf F(a, $n, ¢) + F(a, 41, ¢) — 2F(0, $n, @) 4 
4x? Jo 


a 


11 The expression for f is chosen in accordance with Radon’s solution of the problem of 
determining a point function f in space by its plane integrals. Cf. Radon, loc. cit. 
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22 
If n(c) is defined by n(c) = ny" [ F(o, 3x, ¢)dy, we have n(c) = n(—o), 
0 


lim n(c)o = 0 and 


one 





nei ng 1 [ n(ac) + n(—ac) — 2n(0) 7, “ 1 n(a) — (0) 


4a Ju ao" T a 
_* [ nla) — (0) 7 _ 1 n(a) — 0(0) 
w Jo o T a 


and correspondingly 


[16 0,z)dz = lim A = -!f alo) — 00) g 
7 0 


ea a2 Tv o~ 


As (c) is the mean value of F over the cylinder of radius ¢ about the z-axis, 
the second term in the last equation represents according to (13) the value of 
v for the z-axis. Thus our proof is finished. 

We conclude with the remark that the function f(z, y, z) constructed here 
satisfies the assumptions of Theorem 3.3. Indeed we may derive from (16) 
and (2) and (3) by “partial integration” 


2x 
S(O, 0, z) = -4 | F,(—z, Ty, ¢) F,(z, 0, ¢) dy 
mw Jo Zz 


2x ® 
-+ [ de | Fy9(z — v, v, ¢) dd = O(2**). 
us 0 0 


UNIVERSITY OF KENTUCKY. 








12 In the sense in which the expression is used by M. Brendel, Mathematische Annalen, 
vol. 55, p. 248, and N. J. Hatzidakis, ibid., vol. 57, p. 134. 














A COTANGENT ANALOGUE OF CONTINUED FRACTIONS 
By D. H. LEHMER 


The continued iteration of a rational function f(z, y) of two variables provides 
an algorithm for the expression of a real number as a sequence of rational 
numbers. Thus the function 


(1) S (xr , f(xe , fxs , = ))) 


becomes an infinite series for f(z, y) = x + y and an infinite product for f(z, y) = 
zy. Forf(z, y) = x + 1/y we obtain the regular continued fraction 
1 1 1 
eo Severe ee Pe 


| Ze | Xs 
2 + ——— 
I3+ cee 


By far the most frequently used function is f(z, y) = x + y/c, which gives 
the “power series” 
ne 2: 
c Te Xs 


2, + ———_*— «+2 
c c 


where the z’s are the coefficients, used when c = 10 for the decimal representa- 
tion of real numbers.’ The algorithm associated with f(z, y) = z(1 — y) has 
been discussed by T. A. Pierce.’ 

This paper is concerned with the case of 


S(z, y) = (zy + 1)/(y — zx) = cot (are cot z — are cot y), 
so that (1) becomes the function 
cot (are cot z, — are cot z2 + are cot x3 — ---). 


This function, despite its aspect, is no more transcendental than a regular 
continued fraction and both functions have many properties in common. 
Furthermore, in order to obtain sequences of rational approximations to a real 
number, we specialize the z’s to be integers, as in the continued fraction, and 
consider therefore expressions of the form 


(2) cot D> (—1)’ are cot n,, 


Received November 24, 1937. 

1 This use of the function z + y/c is at least 4000 years old. See Amer. Jour. of Semitic 
Languages and Literature, vol. 36(1920), No.4. The Babylonians used c = 60. 

? Amer. Math. Monthly, vol. 36(1929), pp. 523-525. 
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where the n, are integers. This expression will be called a “continued co- 
tangent’’, and we shall use the adjective “‘finite’’ or “infinite” according as the 
series in (2) terminates or not. Although finite and infinite sums of are co- 
tangents of integers have been considered many times, no systematic treatment 
of such sums appears to have been given. 


Definition of a regular continued cotangent. The continued cotangent (2) 
will be said to be regular if 

(a) n, is an integer’ >Oforv = 0. 

(b) If (2) is finite and if n, is the last n, then 


(3) te > Ninn + m1 + 1. 
In all other cases 
(4) mn, = 1 + M1 + 1. 


The principal value of are cotangent n, is understood. In fact, since n, is 
non-negative, 


0 < are cot n, S 3r. 


The inequalities (3) and (4) seem at first sight unnatural. They are, however, 
the analogues of the inequalities 


(3’) Uk > 1, 
(4’) q 21 
for the incomplete quotients of the continued fraction 
1 
go + ‘end ly + - ~~? 
ms | Q2 
which terminates with --- + nm or is infinite. The reason for insisting on 
| Uk 


the stronger inequality (3) in the case of a finite continued cotangent is the 
same as the reason for (3’) in the continued fraction: to insure for every rational 
number a unique expansion. As a matter of fact, if (4) held for n, but not 
(3), so that 


(5) Mm = Nait mati, 
then the last two terms of (2) could be replaced by a single term, since 
are cot ny. — arc cot (ni; + m1 + 1) = are cot (nm, + 1), 


just as in continued fractions we write 
Ie a 





ia le lq@e-at+ 1° 


3 As in continued fractions we might allow no to be negative. However, this extra 
generality is non-essential for our purposes. 














Ay 


ov 











COTANGENT ANALOGUE OF CONTINUED FRACTIONS 325 


Hence (3) may as well be assumed. It is perhaps worth noting that this con- 
traction of the last two terms cannot be repeated in the continued cotangent 
any more than in continued fractions. In fact we would need to have as a 
counterpart of (5) 


Mea + 1 = ni_e + m_2 + 1. 


This violates (4). 
THEOREM 1. Every infinite regular continued cotangent converges. 
Proof. We need merely to note that 


(6) are cot mp — are cot nm, + are cot nz — --- 


form an alternating series of terms monotonically decreasing in absolute value 
in view of (4). Since (6) converges to a positive quantity, the cotangent of (6) 
exists, and this proves the theorem. In fact, it is easy to see that (6) converges 
not only absolutely but with tremendous rapidity, more rapidly, indeed, than 
the series 


1 


1 
e536 * 


eae 


1 1 1 1 
+a ie t 2567 
in view of (4) and the inequality 


are cot n, < Le 
n 


This rapidity of convergence is a feature of the continued cotangent not enjoyed 


by the continued fraction. The least rapidly converging continued fraction may 
be said to be 


(7) V5-1_9, 11, 1 ee 


whereas the least rapidly converging continued cotangent is 


§ = cot (are cot 0 — arc cot 1 + are cot 3 — arc cot 13 + are cot 183 


— arc cot 33673 + are cot 1133904603 — ---), 


(8) 


in which 


a =n+n, +1. 


Uniqueness theorem. Theorem 1 guarantees that every continued cotangent 
represents a real positive number. Before treating the inverse problem of 
finding the continued cotangent expansion of a given number, we prove the 
following uniqueness theorem. 

THEOREM 2. Two regular continued cotangents can be equal only if they are 
identically equal. 
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Proof. Let 
(9) cot >, (—1)’ are cot n, = cot >> (—1)” are cot m, 


v=0 v=0 


be two equal regular continued cotangents, and suppose, if possible, that 
n, = m, does not hold for ally. Then there exists a first instance, » = r, where 
n, ~ m, while n, = m, for vy < rifr #0. Then from (9) we have 


(10) > (—1) are cot m4, = > (—1)* are cot m4, = S. 

A=0 A=0 
Since n, ~ m,, at least one of these sums contains two or more terms. Let 
this sum be the left one, so that 


S= : (—1)* are cot n,42 2 are cot n, — are cot M41 
A=0 


(11) 2 
are cot (» at) = are cot (n, + 1). 


N41 — Ny 


In fact, the first = sign reads = only if are cot n,4; is the last term of the left 
member of (10). In this case, however, (3) applies, so that 








2 
Nya >ne+n+i1, or — Sd <1. 
Ney — Ny 
Therefore the second = sign in (11) reads > in case the first reads =. That is, 
(12) S > are cot (n, + 1). 


But since the left member of (10) contains at least two terms, 
(13) S < are cot n,. 


We may now show that the right member of (10) contains two or more terms; 
otherwise we could write from (10), (12) and (13) 


are cot (n, + 1) < S = are cot m, < are cot n,. 


That is, n, + 1 > m, > n,. But this is impossible, since these letters are 
integers. We conclude, therefore, that both members of (10) contain two or 
more terms. Hence not only is S < are cot m,, so that 


(14) m, <n, + 1, 


but also, since the reasoning used to establish (12) may be now applied to the 
m’s, S > are cot (m, + 1). Combining this with (13), we have n, < m, + 1. 
Finally in view of (14) we may write n, — 1 < m, < n,+ 1. But this con- 
tradicts m, ~ n,. Hence the theorem is proved. 


‘ This is the first place that this part of the definition of the regular continued cotangent 
is used. 











\w 


it 
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Arc cotangent algorithm. We now describe an algorithm, analogous to that 
of Euclid, for generating from a given real positive number its regular con- 
tinued cotangent expansion. 

Let x be the given positive number. We define two sets of numbers z, 
and n, (v = 0, 1, 2, ---) called respectively the v-th complete and incomplete 
cotangent of z as follows.’ 








% = 2, nm = [2ol, 
1 
1 = == + > n= [x1], 
Zo — No 
15 1 
(18) an > nm = [aa], 
mi mh 
rn, +1 
Ly4t => Z ae ’ Nyt _ [x41] 


This algorithm is to be continued as long as 2,,; exists, that is, as long as z, 
is not an integer n, = [z,]. We next prove 

THEOREM 3. The continued cotangent 
(16) cot >, (—1)’ are cot n, . 

v=0 

where the sum extends over all the incomplete cotangents n, of x, is regular. 

Proof. Obviously (a) is satisfied. To show that (b) is satisfied we set 
x, = n, + «,, where 0 < «, <1. Then (15) becomes 


n+1 


(17) lu = +n, >ni>t+n, +1. 





Hence 
[tu] = ry 20> +n, + 1, 

so that (4) is satisfied fory = k — 1. Forv = k — 1 we have from (17) 
te = Mm > Neat mat 1, 


which is (3). Hence the theorem is true. 
THEOREM 4. If mo, ,%, --- are generated by x, then 


ul 
(18) > (-1)’ are cot n, = are cot x — (—1)* are cot z,. 
0 


v= 


Remark. This theorem justifies the name “complete cotangent” for z,. 
Proof. Since 


_ Lt, + 1 


Tol = 
a t—n,’ 


5 Here, as usual, [z] means the greatest integer < z. 








328 D. H. LEHMER 


we have 
(—1)’ are cot n, = (—1)” (are cot 2,4; + are cot 2,). 
Setting v = 0, 1, 2, --- , 4 — 1 and adding, we get the theorem. 
THEOREM 5. 
(19) x = cot >, (—1)’ are cot Ne, 


v=0 


where the sum extends over all incomplete cotangents n, generated by x. 

Proof. In case there exists only a finite number of n’s, the last being n; , 
we may set » = k in (18) and transpose the term (—1)‘ are cot z,. Taking the 
cotangent of both sides we obtain (19). 

In case an infinite number of n’s are generated by z we can write in view of 
(18) and (4), 


ul 
lim >> (—1)’ are cot n, = are cot c — lim (—1)* are cot z, = are cot z. 


p= v0 pao 


Hence in this case also 


I= > (—1)’ are cot n,. 

THEOREM 6. Every positive number has a unique regular continued cotangent 
expansion. 

Proof. The existence of such an expansion follows from the arc cotangent 
algorithm and Theorem 5, while the uniqueness is provided by Theorem 2. 

THEOREM 7. The number z is rational or irrational according as its continued 
cotangent expansion (19) is finite or not. 

Proof. If (19) is finite, it follows from the addition theorem of the cotangent 
function that z is rational. This may be seen otherwise. In fact, if z were 
irrational, so also would be x, , z2, ---. Hence there could not exist a k for 
which z; is an integer to terminate the algorithm. 

If (19) is infinite, then z is irrational. In fact, suppose that zr = p/q, where 
p and q are integers. It follows that z, = p,/gq, is also rational for every »v. 
From (15) 

Pry + Qe _ D+ q 
Di = = = 
Qv+i1 Pv — NrQr ry 
where, since n, = [z,] = [p,/q,], the denominator r, is the remainder on division 
of p, by gq, , so that r, < q,. Since we may suppose that the fraction p,+:/9,41 
is in its lowest terms, we have the inequality 


— Pri — 








Qv4i = T, < qd 


for every v. But this implies the existence of an infinite sequence q; , gz, --- of 
strictly decreasing positive integers, and this is absurd. Hence z is irrational. 














COTANGENT ANALOGUE OF CONTINUED FRACTIONS 329 


If x is a rational number p/q, the successive numerators p, and the denomi- 
nators q, of z, can be found as in the greatest common divisor process as follows: 


Pp =nmgt+n (OSM <q), pm +d=pP, 
Pi = MQ + (0S @ <M), Pim + hu = Pe, 
P2 = Neg2 + Qs (0 < qs < q@), pone + G2 = Ds, 


Py = Ms + Gri (0 S qu < ), PM + Q = Pri, 


Pi = NQe - 


In general, p, will not be prime to q,. In fact, any factor which they may have 
in common will be a common factor of p,s; and 4,4; and hence of all further 
p’s and q’s. For example, for x = 65/37, we find the following values of p,, q., 
n, , and the greatest common divisor 6, of p, and q, . 





v 0 1 2 3 
Pr 65 102 334 6030 
q 37 28 18 10 
Ny 1 3 18 603 
5, 1 2 2 10 


Hence 65/37 = cot (are cot 1 — are cot 3 + are cot 18 — are cot 603). 


Convergents. Let m, mm, m2, --- be the incomplete cotangents generated 
by xz. Then the curtate expansion of » terms 


ul 
o,(z) = cot >. (—1)’ are cot n, 
v=0 


is called the u-th convergent of xz. It is clearly a rational number depending 
only on » and xz. The following expression relates z, o,(x), and the complete 
cotangent z, by (18): 


“~~ » ae (—1)*z,2 + 1 
(20) o,(z) = cot (are cot x — (—1)* are cot z,) = ia ss’ 
TuHeoreM 8. [f the integers A, and B, are defined by 
(21) Ao = 1, Ayu = A,n, = (—1)’B,, 
Bo = 0, Byua = Bon, + (—1)'A,, 
then the y-th complete cotangent is given by 


A,xz + B, 


(22) ty, = (-I"F — Be’ 


and the y-th convergent o,(x) is given by 
(23) o,(z) = A,/B,. 
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Proof. Formula (22) is easily established by induction. In fact (22) holds 
for u = 0, since Ao = 1, By) = 0,2) = x. If it is true for » = v, we may write by 
(15) and (21) 


a (—1)’(A,z + B,)n, + A, — B,x 
tt (—1)'(4,2 + B,) — n,(A, — B,2) 


v+l1 (A,n, pci (—1)’B,)x + B,n, + (—1)’A, 
A,n, — (—1)’B, — (Bn, + (—1)’A,)z 





= (-1) 





ai (— i Ayuit + Byas 
Assi = Byyx’ 


so that the induction is complete. Having established (22), we see that (23) 
follows from (20). In fact, 


alan {Ace + Bes + Bx +1} / {Aen Be a x} = A,/B,. 


The numbers A, and B, are, of course, the analogues of the numerator and 
denominator of the u-th convergent of the regular continued fraction. How- 
ever, the recurrence formulas (21) are of a different nature, A, or B, depending 
not on the preceding A’s or B’s, but on the preceding A and B. This fact 
allows one to give an explicit formula for A, and B, in terms of the first » 


incomplete cotangents mo, m, --+ , My-i- 
Ay = 1, By = 0, 
A; = ™, B, = 1, 
Az = nom + 1, B, = my — %~, 
As; = mmm+nm—MmM+Mm, Bz = nom — mm + mm + 1, 


Ag = Nonyngns + Nom + NyN2 + NyNs + MMs — NyNs — NoN2 + 1, 
By = nonyns — nonens + NyNeNs — NoNyNe + M1 + Nz — No — Ne. 


The general formula for the A, and the B, is given by 
THEOREM 9. 


A, + iB, = (no + i)(m — 1)(me + i)(ns — i) «++ (mya + (—1)*"A) 
= Tl (n, + (—1)’2) (i? = —1). 





(24) 


In other words, if S, denotes the sum of the products of (—1)'n, taken v at a time, 
then for» > 0 


(-1)™14, = &, — &,.+ S4.—:::, 
(—1)"™"B, 


a oe. Semen 
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Proof. Formula (24) is easily established by induction, if we use (21). It 
also follows readily from 


1 u+i 
;% = — log ——_.. 
are cot u oF og —s 
THEOREM 10. 
A, B, 


om — “ 2 Pe . al TW ° 
ae FT i (—1)*(A2 + B®) = (-1) [] (ni? +- 0). 


v=0 


(25) 








Proof. The first equality follows at once from (21) while the second equality 
is obtained by taking the squares of the absolute values of both sides of (24). 
THEOREM 11. 


A, 1B, 


(26) ApAyu + By Buy = TBysr Apis 








ul 
= n,(Aj + Br) = m, IT (ni + 1). 
v=0 
Proof. The theorem follows at once from (21) and (25). 
For example, the values of A, , B, for z = 65/37 are given in the following 
table. 





v 0 1 2 3 + 
Ny 1 3 18 603 

A, 1 1 4 70 42250 
B, 0 1 2 40 24050 


Here we find that A,/B,; = 65/37 and that A, and B, have the common factor 
650 = (np + 1)(m2 + 1). 
As a second example, we give the elements for x = 6954069/2559142. 





y 0 1 2 3 4 
Py 6954069 16467280 133574025 9886258850 
q 2559142 1835785 1781000 1780025 
ny 2 8 74 5554 
A, 1 2 17 1252 6954069 
B, 0 1 6 461 2559142 


In this example A, and B, have no common factor. It is clear from (25) that 
any factor common to A, and B, will divide (n6 + 1)(nj + 1) --- (nb, + 1), 
and this factor will also be common to (A,4; , B,:) by (21) and hence to all the 
further pairs (A, B). 

THEOREM 12. The convergents o,(x) approach x with errors which are alter- 
nately positive and negative, but whose absolute values tend steadily to zero and are 
less than 


(xo, + 1) tang,, 


where ¢, is the smaller of [x] and 3’. 
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Proof. By definition of o, , 
(27) are cot x = are cot o, + (—1)” {are cot n, — are cot nui + ---}. 
Since are cot u is a decreasing function of u, we have 
(28) (—1)'"(@ — «) 20, 
which implies the first statement of the theorem. Moreover, by (27) and (4), 


—27—2 —2’ 


—I —2 
are cot x — are cot o,| S are cot n, < ny < my < ++: < Mm < No 





Hence if m = [x] > 1, we may write 
| are cot x — are*cot a, | < [xz]. 


If no = [xz] S 1, then, by (4), m 21,2 23. Therefore in this case 


| are cot x — are cot ¢,| <3. 


Hence in either case 
| are cot x — are cot o,| < ¢,, 


and the final statement of the theorem follows by taking the tangent of both 
sides of this inequality. It remains to show that the absolute value of the error 
tends steadily to zero. Denoting this absolute value by A, , we have by (28) 
and (20) 
2 
(29) 4, = |s—«,| = (-17"e —«) = —2 
a, — (-—1)’2 


To show that A, is greater than A,,, , it suffices to show that 


(30) (1 + 2° )(Q741 — 47") = 241 — 2 + (—1)’2r 
is positive. From (15) and (4) 
Zou > Nt, + 1, n 23 (v = 2). 


Hence 2,4; — 2, > 2 — 2-1. It follows from (30) that 
(1 + 2°)(Ar — Ay") > ae — a — 2z. 


To show that the right member is positive we separate two cases. If z > 1, 
then nm = 3,22 > 3211+ 1,4. >mr+122+41. Hence in this case 


%—% — 2>Ar+1)+1-—-2%=3>0. 


Ife <i,letx’=6>1. Thenz, =68,n=8 —€O<e<1),m= 
e '[6(6 — €) + 1]. Therefore 


tq — 2, — 2x = (8 + 1)(5 — 2e)/de. 
If § > 2, this is positive. If 1 <6 < 2so that n, = 6 — e = 1, we have 
te — 4 — 2x = (& + 1)(1 — ©)/de > O. 


This completes the proof of the theorem. 
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The expression of a regular continued cotangent as an irregular continued 
fraction. The partial cotangents n, of a number z may be used to represent 
zx by an irregular continued fraction of special type as the following theorem 
shows. 

THEOREM 13. If mo, m,--- are the partial cotangents generated by a real 
positive number x, then 


2 2 2 
ms m+1\|, m+i1|, +1] 
~— ion? Cu. arn lane” 


Proof. Let ¢, be the fractional part of z, so that z, = n, + ¢,. Substituting 
for z,,; and z, in (15) and solving for ¢, , we obtain 
ne+1 
Nyt — Ny + 641 





¢, = 


Setting v = 0, 1, 2, -- - in succession, we see that (31) follows from x = no + &. 
It is clear also that the numbers A,,, and B,,, are the numerator and denomi- 
nator of the z-th convergent of (31). 


Regular continued fraction for ~. The number ¢ defined by (8) may be 
expressed as a regular continued fraction as follows. Let mo, m, mz, --- be 
the partial cotangents of £ so that 


(32) no — mh =n +1. 
We define integers a, by 

a = 1, a, = l, a, = 2, a; = 5, a, = 34, ds = 985 
and in general 
(33) Ou = (y+ m1 + Dar (v = 1), 
so that 
(34) Quan = (r+ Ma + 1)(M2 + Ms + I(M4+ M54 1)---, 


where the last factor is nm, + mo + 1 = 2 or nm, + m + 1 = 5 according as » is 
even or odd. Then it is true that 


(35) Oy410, = N41 — Ny = n; +1. 


This fact is true for y = 0, since n§ + 1 = 1, while aoa; = 1. If it is true for 
v = k — 1, it may be shown true for v = K as follows: 


(me + mea + 1)(me — Mer) 


_ Ak+i 
Ona, = —— Aeag-i 
k-1 


2 2 2 
Me + Me — M1 — M1 = MH + 1. 
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This establishes (35). Returning to (31) and using (32) and (35), we obtain 





= 0 ¢ Moat] 4 ara] 5 aaas| 
|@od, = |Qid2 ~— | Gag 
” S . oy . a , ia * 

at ee ee er eS eee 

1 
a tr tye t[s tae * joss 
Paes Os : | 
[151138 * [1116929202845 * °"’ 


The successive convergents C,/D, to & are 


1 1 3 16 547 538811 620245817465 
1’ 2’ 5’ 27’ 923’ 909182’ 1046593950039’ ~~ 





In decimals we have 


.59263 27182 01636 19710 40786 04995 70146 90842 
75407 19716 10710 99562 60815 82473 51869 72201.... 


An investigation into the nature of the number é. The writer has been un- 
able to discover any simple connection between £ and other known constants. 
As to the nature of &, it is neither rational nor the root of a quadratic equation 
with rational coefficients, since its continued fraction is neither finite nor peri- 
odic. In what follows we show that £ is not a root of a cubic equation with 
rational coefficients. We begin with 

THeoreEM 14. Let a, and D, be the v-th partial quotient and the denominator 
of the v-th convergent of the continued fraction (36). Then a, > D, forv S 4. 

Remark. For v = 1, 2,3, we have a, = D,. 

Proof. The theorem is true for y = 4 since a, = 34, and D, = 27. If the 
theorem is true for 4 < v < k, we may prove it true for »y = k by showing that 
a;_2(a, — D,) is positive. Using the fundamental recursion formula 


(37) Dy = a,D, + D,- 
forn = k—1,k — 2,k — 3 we have 


(38)  azte(ax — Dy) = aye {as — (ay-144-3 + 1) Dae — Gs-1 Pes — Dost 


ag-3 


If in (38) we introduce the hypothesis of the induction D2 S ax_-2, we get 


(39) aye(ax — Dy) = ayaz ts — (ax—10x-2 + 1) — ay_razs. 
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By (33) and (35) we may write (39) in the form 
ay e(a, — Dy) = mea + ree + 1 — (mea — me_eg + 1) — (mee + ma_s + 1) 
= N-2 — M3 — 1 = nig > 0. 
Hence the induction is complete. 
THEOREM 15. The number & does not satisfy a cubic equation with rational 


coefficients. 
Proof. By Theorem 14 and the familiar inequality 


C, 
'- 5 


1 1 1 


- D, Dyas = D,(D,a, + D,-1) . D*’ 








it follows that the Diophantine inequality 


1 
<¥ 


has infinitely many solutions in integers (z, y). Now if £ satisfied a cubic equa- 
tion with rational coefficients, the cubic would be irreducible, since & is neither 
rational nor a root of a quadratic equation. By a theorem of Siegel® the in- 
equality (40) would in this case have only a finite number of solutions in integers 
(x, y), contrary to fact. 

To show that this type of argument cannot be used further to prove that 
is not an algebraic number of degree > 3, we give 

THEOREM 16. If « > 0 and if c is a positive constant, no matter how large, the 
Diophantine inequality 


(40) le? 





x 
y 


c 
< ore 
has only a finite number of solutions (zx, y). 


We first prove two other theorems. 
THEOREM 17. For every k the sequence 


(41) le- 





De Diss Deis 


? ’ ? 
Qe Ak+2 Anis 





tends to a limit. 
Proof. Since 





N-1 
Dissew _ Dy {Bese Dowesa) 
a geet a ’ 


Qk42Nn ay A=0 | Ap+or Ak+2A+1) 


6 See Landau, Vorlesungen tiber Zahlentheorie, vol. 3, 1927, pp. 37-65. 
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it is sufficient to show that this series tends to a limit as N— ©. To examine 
its general term we replace k + 2d by » for simplicity. Now 








Di+2 ‘i Dysay4s + D, _ D,a,ay41 + Dy14y41 + D, = DA? + 2) + Dy-14y41 


Ay+2 Ay+2 Ay+2 Ay+2 Av+2 


= B® G49 +7 Wt. + 0. 


Gy Av+2 Ay42 


Hence the general term of the above series may be written 


D, _ Desa _ P(1 a ot eet 2) _ Do = n2,, + 1). 
2 


a, Qy+2 a, Ay+ Qy—-1 ay+2 


By Theorem 14 it is sufficient to show that as v runs over all numbers of the 
same parity as k the two infinite series 


r(1 ~ — (n} + 2»), YS (nhs + 1) 


v+2 








converge. The first of these may be written 


p(1- ett). yp «eg. 


Nyy + My + 1 Moi +n + 1 


a rapidly convergent series. As for the second series we have 


ym ay-1 M41 +1 < > ay-1 < > =, 


a (My41 + Ny + 1)? a 








which also converges with rapidity. This completes the proof. 
The two sequences 


D, Ds; Ds D, Dy De 
eee and Peet ea 

a a3 ds; dg ay a 

tend to different limits. In fact we find 

Ds. .78981 14735158, Ds .9370558376, 
ag as 

Ds = .7898114728192, D; = .9370280114. 
ag az 


These two limits we denote by Ry and R,. That is, 
Ro = lim D,,/a2, = .78981147 ---, 


vo 


R, = lim Doysy1/Q2r41 = .93702801 ten, 


vo 
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It can be proved without difficulty that the two sequences above are both 











strictly decreasing except for the fact that = = J We are now in a position 
1 3 
to prove 
THEOREM 18. If »v — «, then 
C2, 3 C2, 1 
D2, |—t - | R 1 mi f—— | Ri. 
2 |€ D» 0 an 241 | & Moss 1 





Proof. Since 


y= 


we may write 








Using the fundamental relation 


C.D, 7 C,aD, _ (—1)"", 
we obtain 


D; D> D: 
~ Dit DinDra* DeDovs 
The first term on the right may be shown to tend to Ro or R, as follows: 


Dyas ~e D,a, + Dy —_ a, Dix 


-% 


3 
(42) D, D. 








As y tends to infinity through integers of the same parity, D,_,/D? tends rapidly 
to zero, while a,/D, tends to Ro' or Rj’ according as the value of v is even or odd 
by Theorem 17. 
Each of the other terms of (42) tends to zero as vy > © since for \ > 0 
3 3 3 3 
— a < = & < a. < =. D» i 
Dx Diprii Dy41Dy42 Disa (D,a,) a, ay 


by Theorem 14. Hence the theorem is proved. 

Theorem 16 now follows from Theorem 18 and from the fact that the con- 
vergents C,/D, are the fractions of best approximation to &. 

We conclude with a theorem concerning the above-mentioned limits Ro 
and R, ; 

THEOREM 19. 


1 
RoR —_ 1+ 


For the proof of this theorem we need the following result of interest in itself. 
THEOREM 20. If C,/D, is the v-th convergent of (36), then 


CLC v4: + D,Dy+1 = Ny41- 
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Proof. Let A,4, and B,,; be the numerator and denominator of the (vy + 1)-st 
convergent o,, of the continued cotangent (8) defining £, or, what is the same, 
the numerator and denominator of the »-th convergent of the continued frac- 
tion (31). From the theory of irregular continued fractions we have in view 
of (32) the following recursion formulas for the A’s and the B’s: 


(43) Avy: = (mia + 1)(A, + Ay), 
(44) Bri = (ns. + 1)(B, + B,-). 
We now prove that 

(45) Avy: = C,a,0,-10,-2 +++ do, 
(46) Byas = Dya,a,10,-2 +++ da. 


In fact, (45) is true for »y = 0, since A; = mp = 0 and Cy = 0. If (45) is true for 
vy < mw We may prove it for vy = uw as follows. By (43) and the hypothesis of 
induction 


Agar = (mea + 1)(Cyadyrdye +++ do + Cy2dy-2 ++ ao) 
= (mia + L)ay-2dy-a ++ Go(Cyrdy-a + Cys) = QuQy10,-2 --- ao C, 
by (35). (46) is established in the same way. By Theorem 11 
(47) AyAse + BrirBrye = mils + 1)(nia + 1) --- (nf + 1), 
while by (45) and (46) 
AniAne + Bi Brye = (C.Cr41 + DiDys1)(Q410,)(Ga,1) - ++ (ardo)ao 
= (C041 + D,Dia)(ns + I)(nia + 1) «++ (md + Lao. 


If we compare this with (47), the theorem is seen to follow from ao =1. In 
the same way Theorem 10 yields 
THEOREM 21. 


Ce + D? = G41. 


Theorem 19 is now a simple consequence of Theorem 20. In fact, we have 
by definition of Ry and R, 


2 _ = D, Dyas C, Cosi 
Ro RE + 1) = lim (2 ae +2 a + i}) 





yoo \ A, yi +1 
= lim Cra + D.Prst) = lim —H = } 
ye Nyt — Ny veo Nyt y — Ny 


Regular continued cotangents of familiar constants. The converse problem 
of discovering a law enjoyed by the partial cotangents of the regular continued 
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cotangent expansion of a familiar constant appears to be even more difficult 
than in continued fractions. There are no periodic regular continued cotangents 
in view of (4). In fact, a periodic continued cotangent would not converge. 
Hence equation (22) cannot be used as in continued fractions to study the roots 
of a quadratic equation with rational coefficients. Furthermore, it is prac- 
tically impossible to find more than 6 or 8 partial cotangents of a given irra- 
tional number. By Theorem 12, ten terms of the continued cotangent expan- 
sion of a number z between 10 and 11 would give z correctly to more than 1000 
decimal places, 20 terms would give more than a million digits. This dependence 
of the continued cotangent expansion upon the “size” of x is brought out more 
sharply by the fact that two numbers 2, and z2 which merely differ by an in- 
teger may have widely different continued cotangent expansions while their con- 
tinued fraction expansions are essentially the same. Thus, for example, 13/25 = 
cot (are cot 0 — are cot 1 + are cot 3 — arc cot 44), while 5 + (13/25) = cot 
(are cot 5 — are cot 55). 

The writer has been unable to discover any combination of familiar constants 
whose regular continued cotangent expansion is in any way predictable; that is, 
we have found nothing comparable with 

3—e 1 | 


” i. S$) 
s—1° * *ma** 


= 
|4v +2 





+ --- 


or with the irregular continued cotangent 


2+ +/2 = cot (are cot 3 + are cot 17 + are cot 99 + are cot 577 + ---) 


whose partial cotangents satisfy the difference equation n,., = 6n, — n,. 
The continued cotangents for +/2, x and e begin as follows: 
4/2 = cot (are cot 1 — are cot 5 + are cot 36 — are cot 3406 

+ are cot 14694817 — are cot 727050997716715 + --.- ), 


x = cot (arc cot 3 — are cot 73 + arc cot 8599 — are cot 400091364 + --- ), 


e = cot (arc cot 2 — are cot 8 + are cot 75 — are cot 8949 
+ are cot 11964723 --- ). 


Although this paper is concerned with developing the general properties of 
regular continued cotangents, the reader cannot have failed to notice that many 
of the theorems have number-theoretic implications. The applications of the 
above theory to Diophantine analysis will be given in another paper. 

An interesting generalization of the regular continued cotangent is an ex- 
pansion of the form 


(48) cot 7 c, are cot n,, 


v=0 
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in which c, are +1 and the n, satisfy certain inequalities. This is called a ‘‘semi- 
regular” continued cotangent and has many properties in common with the 
semi-regular continued fraction 
1 1 | 
Seite el ped dp ose, 

11 | Qe 
A discussion of semi-regular continued cotangents will appear later. However, 
if the coefficients c, of (48) are unrestricted, the analogy with continued fractions 
breaks down. 


LenicH UNIVERSITY. 














CHANGE OF DIMENSION IN SEQUENCE TRANSFORMATIONS 


By Hucu J. HAMILTON 


In’ H, were derived conditions on the 2n-dimensional matrix of complex 
numbers || @m,mg---mnk,ky---k, || (” arbitrary) necessary and sufficient for the 
transforming of all n-dimensional sequences {s;,x,....:,} Of class U into n-dimen- 
sional sequences {¢m,m,...m,} Of class V, by means of the relation 


Co) 


Fmymg---m_, = Am mg: ++makyko+++ky Skykg-+-kny 


etn ha 
for each U and each V of a set of 16 classes of sequences of complex numbers. 
It is the purpose of this note to point out that no use is made, in the course 
of the proofs in H, , of equality between the dimension of the s-sequence and 
that of the o-sequence, and consequently that the results, if properly interpreted, 
are quite valid for (n + 1)-dimensional matrices || Gm, mg-..mjkjky---k, || @SSO- 
ciated with transformations of the type 
Omymq--+m, = Om ymg-++mykyke--+ky Skyke--+kn» 
ky ,ke,*** ky=1 

where / and n are independently arbitrary. 

The only alterations which need to be made in H, to permit this interpretation 
follow. 
Page 29. 

Line 1. Replace “n-tuple” by ‘multiple’. 

Line 4. Replace n by lI. 

Line 5. Replace “‘another such, homologous to m’’, by “an ordered set of 
n positive, integral variables’’. 

Line 16. Replace m', m’ by k’, k’. 

Line 18. Replace “The corresponding” by “‘A single”’. 
Page 30. 

Line 15. Before x(m), insert “ld = n, and”’; and before “then’”’, insert “yu being 
the homologue in m of « in k’”’. 

Line 23. Before “under’’, insert “and 1 = n’’. 

Line 26. Before ‘‘under’’, insert “andl = n’’. 
Page 31. 

Line 19. Before “‘and’’, insert “‘in all, 1 = n’’. 


Received November 29, 1937; presented to the American Mathematical Society, April 
16, 1938. 

1In this note H; will denote the paper, Transformations of multiple sequences, by 
Hamilton, this Journal, vol. 2(1936), pp. 29-60. 
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Page 33. 

Line 14. Replace n(2” — 2) by n(2' — 2). 

As an application of this interpretation, consider the problem of stating con- 
ditions on the 3-dimensional matrix || a,;; || , necessary and sufficient that the 
simple sequence {¢,} with o, = >> axis; be defined for each » and converge 


ij=l 
to lim s;; whenever the double sequence {s,;} is (A) boundedly convergent, (B) 
ij-«< 


convergent. These can be read off (pp. 59-60 of H;) as: 


(a) (1) D haw) <A (= 1,2, ++); 
(2) lim > aij = a 
im > |ay| = 0 (j = 1,2, ---), 
(3) v - 
lim >> |a,;| = 0 (i = 1, 2,- ) 


v j=1 


(B) (1) and (2) same as (1) and (2) under (A), respectively; 


(3) ay; = 0 fori > C; (v= 1,2,---;7 = 1,2,---), 
ay = 0 forj > C; (» = 1,2,---3;#=1,2,---); 
(4) lim ii = 0 (i, 7 a 1, 2, at }. 


Fraleigh’ has derived conditions on the matrix || a,.; || [@,;; = 0 for max (z, 7) > »] 
necessary and sufficient that lim o, = uv, where s;; = ujv; (it, 7 = 1, 2, --- ), 


whenever lim u; = u and lim v; = vexist. Here {s,;} is a regularly convergent 


t 7 

sequence, though of a special type, which is sometimes termed “factorable’’. 

Now referring in H, as here revised to the conditions necessary and sufficient 
for the general transformation RC — BC regularly (pp. 59-60), with 1 = 1 
and n = 2, as well as to the derivations of these conditions (which for d3 , di , 
and d2 involve only factorable sequences), it will be found that the necessity of 
all of Fraleigh’s conditions, excepting those difficult ones involving boundedness, 
and the sufficiency of the set in Fraleigh’s Theorem III’ are implicitly derived 
in H, under the present interpretation. 


Pomona COLLEGE. 


2P. A. Fraleigh, Regular bilinear transformations of sequences, American Journal of 
Mathematics, vol. 53(1931), pp. 697-709. 
3 Fraleigh, loc. cit., p. 703. 














A GENERALIZATION OF MULTIPLE SEQUENCE TRANSFORMATIONS 
By Huau J. Hami_ton 


1. Introduction and statement of purpose. It is the purpose of the present 
paper’ to extend the definitions of the classes of complex multiple sequences 
{Se(1),4(2),..., 4) } considered in H, so that they may have meaning for complex 
functionals f of 1 variables x, 2, .-. , 2°, where, for vy = 1, 2, --- , 1, 2” is 
the general element of an aggregate ©” of considerable generality, interpretable, 
in particular, either as the positive integers or as the points of a Euclidean 
space; and to derive, by means of the results of H;.2, conditions on the n-dimen- 
sional matrix || fic,42), ... , x) || of complex functionals of the / variables 
a, 2, ...,a°°, necessary and sufficient for the various sequence class-to- 
functional class transformations under the relation 


(1) (2) () 
re .# ,+*+,8 


2 


= (1) 
= > Se.) x(2),... g(x 7 
kOL) E(2) . es elm ee 


(2) (1) 
g °**g & )8e(1),4(2),...,46m) 


analogous to the sequence class-to-sequence class transformations considered 
in Hi 2 . 

In order to clarify ideas, consider the solution of the problem: to find condi- 
tions on the linear matrix of complex functionals || f; || necessary and sufficient 


that F(t) = Dd fits: exist finite for each ¢ in (0, ~) and converge to 0 as ¢ tends 
i=l 


to infinity, whenever {s;} is a null sequence of complex numbers. 
Denote by S the class of non-negative, real sequences {t;} for which lim 
i 
t; = ©. Nowlim F(t) = Oif and only if lim F(t;) = Ofor each {t;} « S. Hence 
i 


t-—-20 
the desired conditions are simply that 


o 


(a) Dd | ft) | < B({t;}) for each j (each {t;} €S); 


i=1 


(8) lim fi(t;) = 0 for each ¢ (each {t;} € S), 


as follows from well-known theorems of the Silverman-Toeplitz type (or from 
H; 2); or, more elegantly, that 


Received November 29, 1937; presented to the American Mathematical Society, April 16, 
1938. 

1 This paper assumes familiarity with the contents of the preceding note, Change of 
dimension in sequence transformations; hence also with the paper therein cited as H,. 
The paper H; , as revised in the note, will be referred to as Hi,2 . 
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co) 


> | ft) | < @ for all ¢ in (0, ), 


(a) a 
D> | fd | < B for allt > A; 
i=l 

(8) lim f(t) = 0 for each 7. 


t—-2 


Here | = n = 1, ©” is the set of non-negative real numbers, and the class of 
complex functionals f defined over €“” for which lim f(t) = 0 would be called 
t—-2 


null-convergent. The statement and solution of this problem are a very particu- 
lar specialization of the results of this paper. They have been displayed at this 
time and thus independently with the desire to make somewhat apparent at the 
outset the significance of the general problem, and to suggest reasons for the 
plan of approach used in its treatment. 

In §2 are given definitions of most of the concepts and symbols which are 
to be used; §3 provides alternative definitions of certain classes of functionals 
introduced in §2; a list of conditions on the functionals fyi1), 4c2), ..., x) is made 
in §4; §§5 and 6 contain tabulations of sets of conditions necessary and sufficient 
for the various transformations; in §7 a few applications are indicated. 


2. Symbolism and definitions. The letters m, m’, m’, r', k, k’, k’, k, k', «, x, 
etc. and notations involving them, will have the meanings assigned to them in 
H, 2, n and | being independently arbitrary, but fixed, positive integers. Other 
symbols are to have the following meanings (each definition involving v to apply, 
unless otherwise stated, for v = 1, 2,---,l): ©”, an infinite aggregate of 
elements of any sort; 2’, the general element of @;.z, the general ordered 
l-tuple (x, 2, ... , 2°); &, the aggregate of x; z' and 2’, the generic ordered, 
proper, conjugate subsets of x;y’, y, y’, and y’, a fixed element or set, of type 
x”, 2, x', and 2’, respectively; x{”, x;, 2}, and 27, the i-th in an infinite sequence 
of such elements or sets, respectively; x:m, the general set of form (zt, 2222, 

-» , a6»), where m”, m®, ... , m‘ are the elements of m, in this order; z':m' 
and x*:m’ have analogous meanings. 

S” is the general sequence {zx{”}; S, the general /-tuple sequence of form 
{x:m}; S' and S’, the general multiple sequences of form {z':m'} and {2z*:m’}, 

ol 


respectively; 2, 2, and 3, the classes of all sequences S, S', and S", respec- 
tively; {G{}, an arbitrary, but fixed, infinite sequence of non-null sets for 


which &” = &{” D &” D--- and [] &” is null; hk”, the functional over €” 


j=l, 

for which h(x”) is the greatest integer j such that 2” « G{”; g®, an arbitrary, 
but fixed, real functional over €” for which h(x”) > M implies that g(x”) 
> N(M), where lim N(M) = &, and for which g(x”) > N implies that 


MoO 


h” (2) > M(N), where lim M(N) = ~; g(x), the ordered set of numbers 
N-oO 
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gg? (2), g? (2), «+», 9 (x ay g ‘(z') and g’(x*), the ordered sets defined 
analogously with respect to z' and x’, respectively; g'(x') > D, g(x) > ~, ete., 

the set of properties corresponding, for each separate g”’(x“’) involved; &, , RI, 
and &{, the classes of all sequences S, S', and ©", respectively, for which lim 


g(x:m) = ~, lim g'(x':m’) = «, and lim g*(2*:m’) = &, respectively. 
m\l—a m2—+2 
The S associated with a particular {z,} is that S for which S” is the sequence 
{a\”}; the S' [or S*] associated with a particular {x}} [or {27}], that S' [or S*] for 
which S”’ is the sequence {z{"’} for each » involved; {s,}, the general n-tuple 
sequence of complex numbers; s, lim s, When this limit exists; f, the general 


complex functional over &; || f; || , “the n-tuple matrix of general complex func- 
tionals over €; F, the complex functional over € defined by F(z) = = Silx)sx, 


whenever this symbol has meaning. 

It is hoped that such a consistency has been observed in defining these sym- 
bols as to facilitate keeping in mind their meanings. Certainly, use of the cus- 
tomary multiple sub- and superscripts would have both lengthened the paper 
greatly and hidden the essential simplicity of the proofs. 

When, in any /- or n-tuple represented by a single letter, certain of the elements 
are to be considered as having special properties, this fact will be indicated 
in parentheses (or brackets, etc.), and subsequently parentheses (or brackets, 
etc.) will enclose the letter involved. Thus, “with (2' = y') and (k* = p’), 

jim 2 Fu((x)) = L,s(y')”. A convention so established will last through- 
g*(z*)-0 k*=1 
out, and only through, the paragraph in which it is set up. 

Except when, by the nature of the situation, doing so would be obviously 
absurd, all relations involving subsets of k or of z are to be understood to imply 
the set of such relations for all possible choices of the subsets with respect to 
position and dimension. 

Now the terms abbreviated by the symbols e, ub, c, ure, re, en, uren, ren, 
urcrn, rcurn, rern; b, bc, burc, ben, burcn, and burcrn are, with their meanings 
for n-tuple sequences, indicated on pp. 30-31 of H,. The symbols bre, bren, 
breurn, and brern abbreviate, respectively, bounded regularly convergent, bounded 
regularly convergent null, bounded regularly convergent ultimately row null, and 
bounded regularly convergent row null, and these terms indicate their own mean- 
ings. (As pointed out on p. 33 of H,; , each re multiple sequence is b; hence the 
terms bre, bren, breurn, and brern are equivalent to, respectively, simply re, 
ren, reurn, and rern, when applied to sequences. However, as will appear, this 
convenient property does not carry over to f in general, and it is for this reason 
that the four additional terms are introduced.) 

The extended definitions of the twenty-one terms will now be given. With 
respect to the sequences of sets {G;”}, any complex functional f over € will be 
said to be: e, if defined for all x; ub, if there exists a number Q such that f(x) 
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is bounded for all’ g(x) > Q;c¢, if lim f(x) = o (read “principal limit’’) exists 
g(z)--2 

and is finite; urc, if c and if there exists a number Q such that lim f(x) = o(2’) 
g* (xz*) 0 

(read “row limit”) exists and is finite for all g’(x*) > Q; re, if : lim f(x) = o(z’) 
a'(z!)--2 

exists and is finite for all 2°; en, uren, and ren, if, respectively, c, ure, and re, 

with « = 0; urern and reurn if, respectively, ure and re with o(z*) = 0 for all 

g(x’) greater than some number Q; rern, if re with o(2”) = 0 for all 2’; b, if f(z) 

is bounded over ©; be, burc, bre, ben, buren, bren, burern, breurn, and brern, if 

both b and, respectively, c, ure, and soon. The notations Z, UB, etc., will 

denote the classes of functionals f which are e, ub, etc., respectively. 

That these definitions constitute a true generalization of those made for 
sequences in H, is seen by taking, for vy = 1, 2, --- ,1, €” to be the aggregate 
of the positive integers, &{” the set of integers not less than j (j = 1, 2, --- ), 
and g’(2) = 2” a 


foreach x”. Throughout this paper, classification of multi- 
ple sequences will be assumed to be made with respect to €” and &{” as thus 
defined. 


3. Equivalent definitions of the several classes of functionals. That f be of 
any class U of the set above which does not explicitly involve boundedness is 
equivalent to the condition that the sequence {f(x:m)} be of class U for each 
SeR,. That the first condition implies the second is in each case obvious. 
That the second implies the first will now be proved for three typical cases. 

TueoreM. If {f(x:m)} € E for each Se R,, then fe LE. 

Proof. Each z is an element of some S € &;. 

TueoreM. If {f(x:m)} « UB for each S « R, , then f « UB. 

Proof. By denial of the conclusion, there exists a sequence {z;} for which 
lim g(z;) = © and {f(z,)} is unbounded. The associated © belongs to &,, 


but {f(z:m)} ¢ UBS 
TueoreM. If {f(x:m)} « URC for cach Se R,, then fe URC. 
Proof. By denial of the conclusion, there exist a sequence {2z;} and a set of 
sequences {,2;} for which lim g'(z}) = ~ and lim g°(23) = © (¢ = 1,2,---), 
. 2 


and, with (z' = 2} and 2” = ,z}), fori = 1, 2,--- , lim f((x)) does not exist. 


2 
Let the sequence {xj} be so constructed of elements of the sequences {,z;} that 
lim g°(x;) = @ and, with [z' = 2} and 2” = ‘J, fori = 1, 2, --- , lim f((z]) fails 
? 


? 
to exist. Now the sequences S' and associated with {x}} and {23}, respec- 
tively, belong to Rj and &}, respectively, so that their union, S, belongs to &. 
But {f(z:m)} & URC. 
That f « B is equivalent to the condition that {f(x:m)} « B for each S « R2. 
This is clear. 


2 That the definitions about to be given are equivalent for each fixed functional g™ 
(v = 1,2, --- , l) satisfying the conditions imposed above will be obvious. 
3 The notation «’ means “‘is not an element of.” 
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Now, given any &, for the matrix of numbers || fi(z:m) || NS* the sequence 
{F(x:m)} be of a particular one of the classes, say V, whenever {s,} is of a 
particular one, say U, are provided by Hi... [Take a,x. = fi(x:m).] Hence, 
in view of the above established equivalences, for || f, || NS F « V whenever 
{sx} « U is that the set of conditions for the corresponding sequence class-to- 
sequence class transformation given in H, 2 apply to || f.(z:m) || for each S € R; 
in case boundedness is not explicitly demanded in V, and apply to || fx(x:m) || 
for each © € R2 in case V = B. Examination of the theorems in Hj,» reveals 
that each of the conditions listed on pp. 35-37 of Hj; 2 is one of some set of con- 
ditions’ NS U — V, where V does not explicitly involve boundedness, and 
that the conditions (c;) and (c2) alone appear in sets of NS U — B, for each 
U and V of the 16 classes of sequences. The next section, then, will be devoted 
to simplification of the conditions that each of the conditions on pp. 35-37 of 
H, 2, separately, hold for || f.(x:m) || for each S € &; , and that (c;) and (es), 
separately, hold for || fi(a:m) || for each Se Re. 


4. Reduction of conditions. A condition on || f, || which is equivalent to the 
application of any particular condition from the set on pp. 35-37 of Hj,» to 
\| fe(a:m) || for each S € &; will be labeled by the capital of the letter labeling 
the condition in H;.. The conditions which are equivalent to the application 
of conditions (c;) and (cz) of H;.2 to || fx(x:m) || for each S € Kz will be labeled 
(C,) and (C.), respectively. The conditions are listed first, and justifications 
will follow. 

E conditions. 


wo 


(Ai) 2X |fe(z)| < @ (all z). 
(Ac) Let x, \ be any two single elements of k, and k* those remaining. Then 
f(z) = Ofor \ > C, (2) (k* = 1,2,--- ;alla;x =1,2,---). 

UB conditions. 


i) 


(Bi) > | f(x) | < A for g(x) > B. 


k=1 


(B:) Let x, \ be any two single elements of k, and k* those remaining. Then 
f(x) = Ofor g(x), > C, (kP = 1,2, --- 5« = 1,2,---). 
Quasi-B conditions. 


) \fx(z)| < @ (all 2), 


k=1 


4NS will abbreviate condition(s) necessary and sufficient that. Throughout the paper 
it will be demanded of every transformation that F ¢« E. 

5 U — V [or U, W, --- — V] means each element of class U [or U + W + --- } be trans- 
formed into some element of class V. 

6 Quasi-B conditions, in contradistinction to B conditions (C;) and (C,) below. 
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(c,) > Ife(z)| < A for g(z) > B, 
p> \fx(x) | < A(z’) for g\(z') > B(z’) (all x”). 


(C2) Let x, \ be any two single elements of k, and k* those remaining. Then 
fi(x) = Ofor \ > C,(2) (all x), ) 
Si(x) = O for g(x), A > C,, (ke = 1,2,--- 5e£ = 1,2,---). 
f(x) = 0 for g'(2'), > C,(2*) (all x”) 


C conditions. 


(D,) lim Si (x) = a (k = i. 2, . ) 
g(z)--2 

(Dz) lim > fx (x) = Ly (k* = 1, 2, . ) 

(Ds) lim > fe(x) = L. 


a(z) 2 k=1 
‘ , . ‘ , 2 
(D,) There exist numbers a, such that, if « is any single element of k, and k 
those remaining, then 


x 


lim DO |f(r) — | = 0 (< = 1,2, ---). 


g(x) k2=1 
(D;) There exist numbers a, such that 


lim _ | fx (x) = a, | = 0. 


g(z) 2 k=1 


CN conditions. 


(D) (D,), with a, = 0 (k = 1,2,---). 

(D2) (D2), with Lis = 0 (ki = 1,2,---). 

(Ds) (D;), with L = 0. 

(D.) (D,), with a, = 0 (k = 1,2,---) 

(Ds) (Ds), with a, = 0 (k = 1,2,.--). 
URC conditions. 

(Ey) alm fila) = a,(z') for g'(z') > D (k = 1,2, ---), 


(Ez) Let « be any single element of k*, and k” (which may in this case be null) 
those remaining. Then 


xz 


lim fi(z) = Ly(z') for g'(z') > E, (hk? = 1,2,--- 3x =1,2,---). 
1 


g2(22) +2 kfle 
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(Es) lim pa Si(z) = Lys(z') for g(x’) > E (k* = 1,2, ---) 
92(z2)-»0 k4=l 

(Es) lim D> fe(x) = L(z') for g(a’) > F. 
92(z2)—-+@ k=1 


(Ef) There exist numbers a,(z') such that, if « is any single element of k, and 
k* those remaining, then 


lim > |f(z) - a,(z')| = 0 for g'(z') > G, (« = 1,2, ---). 


g2(z2)—-+0 ktm] 


(E,) There exist numbers a,(z') such that, if « is any single element of k, and 
k* those remaining, then 


lim > \fe(x) — a(2')| = Oforg'(z') >G (k= 1,2, ---). 


g2(z2)—00 ktm] 


(Es) There exist numbers a;,(z') such that 


lim > | f(x) — a,(2') | = 0 for g'(z') > H. 


g2(2) ce k=l 
URCRN conditions. 
(E,) (E,), with a,(z') = 0 for g'(2') > D (k 
(E?) (Ez), with Lys(z') = 0 for g'(z') > EB, 


ll 
— 
4 
tb 
< 
~ 


(k? = 1, 2, --- ;«=1,2,.---). 


(E2) (Ez), with Lys(z') = Oforg'(z')>E (kh =1,2,--.) 
(E;) (Es), with L(z') = 0 for g\(z’) > PF. 
(ES) (Ef), with a,(z') = 0 for g'(z') > G, 

(eB = 1,2,--- ;e@1,2,---). 
(E,) (E,), with a,(z') = 0 for g'(z') > G (k = 1,2,---). 
(E;) (Es), with a,(z') = 0 for g'(z') > A (k = 1,2,---). 


RC conditions. 


(F;) lim f,(x) = a,(z') for all 2’ (k = 1,2, ---). 
g?(z?) 20 
(F2) lim Sx(x) = Lys(z') for all z' (k* = 1,2, ---). 
g2(z2) +0 k=l 


(Fs) lim D> fe(x) = L(z') for all z’. 


g2(22) +2 k=1 
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+ 1" . 1 . ° . 
(F,;) There exist numbers a;(z°) such that, if x is any single element of k, and 
k* those remaining, then 


lim > |fi(x) — ax(2')| = Oforallz’ (x = 1,2, ---). 
og? (2?) kil 
(F;) There exist numbers a,(z’) such that 


co} 


lim >> |fi(xz) — a,(z")| = 0 for all 2’. 


g? (22) k=1 


RCRN conditions. 


(F;) (F;), with a,(2') = 0 for all 2’ (k = 1,2,---) 

(F.) (F.), with Lys(2') = 0 for all 2’ (k® = 1,2,.-.) 

(Fs) (F;), with L(z') = 0 for all 2’. 

(F.) (F,), with a,(z') = 0 for all z' (& = 1,2,---) 

(Fs) (Fs), with a,(2') = 0 for all 2’ (k = 1,2,---) 
B conditions. 

(C,) . \fx(a)| < A (all x). 


(C2) Let x, \ be any two single elements of k, and k* those remaining. Then 
fi(x) = OforrA > C, (? = 1, 2,--- ;allz;« = 1, 2,.---). 


That each of these conditions implies the corresponding condition in H,» 
[with @mz = fc(aim)] for each S eR, , uw having its proper value, is obvious, 
excepting perhaps (C;) and (C2). Proofs of the fact for these two follow. 

TueoreM. If || f; || satisfies (C,), then || f.(a:m) || satisfies (c;) for each S € R, . 

Proof. Let S¢&;,. Define B(R) = 1 + max [R, B(x*:m’)] over g°(x*:m’) < 
R for all possible dimensions and positions of x’ with respect to 2; B; = B(B;-1) 
fori = 2,3,---,l; B, = B; A = max A(a*:m’) over g°(2":m’) < By, for all 
possible dimensions and positions of z* with respect to z; A = 1 + max >> | fe 

k=l 
(x:m) | over g(z:m) S B,. Let now x:m be an arbitrary element of S. If 
g(x:m) > B, then >> | fi(z:m)| < A. If g(x:m) < B,, then >> | fx(x:m) | 
k=1 k=1 
< A. Inthe remaining case, there exist an i (2 < i < Ll) and conjugate subsets 
z':m' and 2°:m’* of x:m for which g'(z':m') > B; and g°(a*:m’) < B;.. Hence 


> | fr(aim) | < A, 
=1 
TueoreM. [If || f; || satisfies (C2), then || fx(a:m) || satisfies (c2) for each S eR: . 
Proof. Let Se; , fix upon particular positions for x, \, and let the value 
of x be fixed. Define C,(R) = 1 + max [R, C,(2*:m’)] over g°(x":m’) < R for 
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all possible dimensions and positions of x° with respect to 2; Cx; CAC. s—-1) 
fori = 2,3, ---,1;Ca = C.;C,2 max C,(2° :m’) over g°(x*: :m®) S Cxa-1 for 
all possible nian and positions of z* with respect to x; C, = max C,(x:m) 


IA Ill 


over g(x:m) S Ca.» Let now x:m be an arbitrary element of S . Ifg(x:m) > 
C,, then fi(xz) = Oford > C, (kh = 1,2,---). If g(aim) S Cy, then f(z) = 
Ofor\ > C, (k = 1,2, --- ). Inthe remaining case, there exist an i (2 < i < 1) 


and conjugate subsets 2':m’ and 2x°:m’* of x:m for which g'(a':m') > C,; and 
g'(x°:m’) S Cyi-1. Hence fi(x:m) = 0 ford > C, (k’ = 1, 2, --- ). 

Conversely, given any particular condition from pp. 35-37 of H;.2 , its appli- 
cation to || @mz ||, Where dmx = f.(x:m), for each S € R; implies the correspond- 
ing condition on || f; || from the present set [excluding (C,) and (C,)]; and the 
application of (c,) [or (c2)] from Hy,» to || f.(x:m) || for each S € KR: implies 
(C,) [or (Cs), respectively]. Certain typic al proofs will now be given. 

TueoremM. [If || fi(x:m) || satisfies (a:) for each S € R;, then || f, || satisfies (A;). 

Proof. Each z is an element of some © ¢ &; 

TueoreM. [f |! f.(x:m) || satisfies (bi) for each & SeR,, then || fy || satisfies 
(B,). 

Proof. By denial of the conclusion, there exists a sequence {z;} for which 


lim g(z;) = ~” and ip | f(x) } is unbounded. The associated S belongs to 


R, , but || fe(x:m) || does not satisfy (b;). 
THeoreM. [f || fi(x:m) || satisfies (c:) for each S € R; , then || fi || satisfies (Cy). 
Proof. It suffices to treat the third part only. By denial of the conclusion 
for this part, there exist y* and a sequence {2{} for which lim g'(z}) = @ and, 


with (x’ = z; and 2” = y’), the sequence iD | f((x)) } is unbounded. Now the 
c= 


sequence S’ associated with {x}} belongs to Ri, and y’ is an element of some 
SeRji. Hence Se K,, but || fx(x:m) || does not satisfy (e;). 

TueoreM. If || f.(x:m) || satisfies (d,) for each Se R,, then || fi || satisfies 
(D,). 

Proof. By denial of the conclusion, there exist k and a sequence {2;} for 
which lim g(z;) = © and lim f;(x;) does not exist. The associated S belongs 


to &; , but || f,(x:m) || does not satisfy (d,). 

TueoreM. [If || fi(x:m) || satisfies (dy) for each Se R,, then || fy || satisfies 
(Dy). 

Proof. Let SeR,. Then there exist numbers a,(S) such that 


xm 


lim -> | fx(x:m) — a,(S)| = 0 (« = 1,2, -.--). 


By denial of the conclusion of the theorem, then, for some x and {%;} for which 
lim g(%;) = ~*~, with (x = 7), it is not true that 


oe 


lim Zz | fay (%) sad ac)(S) | = 0. 
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Let {2,;} be the sequence with which © is associated, and |Z;} the sequence ob- 
tained by alternating the elements of {2z;{ and {%;{. The associated S belongs 
to R,, but || f,(%::m) || does not satisfy (d,). 
Tureorem. If || f,(x:m) |! satisfies (e:) for each S € R, , then || fi || satisfies (Fi). 
Proof. By denial of the conclusion, there exist sequences fai} and {k;} and 
a set of sequences {,r7} for which lim g'(z}) = % and lim g(iz3) = » (i = 
1 7 


1,2, ---), such that, with (2’ = z} and 2” = ,v°), fori = 1,2,---, lim fi;((x)) 


does not exist. Let the sequence |2;} be so constructed of the elements of the 
2 : 2/2 : 1 1 2 2 . 
sequences {,x;} that lim g°(z;) = ~ and, with [r = 2; and x = gj], fori = 
, 


° ° ° 7 ~~ 1 ~—2 ° 
1, 2,---, lim fy, ({z]) fails to exist. Now the sequences S and & associated 


? 
with {z!} and {2°}, respectively, belong to &} and &j, respectively, so that S be- 
longs to ®;. But || f,(x:m) || does not satisfy (e:). 
Tueorem. If || f,(x:m) || satisfies (e?) for each S € Ry, then || fx || satisfies 
(Et). 
Proof. Part I. Let SeS§ 
that, with (2° = 2°:m’), 


~ 


2 
1 


I . 1, =2 
Then there exist numbers a,(x; S°) such 


lim p> | fi((x)) — ax(z'; S*) | = 0 

m*t—-o kt=l1 

for g'(z') > Gi (x = 1, 2,---). For otherwise there exist x and a sequence 
{2} for which lim g(x) = « such that, with [z' = z} and 2° = z’:m’] and 
(x = 2), there exist, for i = 1, 2, --- , no numbers ag) (zj; S*) for which 


lim 2 | far(lzl) — aa(xi; S)| = 0, 
so that, if S' is associated with {x} and hence belongs to 8}, || fe(a:m) || does 
not satisfy (e?). 
Part Il. By denial of the conclusion of the theorem, there exist p and a 
sequence {Z;} and a set of sequences {;@;} for which lim g(x!) = ~ and lim 


7 
9 (t;) = © (i = 1,2, ---) such that, with (c' = # and 2° = ,#) and (x = p), 
fori = 1, 2, --- , it is not true that 


ca 


lim 2D | Sar((2)) — aw(#t; S')| = 0. 


Let the sequence {27} be so constructed of the elements of the sequences { :#;} 
that lim (#3) = « and, with [z' = #} and 2’ = #), for i = 1,2, ---, it is not 
i 


true that 


na 


lim z lfa([z) - ac (Fi; S*) | 
-j en 


I 
S 
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Let {z;} be the sequence with which © is associated, and {23} the sequence 

obtained by alternating the elements of {25} and {#;}. The associated S* 
belongs to Rj, but does not satisfy the conclusion of Part I. 

Tueorem. If || f,(x:m) || satisfies (e:) for each S € Rs , then || fx || satisfies (C,). 

Proof. By denial of the conclusion, there exists a sequence {z;} for which 


iz | Si (x:) } is unbounded. The associated S belongs to R2, but || fx(x:m) || 
k=1 


does not satisfy (c:). 
Tueorem. If || f;,(x:m) || satisfies (co) for each S € Rs , then || fx || satisfies (C2). 
Proof. By denial of the conclusion, for some 7 and sequences {ki}, {2;}, 
and {A,} with lim A; = &, with (x = 7, = \;, andk&* = k*), fori = 1, 2,--- , 


fw (zi) ~ 0. The associated S belongs to R., but || fi(x:m) || does not 
satisfy (ce). 


5. Tabulation of results. In view of the remarks in the last paragraph of §3, 
NS U — V can be derived immediately from H, 2 for each U of the 16 classes of 
sequences named in H, , and each V of the 21 classes of functionals named here,’ 
in the following way. If V does not explicitly involve boundedness, the condi- 
tions are simply those labeled by the capitals of the letters labeling the conditions 
for the corresponding sequence class-to-sequence class transformation treated 
in Hi2. If V = B, the conditions are either (C,) or (C,) and (C2), according 
as (c:) or (¢;) and (ce), respectively, are necessary and sufficient for the cor- 
responding transformation to bounded sequences. If V # B but explicitly 
involves boundedness, the conditions are those for the transformation for the 
corresponding V which does not involve boundedness, plus the conditions for 
V = B. 

Since the results for the various transformations were not explicitly stated 
in H,», and since the present results are of large generality, the condensed 
tabulation which follows seems warranted. 

E transformations. 

1. NS (B, BC, BCN, BURC, BURCN, BURCRN, RC, RCN, RCURN, 
RCRN) — E is (A)). 

2. NS (UB, C, CN, URC, URCN, URCRN) — E are (A;) and (Ag). 

UB transformations. 

3. NS (B, BC, BCN, BURC, BURCN, BURCRN, RC, RCN, RCURN, 
RCRN) — UB are (A;) and (B,). 

4. NS (UB, C, CN, URC, URCN, URCRN) — UB are (A)), (A2), (B:), and 
(Bz). 

C transformations. 

5. NS RCRN — C are (A;), (B,), and (D,). 

6. NS (RCN, RCURN) — C are (A;), (B;), (D1), and (D2). 

7. NS RC — C are (A)), (B:), (D,), (De), and (Ds). 


7 That is, with existence of F(z) for each z demanded. 
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8. NS (BCN, BURCN, BURCRN) — C are (A,), (B:), and (D4). 

9. NS (BC, BURC) — C are (A), (B:), (D3), and (Dx). 

10. NS B — C are (A,), (B;), and (Ds). 

11. NS (CN, URCN, URCRN) — C are (Aj), (A), (Bi), (Be), and (D,). 

12. NS (C, URC) — C are (Aj), (Az), (Bi), (Be), (D1), and (Ds). 

13. NS UB — C are (Aj), (Ag), (B:), (Bz), and (Ds). 

For CN transformations, replace in the above set each C condition by the 
corresponding CN condition. (Here, in altering 10 and 13, (B,) can be omitted.) 

URC transformations. 

14. NS RCRN — URC are (A)), (B:), (D,), and (E)). 

15. NS RCURN — URC are (A), (Bi), (D,), (D2), (E;), and (E?). 

16. NS RCN — URC are (A;), (B:), (D1), (De), (E1), and (Ee). 

17. NS RC — URC are (A)), (B:), (Di), (De), (Ds), (E1), (Ee), and (Es). 

18. NS BURCRN — URC are (A,), (B:), (D4), (E;), and (Ef). 

19. NS BURCN — URC are (A)), (B;), (D4), (E:), (Ez), and (EP). 

20. NS BURC — URC are (A)), (B:), (Ds), (Ds), (E:), (E2), (Es), and (Ef). 

21. NS BCN — URC are (A,), (B;), (D,), and (E,). 

22. NS BC — URC are (A,), (B:), (Ds), (D4), (Es), and (Ey). 

23. NS B — URC are (A,), (B:), (Ds), and (E;). 

24. NS URCRN — URC are (A)), (Ae), (Bi), (Be), (D1), and (E)). 

25. NS URCN — URC are (Aj), (Ae), (B1), (Be), (Di), (1), and (Ee). 

26. NS URC — URC are (Aj), (Az), (B:), (Be), (D1), (Ds), (E:), (Ez), and (Es). 

27. NS CN — URC are (A)), (Ag), (Bi), (Bz), (D1), and (E,). 

28. NS C — URC are (A)), (Az), (Bi), (Bz), (D1), (Ds), (Es), and (Es). 

29. NS UB — URC are (A,), (Ae), (B:), (Be), (Ds), and (Es). 

For URCN transformations, replace in the above set each C condition by the 
corresponding CN condition. (Here, in altering 23 and 29, (B,) can be omitted.) 
For URCRN transformations, replace in the above set each URC condition by 
the corresponding URCRN condition. (Here, in altering 18, 19, and 20, (E) 
can be left unchanged; and in altering 23 and 29, (B,) can be omitted.) 

RC transformations. 

Since (C,) > (A;) and (C2) > (Ag), (Ai) and (Ag) are omitted. 

30. NS RCRN — RC are (C)), (D;), and (F)). 

31. NS (RCN, RCURN) — RC are (C)), (D;), (De), (Fi), and (F»). 

32. NS RC — RC are (C,), (D:), (De), (Ds), (Fi), (F2), and (Fs). 

33. NS (BCN, BURCN, BURCRN) — RC are (C,), (D,), and (F,). 

34. NS (BC, BURC) — RC are (C,), (Ds), (D,), (Fs), and (Fs). 

35. NS B — RC are (C)), (Ds), and (Fs). 

36. NS (CN, URCN, URCRN) — RC are (C;), (C2), (D,), and (F)). 

37. NS (C, URC) — RC are (C,), (C2), (D,), (Ds), (Fi), and (Fs). 

38. NS UB — RC are (C,), (C2), (Ds), and (Fs). 

For RCN transformations, replace in the above set each C condition by the 
corresponding CN condition. For RCRN transformations, replace in the above 
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set each RC condition by the corresponding RCRN condition. (Here, in 
altering 38, (C,) can be replaced by (A;).) 

RCURN transformations. (See remark at head of preceding list.) 

39. NS RCRN — RCURN are (C,), (D,), (Ey), and (F)). 

40. NS RCURN — RCURN are (C;), (D,), (Dz), (E:), (E2), (Fi), and (F:). 

41. NS RCN — RCURN are (C,), (D,), (D2), (E,), (Es), (F:), and (F2). 

42. NS RC — RCURN are (C,), (Dy), (Dz), (Ds), (E:), (E2), (Es), (Fi), (Fs), 
and (F3). 

43. NS (BCN, BURCN, BURCRN) — RCURN are (C,), (D,), (E,), and 
(F,). 

44. NS (BC, BURC) — RCURN are (C,), (Ds), (D,), (E,), (Bs), (Fs), and 
(Fx). 

45. NS B — RCURN are (C)), (Ds), (E;), and (F;). 

46. NS(CN, URCN, URCRN) — RCURN are (C,), (C2), (D,), (E,), and (F)). 

47. NS (C, URC) — RCURN are (C,), (C2), (D,), (Ds), (E,), (Es), (F)), and 
(Fs). 

48. NS UB — RCURN are (C;), (C2), (Ds), (E,), and (F5). 

B transformations. 

Since (C,) D (A,) and (C.) D (Ag), (Ay) and (Ag) are omitted. 

49. NS (B, BC, BCN, BURC, BURCN, BURCRN, RC, RCN, RCURN, 
RCRN) — B is (C)). 

50. NS (UB, C, CN, URC, URCN, URCRN) — B are (C,) and (C,). 

It is now possible to obtain NS U — V for each U of the 16 classes of sequences 
and each V of the set of classes BC, BCN, BURC, BURCN, BURCRN, BRC, 
BRCN, BRCURN, and BRCRN. To do this, simply add to the set of condi- 
tions for the corresponding transformation which does not involve bounded- 
ness, the condition or conditions from 49 or 50, as the nature of U requires. 

Since (C,) D> (C1) > (Bi), (C2) > (C2) D (Be), (Ci) D (Ad), and (C2) D (Aa), 
this process reduces merely to replacing, whenever they occur, (A;) and (B,) 
together, or (C;), by (C,); and (Ag) and (Be) together, or (C2), by (C2). Certain 
of the resulting sets of conditions can be somewhat condensed. Thus (pp. 55- 
57 of H, 2): 

NS (CN, URCN, URCRN) — BURC are (C,), (C2), (D;), and (E;). 

NS (C, URC) — BURC are (Ci), (C2), (D,), (Ds), (E:), and (Es). 

NS (CN, URCN, URCRN) — BURCN are (C,), (C:), (D,), and (E;). 

NS (C, URC) — BURCN are (C,), (G2), (D,), (Ds), (Ex), and (Es). 

NS (CN, URCN, URCRN) — BURCRN are (C,), (C2), (D,), and (F,). 

NS (C, URC) — BURCRN are (C,), (G2), (Dy), (Ds), (E,), and (B;). 

The forms of the principal limits and of the row limits in all cases in which 
these exist can be read out of Hy,» (e.g., p. 47, (7.1), etc.), if r’ is therein replaced 
by z' wherever r' appears, and functional, rather than subscript, notation is 
used. (Thus, replace a,1, by a;(z’).) This conclusion can be reached through 
the following considerations. If F(z) isc, let Ge R;. Then o = lim F(xr:m). 


mo 
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And if z' is such that lim F(z) exists, let S° « Rj and let 2’ = 2':r' for some 


92 (22) +0 


S'e Ri andsomer’. Then Se R,, and, with (m' =r’), o(2') = lim f(x:(m)) = 
m2—20 


o;1 for this S. 


6. Regularity conditions. Whenever conditions on || f, || NS U — V, 
where U and V involve convergence, are such that ¢ = s, this transformation 
will be called regular. Regularity conditions have been obtained above, inci- 
dentally, for each U’ which involves null convergence. The classes of type U 
to be yet considered are, then, RC, BURC, BC, URC, and C; those of class V 
are C, URC, RC, BC, BURC, and BRC. There have been derived above the 


30 sets of conditions: 
(1) NS RC—C, NS BURC —C, .--- ; 
NS RC — URC, NS BURC — URC, - -- ; ete. 


A condition necessary for regularity is that the limit be preserved for null se- 
quences. Hence to the conditions (1) must be added, respectively, NS RCN — 
CN, NS BURCN — CN, --- ; NS RCN — URCN, --- ; ete. 

Now by definition (D,) > (D,), (Dez) > (Dz), and (Dy) D (Dy). Examina- 
tion of the relevant conditions now shows that* NS RC — C reg null, NS BURC 
— C reg null, --- ; NS RC — URC reg null, --- ; ete., are simply the sets of 
conditions (1), respectively, with (D,), (De), and (Ds), whenever they occur, 
replaced by (D,), (Ds), and (D,), respectively. Under the so-revised sets of 
conditions, the form of the principal limit of F(x) is seen in each case to be 
o = L-s. Hence, finally, if there is introduced the 

Regularity condition. 


(D;) lim 2 fiz) = 1, 

g(z)70 k=1 
then? NS RC — C reg, NS BURC — C reg, --- ; NS RC > URC reg, -- - ; ete., 
are the sets of conditions (1), respectively, with (D,), (Dz), (Ds), and (Ds), 
whenever they occur, replaced by (D,), (D2), (D3), and (D,), respectively. 


7. Applications. It will have been noticed that the sets €” and the set- 
sequences {@{”} for which the theorems of this paper hold are very general. 
Upon the nature of these things, and upon them alone, depend the definitions 
of the various classes of functionals, UB, C, ete., and the conclusions expressed 
by the several theorems. Various specializations suggest themselves in obvious 
ways, among them, that, for v = 1, 2, --- ,1, €” be the points of a metric 
space and g”’ a distance function defined with respect to some fixed point. 


8 Reg null means with preservation of the limit for null sequences. 
® Reg means regularly, that is, so that the transformation be regular. 
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However, a set &” = &°*” ( = 1, 2,--- ,1 — 1) for which metric ideas are 
non-essential (see the end of §2) reduces the present definitions and theorems 
to those of H, 2 ; and applications to Euclidean spaces will be sufficiently sug- 
gestive of general metric applications. Definitions of €”’, &!’’, and g”’ appro- 
priate to a few typical applications will now be given. 

I. Transformations from sequence to sequence. Such definitions have already 
been made at the end of §2. Attention may be called to the facts that under 
this specialization (C,) and (C2) reduce to (C;) and (C.), respectively; and BRC, 
BRCN, BRCURN, and BRCRN identify themselves, respectively, with RC, 
RCN, RCURN, and RCRN. 

II. Transformations from sequence to function over a Euclidean space. Here, 
for vy = 1,2, --- ,l, €” can be taken to be the points of a Euclidean space of 4, 
dimensions, &{” the subsets for which | 2” | = j — 1 (j = 1, 2,---), and 
g(x”) oo” Geach a” 

What perhaps seems to be the most direct extension of the sequence-to- 
sequence transformation is provided by the following specialization. Let, for 
vy = 1,2,---,l, ©” be the set of non-negative real numbers, &:” the subsets 
for which «” >j — 1(j = 1,2,--- ), andg” (2) = 2” for each x” 

If it is desired to treat of the behavior of F(x) at a point P of some Euclidean 
space, a situation of somewhat the following sort is suggested. Let, for vy = 
1, 2, --- ,l, ©” be the points of a Euclidean space of q, dimensions, excluding 
some one point, x)”; &}” the subsets for which | 2’ — xj” | < 1/j (j = 2,3, ---); 
and g”'(z) = 1/|2 — xj” |. 

Since the sets ©” are mutually independent, the number of specializations 
which might be of interest is large. 

Finally, consider in detail a very particular specialization for two transforma- 
tions. Let it be required to state NS F(t) = pe fi(t)s;; exist for each ¢ in 

i,j=l 
(0, ©) and converge, as ¢ tends to infinity, to lim s;; , whenever this limit exists, 
i,j 
(i) provided that {s,;;} is bounded and (ii) in general. The transformations 
involved are (i) BC — C reg and (ii) C > C reg. Here 1 = 1, &” is the set 
of non-negative real numbers x = t, &}” can be taken to be the sets for which 
t >j—1(j = 1,2,--- ), and g(t) can be defined to be equal to ¢ for each t. 
Hence the relevant theorems become: 
(i) NS BC > C reg are: 


oe 


(Ay) DX |fil| < « (0 <t< =); 
(B,) > \fau(t) | < A fort > B; 
(Dt) lim 3 fx(t) = 1; 
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lim > | f(t) | = 0 Gj _ 1, 2, s+), 
(D,) bajo 
lim 2 |fa(t)| = 0 (i = 1,2, ...), 
(ii) NSC > C reg are: 
(Ay) D ifl0| < « 0 <t<«); 
(As) fiu(t) = 0 for i > C(t) (OSt<wo;j=1,2...), 
: fault) = 0 for j > Cit) (0 St< ;i=1,2,...); 
(B,) x \fa(t)| < A fort > B; 
(B:) fil) = 0 for t,i > C; (j = 1,2,...), 
’ fult) = Ofor t,j > C; (@ = 1,2,...); 
(D,) lim fit) = 0 (i,j = 1,2,--.); 
(D3) lim D full) = 1. 


Pomona CouLecE, 














SUMS OF n-TH POWERS IN FIELDS OF PRIME CHARACTERISTIC 
By Leonarp TORNHEIM 


A consequence of Waring’s theorem on the representation of integers as sums 
of n-th powers is that every positive rational number is expressible as a finite 
number of n-th powers, the number required being less than a constant de- 
pending upon n. In the present paper we obtain similar theorems for fields 
of prime characteristic. The results tell which quantities are expressible as 
sums of n-th powers and how many n-th powers are needed. 

Let F be a field of characteristic p, G the multiplicative group of non-zero 
elements, H the subgroup of all n-th powers, L the set of all elements expressible 
as sums of n-th powers, and K the set of all non-zero elements of L. We first 
prove 

Lemma l. The set L is a field. 


Evidently L is closed under addition and multiplication. If z = >> 2? ¥ 0, 
i=1 
then —t = 2+4+.---+ 2 = (p — 1)z and 1/2 = [(1/z)"Jz™". ThusLisa 
subfield of F and K is a subgroup of G containing H. 
An example of a field for which K = G is the finite field of four elements and 
n = 3. Here K has only the element 1. 
TuHeEorREM 1. Let F be a finite field. Every quantity in F which is expressible 
as a sum of n-th powers is a sum of n n-th powers. 
Let K, be the set of all non-zero elements that are sums of r n-th powers; 
e.g., H = K,. There exists a first subscript ¢ for which K, = K, Ki < K. 
t t—1 
Let c = D0 2} be in K;, but not in Ki,. Then 2’ = 2) 2} is in Ki but 
i=l i=1 


not in K;_» ; otherwise x = x’ + x? would be in K,,. Hence Ki. < Ki. 
t—s 

The argument is repeated for each 2 = > sf (e = 2, .-- ,t — 1) to prove 
i=1 

that Ki < Ke <--- < Ky. 


If an element y = > y? is in K,, the coset determined by y is in K,, since 


i=l 
every element of the coset has the form z"y = >» (zy:)". It follows that 
t=1 


each K,, containing an element not in K,_,, contains a coset not in K,.. 
Hence ¢ < d, where d is the index of H in K. Since K = K,, every element 
expressible as a sum of n-th powers is a sum of tf < d n-th powers. 

It remains to prove that d < n. Denote the index of H in G by m; then 
d <= m,sinceK <= G. The index m is equal to the number of distinct quantities 
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of G whose n-th powers are equal, for example, to 1. If z is such a quantity, 
x" — 1=0. The number of such quantities is equal to the number of roots 
of this equation of degree n. Hence n 2 m 2 d. 

The prime field P of a field F is the field generated by the unity element 1. 
When F has characteristic p, P consists of 0,1, --- ,p — 1. 

THEOREM 2. Every quantity in an arbitrary field F of characteristic p > n 
is a sum of n(n + 1) n-th powers. 

Consider the system 


tna (Tart ge (r= 1,---,8— 1) 
as aset of n — 1 linear equations in the n — 1 unknowns a", a”, ---, a. 
The determinant of the coefficients is D = (") (3) see (, - 1)’, where 
1 1" ae ys 
ws 2 2 eae et ' 
n—1 (n—1) «--- (n—1)"" 


and D’ and the binomial coefficients are, except for sign, products and quotients 
of non-zero integers less than or equal to n < p. Thus D is in the prime field 
P and D # 0. Applying Cramer’s method to solve the linear system for a, 
we get a = D,/D, where D, is a linear homogeneous polynomial in the n + 1 
quantities a”, 1", (a + r)" (r = 1, --- ,m — 1) with coefficients in P. Now 
each quantity in P is, by Theorem 1, a sum of at most n n-th powers. Hence a 
is a sum of n(n + 1) n-th powers. 

The argument used for Theorem 2 can be modified to give a proof of 

THEOREM 3. Every quantity in an arbitrary field of infinite characteristic is a 
sum of n-th powers for n odd and also, if —1 is a sum of n-th powers, for n even. 
The number required is at most g,Un(n + 1), where g, is the number of n-th powers 
needed to express any positive integer (the Waring constant) and u, is the number 
of n-th powers in the expression of —1. 

We next prove 

Turorem 4. Let n = p’ — 1. Every element in an arbitrary field F of char- 
acteristic p with more than n + 1 elements is a sum of n-th powers. 

The quantity w = a” — (a + 1)", where a is an arbitrary quantity of F, 
isinL. Ifw#0,a= (a" —1)/w—1lisinL. Ifw=0,thena = 1/(y — 1), 
where y ~ 1 is a root of x" = 1. Hence there are at most n — 1 quantities 
in G that are not in K. 

If F is finite, K has p° — 1 elements and G has p“ — 1. By the preceding 
paragraph, (p“® — 1) — (p’ — 1) Sn —1 = p’ — 2, orp“ S p' + p’ -2. 
If f < e, then p“® < 2p',c = 1,and K = G. If f > e, then p™ < 2p’ — 2, 
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ce < f, p’ < p’ = n+ 1. But F has more than n + 1 elements. Conse- 
quently the theorem is true for F finite. 

If F is infinite, then K is infinite, the elements not in K being at most n — 1 
in number. An element not in K determines a coset K’ of G/K consisting 
of elements not in K equal in number to those in K. Since there are only a 
finite number of quantities in G not in K, no such coset K’ exists. Hence 
K =G. 

Coro.tuary 1. Every element in an infinite field of characteristic p is a sum 
of n-th powers if p does not divide n. 

In the theorem take n; = p”™ — 1, where m = ¢(n), ¢ being the Euler ¢-func- 
tion. Then n divides n,. Every element, being a sum of n-th powers, is 
surely a sum of n-th powers. 

In a perfect field of characteristic p every element has a p-th root. 

CoroLuary 2. There is only a finite number of perfect fields of finite char- 
acteristic for which not every element is a sum of n-th powers. 

Let n = p‘q, where p is a prime not dividing g. Let n, = p” — 1, where 
m = $(q); thus q divides mn, and n S n" — 1. If F, of characteristic p, has 
more than n + 1 elements, every element of F is a sum of g-th powers, and 
since every element of F is a p-th power, every element is a sum of n-th powers. 
Hence every perfect field of characteristic p with more than n; + 1 elements 
is not an exceptional case, and consequently the same is true of any field of 
finite characteristic with more than n” elements. But there is only a finite 
number of fields with less than n” elements. 

When n is a prime, there is at most one exceptional field. 

THEOREM 5. If q is a prime, there is at most one perfect field of characteristic 
p for which not every element is a sum of q-th powers. Such a field exists if and 
only ifqg=1+p + p%+--- +p”. 

For p = q, every element is a g-th power. For p # q, by Corollary 1 we 
may restrict our attention to finite fields. 

For an exceptional case H is of prime index gin G. Since K # G, K = H. 
If the number of elements in G is p* — 1, then g must divide p’ — 1. The 
set L has p’ elements, f = e/k, k an integer; K has p’ — 1 elements. Thus 


Sk 
— 1 iz 
go Sy ted a+ +™. 


If another exception existed, 


gs 
gq would also equal Tt . Then p’(p” + p*™’ — 1) = p/(p™ + p*” — 1), 


and since k > 1,s > 1, we have f = gands = k. 
fhe 
Conversely, if gq = ae then the finite (Galois) field F = GF(p”) contains 


L' = GF(p’). The non-zero quantities of F form a multiplicative cyclic group G 
containing as subgroup the set K’ of the non-zero quantities of L’. But H 
is a subgroup of G with index q in G since z* — 1 has the ¢ distinct solutions 
1, 2’, 2”, ---,2”", where r = p’ — 1 and zis a generator of G. Now H has 


the same order as K’ and, being subgroups of a cyclic group, they are iden- 
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tical, H = K’. Consequently the smallest field L containing H is L’, and 
K = K' = di. 

By using Theorem 5, the finite fields for which all elements are not sums of 
q-th powers, q being a prime, can be determined. For q < 100 they are given 
below. 
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COMPACT ABELIAN TRANSFORMATION GROUPS 
By Drange MONTGOMERY AND LEO ZIPPIN 


1. Introduction. A topological group G is said to be a transformation group 
of a space FR if to each element g of G there is associated a homeomorphism g(R) 
taking R into itself in such a way that 

(1) the function g(x), g in G, z in R, is continuous simultaneously in g and z; 

(2) if g = gige, then gilge(x)] = g(x) for all x in R. 

It follows from these conditions that to the identity element go of G must 
correspond the identity homeomorphism 


g(x) = =x for all z in R. 
The set of elements g* such that 


g*(xz) = zx for allzin R 


will be a closed invariant subgroup G* and the factor group G = G/G* may be 
defined in a very natural way as a transformation group’ of R. This new trans- 
formation group is such that if g is not the identity, there is some point x for 
which g(x) # x. A transformation group with this property we shall call an 
effective transformation group. We have thus seen that with any transforma- 
tion group there is an associated effective transformation group very closely 
related to the original group. 

A theorem, which is special but which is certainly the most complete of the 
present paper, follows: 

An Abelian connected compact effective transformation group of Euclidean 3-space 
E is isomorphic to the rotation group of a circle. 

From an earlier paper of ours’ it follows that the codrdinates in E can be 
chosen so that G becomes the familiar axial rotation group. Our analysis of 
the non-commutative connected transformation groups of 3-space being incom- 
plete (we have disposed of the non-Abelian generalization of this theorem and 
will publish it shortly), we shall confine ourselves in this paper to a consideration 
of compact Abelian groups, and henceforth use the additive notation. When 
necessary, the group will be assumed to carry an invariant metric.’ 

The first part of this paper is concerned with some general theorems, only in 


Received December 27, 1937. 

1If g — g, then g(x) = g(z). 

2 Periodic one-parameter groups in three-space, Transactions of Am. Math. Soc., vol. 
40(1936), p. 24. 

3 See D. van Dantzig, Zur topologischen Algebra, Math. Annalen, vol. 107(1933), espe- 
cially pp. 615-616. 
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part preparatory to our final theorem, where the space R is understood to be a 
metric space and in some cases a Euclidean or locally Euclidean n-space. 


2. Preliminary lemmas. 

Lemma 1. Let the group H be the image of the compact Abelian group G under 
a continuous homomorphism by means of which the component of zero in G goes 
into the zero of H. Then H must be zero-dimensional. 

If the component of zero in G is the kernel of the homomorphism, the lemma 
is known to be true.* This, together with the fact that a factor group of a 
zero-dimensional group is zero-dimensional, is sufficient to complete the proof. 

Lemma 2. Let the connected group H be the image of G under a continuous 
homomorphism f. Then the component of zero in G goes into all of H. 

Let G* be the component of zero in G. The difference group H — f(G*) is 
connected. Now G can be mapped into H — f(G*) by a continuous homo- 
morphism under which G* goes into zero. Hence by Lemma 1, H — f(G*) is 
zero-dimensional. It must therefore be the identity group, and we conclude 
that f(G@*) = H. 

Let G; (¢ = 1, --- ,n) be a finite collection of closed subgroups of a com- 
pact group G. Let G! be the smallest closed subgroup including the subgroups 
G,,-+:,Gin, Gir,---,G,. The original set of subgroups is said to be 
independent if no G; includes G; . 

Remark. We note that the smallest subgroup containing a certain set of 
subgroups goes by a homomorphism of the whole group into the smallest sub- 
group containing the images of the subgroups of the set. 

Lemma 3. Let G,, --- ,G, be closed subgroups of a compact group G and let f 
be a continuous homomorphism taking G into F in such a way that f{(G,), --- , f(Gan) 
are independent in F. Then there is an e such that if h is a continuous homo- 
morphism of G into a group H and G" is in S(G’, e),” then h(G,), --- , h(G,) are 
independent. 

We assume that G has an invariant metric. Since f(G,), --- , f(@,) are inde- 
pendent, the groups G,, --- ,@, are independent. Let H,(G’) be the set of 
elements of G which are in some coset (with respect to G’) intersecting G} . 
There is a positive number r such that every G; contains a point whose dis- 
tance from H;(G’) is at least r. Now if e = 4r, then H,(G’) is in S[H,(G@’), 3r] 
and this choice will serve in the lemma. 

An interesting special case of the above may be obtained by letting f be the 
identity transformation. 

Lemma 4. If a toral group has at least n connected closed independent sub- 
groups, the group is at least n-dimensional. 

The proof is left for the reader, a toral group being, by definition, the direct 
product of a finite number of circle groups. 


4 See, for example, van Kampen, Almost periodic functions and compact groups, Annals 
of Math., (2), vol. 37(1936), pp. 78-91. 

5 This denotes all elements of G whose distance from G/ is less than e. The sets Gf and 
G* are the kernels of the homomorphisms f and g. 
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Lemma 5. A compact connected group G is at least n-dimensional if and only 
if it contains n independent compact connected subgroups. 

The necessity will be shown first. Assume that G is a compact group which 
is at least n-dimensional. Then G contains a compact subgroup G* such that 
G — G* is a toral group containing at least n circular summands. These are 
independent subgroups of G — G*. Let f be the continuous homomorphism 
taking G into G — G*. For each i let F; = f-'(K,). By a previous remark 
the compact groups F; (¢ = 1, --- , n) are independent inG. Let G; be the com- 
ponent of the identity of F;. Then by Lemma 2 the groups G; (¢ = 1, --- , n) 
are independent. 

We turn now to the sufficiency of the condition. Let G be a group and 
G; (¢ = 1, --- , mn) the set of independent compact connected subgroups. The 
group G contains a subgroup G* such that G — G* is toral. If G* is chosen 
sufficiently small, the groups G,, --- , G, go (by Lemma 3) into an independent 
set of connected subgroups of the torus. Hence the torus is at least n-dimen- 
sional and it follows that G must be at least n-dimensional. 


3. Points on orbits of dimension at least k. 

THEOREM 1. Let G be a connected compact transformation group of a metric 
space R. Let K be all points of R whose orbits are at least k-dimensional. Then 
K is an open set. 

Let p be any point of K and let G, for a variable point z in R denote the 
subgroup of G leaving the point zx fixed. If a positive e is given, a d may be 
chosen so that, if d(p, x) < d, then G, C S(G,,¢). Since G — G, is at least 
k-dimensional, it contains k independent connected subgroups and these must 
be the images of certain connected independent groups G,, --- ,G, in G. 
Hence for an e satisfying the conditions of Lemma 3 and for the corresponding d, 
we see that x is in K provided d(z, p) < d. 


4. Theorems on local connectedness. 

THEOREM 2. Let G be any compact group acting on a locally Euclidean n-space 
E. Let K be an (n — 1)-cell imbedded in E and let C be the component of G(K) 
containing K. Then the set H of elements h such that h(K) Cc C is an open and 
closed subgroup of G. 

The proof will be given for the case where E is Euclidean n-space. We 
verify first that H is a group. Suppose A,(K) Cc C and Ao(K) C C. Now 
h,(K) and K arein C. Therefore (he + h;)(K) and he(K) are in the same com- 
ponent of G(K), and this component is C. It follows that he + A, is in H. 
Furthermore, since h;(K) and K are in C, it is also true that K and —h,(K) 
are in the same component of G(K), and thus —A, is in H. 

H is closed because C is. We shall prove that H is open. Because H is a 
group, it will be sufficient to prove that the zero element of G is an inner point 
of H. Let K* be the boundary of K. Let U be a neighborhood of zero in G 
so small that U'(K*) does not separate U(K) from infinity. Let a,b; be an are 
drawn from E — U(K) to U(K) — U(K*) so that its only point in U(K) is b; . 
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There is an element g such that g(b;) isin K. The arc ab = g(a,b;) is entirely 
in EF — U(K) except for its endpoint b, which isin K. Now for all sufficiently 
small g, K + ab and g(K) or K and g(K + ab) must intersect. This is im- 
possible unless K and g(K) intersect. It is clear that very little modification 
in the proof is needed to reach the same conclusion for locally Euclidean spaces. 

Corouuary 1. Let G be any compact group acting on E and let K be an (n — 1)- 
cell imbedded in E. Then G(K) has a finite number of components. 

This is true because G — A is a finite group. 

THEeoREM 3. Let G be any connected compact group acting on a locally Euclidean 
n-space E and let K be an (n — 1)-cell in E. Then G(K) has property’ S, and 
is therefore locally connected. 

Let G* be a small subgroup of G such that G — G* isa toral group. We may 
express K as the sum of a finite number of arbitrarily smali (n — 1)-cells K; 
so that by the preceding corollary G*(K;) consists of a finite number of small 
components. Since G — G* may be divided into a finite number of small 
connected sets, the lemma follows. 

Corotiary 2. If a connected compact group acts on a locally Euclidean n-space 
E, any (n — 1)-dimensional orbit is an (n — 1)-torus. 

This is true because any orbit is homomorphic to a compact group manifold 
and a connected locally connected compact (n — 1)-dimensional group is an 
(n — 1)-dimensional torus. 

TueoreM 4. If G is a zero-dimensional group acting on a connected locally 
Euclidean n-space E in such a way that every point has a finite orbit, there is an 
open and closed subgroup of G leaving every point of E fixed. 


Let Vi, Ve, V3, --- be a sequence of open and closed subgroups of G shrink- 
ing down to zero. Let E, be the set of all points of E which are fixed under 
every element of V,. By our hypothesis E = EF, + E, + .---. Since the 


E,,’s are closed, some one of them, say Z; , must contain an inner point. Let O 
be an open subset of EZ; , and let g be any element of V;. The transformation 
g which operates on E is pointwise periodic and is therefore periodic.’ Since 
it leaves every point of O fixed, it leaves every point of the space fixed.» Because 
g is an arbitrary element of V;, the proof is complete. 


5. Non-existence of (n — 1)-dimensional orbits in n-space. For any point a 
the set G(a), which will sometimes be denoted by O,, is called the orbit of a. 

TueoremM 5. If a connected compact k-dimensional group G acts on Euclidean 
n-space E (n > 2), no orbit can be (n — 1)-dimensional. 


6 A set is said to have property S if it can be expressed as the sum of a finite number 
of arbitrarily small closed and connected sets. See W. Sierpinski, Sur une condition pour 
qu'un continu soit une courbe jordanienne, Fundamenta Mathematicae, vol. 1(1920), pp. 
44-60. 

7D. Montgomery, Pointwise periodic homeomorphisms, American Journal of Mathe- 
matics, vol. 59(1937), p. 118. 

8 M. H. A. Newman, A theorem on periodic transformations of spaces, Quarterly Journal 
of Mathematics, (2), vo!. 2(1931), p. 1. 
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Assume that an (m — 1)-dimensional orbit O, exists. Let C be the compo- 
nent containing O, in the set of points on (nm — 1)-dimensional orbits. By 
Theorem 1, C is an open set. Let G be the difference group of G which operates 
effectively on C. Then G can contain no infinite zero-dimensional subgroups G*. 
For the orbit G*(x), with z in C, can be regarded as a group which is a “sub- 
group” of the orbit G(x) regarded as a group. Since G(x) is toral, G*(x) is 
finite for all x of C, and hence by Theorem 4 G* is finite. 

It is known that a group which contains no infinite zero-dimensional group 
is a finite toral group.’ We therefore have a toral group H of finite dimension 
k acting on a locally Euclidean space C. 

Because O, is (n — 1)-dimensional there must be subgroup H* of H which 
leaves a fixed and whose dimension is k — (n — 1). Let H** be the component 
of the identity of H*. The group H** being a connected subgroup of a toral 
group is toral. Since the periodic elements of a toral group are everywhere 
dense, we may apply Newman’s theorem to conclude that every point of C is 
fixed under H**. Therefore we may define the action of the group H — H**, 
which will be denoted by T’, on C. Thus we may consider the set C as being 
acted on by the (nm — 1)-dimensional toral group 7’. Let 7T'* be the subgroup 
of T’ leaving any point x of C fixed. The group 7'* must be zero-dimensional 
and therefore finite. Hence, since it leaves every point of O, fixed, it must 
leave every point of C fixed. If any other element ¢ of 7" left any point of C 
fixed, it would also leave z fixed by the above argument. Hence any element 
not in 7’* moves every point of C. Now we define the action of T = T’ — 7* 
on C in the customary manner and we have a toral group 7 acting on C in 
such a way that every element of 7 moves every point of C. 

Let x and y be any two points of C such that y is outside O,. (O,, being 
an (n — 1)-dimensional torus, divides E into precisely two domains.) Let ry 
be an are joining z and y and let this are, except for the point zx, be entirely 
outside O,. A deformation of O, into O, may be defined in the following way. 
Let ¢ be any point of ry and let p be any point of O,. There is a unique g in T 
such that g(z) = p. The function f(p, t) = g(t) defines a deformation of O, 
into O,, this deformation taking place in C and outside O,. We see from 
this that O, includes O, . 

We wish to show next that C must include all of E outside O,. Suppose 
that this is not the case and let A be a point in the component of infinity of 
E—C. Let pbea point of O, and let B be a point on the “outside” boundary 
of C. Since C is open, the orbit Og must be less than (n — 1)-dimensional and 
hence can not separate Z. There must exist an are pA joining p and A which, 
except for p, is outside O, and which does not touch O,. Let B,, Be, --- be 
a sequence of points outside 0, in C approaching B. By the preceding para- 
graph the are pA must intersect O,,; for each i. But since Og, approaches Oy , 


® Pontrjagin, The theory of topological commutative groups, Annals of Mathematics, (2), 
vol. 35(1934), especially p. 386. 
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the are must also intersect O,. From this contradiction we conclude that C 
must include all points outside O, . 

We may now obtain a contradiction to our original assumption that O, is 
an (n — 1)-dimensional orbit. We wish to show first that some cycle inside 
O, does not bound inside O,. By the duality theorem there exists a cycle Z, 
in E — O, which does not bound in E — O,. If Z; is inside O, , our task is 
accomplished. If Z,; is outside O,, it links a cycle Z, in O,, and from our 
investigation of the way in which orbits may be deformed, we see that if y is a 
point of C inside O, , then Z; may be deformed inside O, to lie on O,. In any 
case, therefore, there is a cycle Z inside O, which does not bound inside O, . 
The cycle Z must link a cycle Z* in O,. From the way in which O, may be 
deformed it is clear that if y is any point outside O, , then Z* may be deformed 
outside O, to a position in O,. In this position Z* still links Z. Hence as 7 
approaches infinity, O, must always intersect a fixed finite set bounded by Z. 
This is impossible, and the contradiction completes the proof of the theorem. 


6. Zero-dimensional groups in two-dimensional manifolds. In this section 
we shall show that if a zero-dimensional group G acts effectively on a 2-dimen- 
sional manifold, then G must be finite. In view of previous remarks it is clear 
that the theorem might be stated as follows: if G is a zero-dimensional group 
acting on a connected 2-dimensional manifold and if G* is the subgroup of 
elements leaving every point of E fixed, then G — G* is finite, or, what amounts 
to the same thing, G* is open. We sometimes use one formulation and some- 
times the other. 

Lemma 6. If a zero-dimensional group G acts effectively on a simple closed 
curve C, then G is finite. 

Let z be any point of C and y a point of C not in G(x). Let U(z) be an 
open are of C containing z and no point of G(y). We shall see that for every 
point z of U(z), U(z)-G(z) consists of at most two points. For suppose that 
21, 2, and 2; are distinct points of some U(z)-G(z). Then one of these points, 
say Zz: , is separated from every point of G(y) by 2; and z;. Therefore any are 
zy’ of C joining z to a point of G(y) meets z, or 23. 

Now if the orbits of points in C are taken as points of an auxiliary space C*, 
there is an are in C* joining the point G(z) and the point G(y). Therefore, 
there is an arc in C which joins z, to some point of G(y) and which has z only in 
common with G(z). This contradiction shows that U(z)-G(z) contains at most 
two points. It follows at once by an application of the Heine-Borel theorem 
that in every G(z) there are at most 2N points, where N is the finite number 
of open sets U(z) covering C. We now apply Theorem 4.” 

TuHeEoreM 6. If a zero-dimensional group G acts on a connected 2-dimensional 
locally Euclidean space E, then G must contain an open subgroup leaving all points 
of E fixed. 


1 This is a special case of a theorem (known to us when the abstract of this paper was 
prepared) on “continuous decompositions’’ of the line and circle into totally disconnected 
decomposition sets. See G. T. Whyburn, this Journal, vol. 3(1937), pp. 370-381. 
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Consider a domain D of E which is homomorphic to a plane and let D' 
be the boundary of D. Let C’ be a simple closed curve in D and let C be the 
interior of C' (in D). Let x be any point in C. There exists an open and 
closed subgroup G* of G such that G*(x) isin C. Let K be a continuum in C 
containing G*(z). We may suppose G* so chosen that G*(C’) belongs to D 
and contains no point of K. 

The set G*(K) is a continuum having no point in common with G*(C’) and 
belonging entirely to C. The component of E — G*(C’) containing G*(K) is 
invariant under G*. The boundary B' of this component is likewise invariant 
under G* and separates x from points of D'. The component of E — B' which 
contains D’ is invariant under G*. The boundary B" of this component is 
invariant under G* and separates x from D’. 

We see now that B", a subset of G*(C'), is the common boundary of at least 
two domains. It is therefore a simple closed curve." By Lemma 6 some open 
and closed subgroup G** of G* leaves every point of B" fixed. It will now 
be shown that G** leaves any point z of EF fixed. 

There must exist an are azb such that a and b are on B" and the are azb 
separates that domain of E — B" in which it lies. In particular, in the closure 
of this domain it separates a pair of points c and d of B". By essentially the 
argument above G**(azb) contains an are which is invariant under G** and 
which joins a and b. The points a and 6 are fixed under G** and it follows 
that every point of the invariant arc is fixed under G**. We see that the 
invariant are coincides with azb and hence that z is a fixed point.” 


7. Connected groups in locally Euclidean 3-spaces. 

THeoreM 7. If G is a compact, connected, Abelian, effective transformation 
group of a 3-dimensional connected locally Euclidean space E, then G is toral. 

We begin with a brief outline of the method of proof. The group G must 
contain a one-parameter dense subgroup G’.” Suppose that G is not toral 
and let G* be any closed infinite zero-dimensional subgroup.’* Now under the 
action of the one-parameter subgroup G’, £ is filled with a regular family of 
curves in the sense of H. Whitney.” Let p be any point of E. We select an 
appropriate cross-section (Whitney, loc. cit.) at p of these orbits and show that 


1 R. L. Moore, Foundations of Point Set Theory, New York, 1932, p. 216. 

12 See footnote 10. 

13 We are not aware that this has ever been stated in the literature, although it must 
be fairly well known. It follows, for example, from the explicit ‘‘pseudo-basis’’ for a 
compact metric Abelian group given by J. W. Alexander, Annals of Mathematics, (2), 
vol. 35(1934), pp. 392 and 393. Thus the element b = 7. ni8i, where the coefficients 7; 


form a countable set (whether it is finite or infinite depending on the dimension of the 
group) of rationally independent reals (mod 1), generates a subgroup of this sort. This 
follows essentially from the Kronecker theorem. That every compact metric Abelian 
group possesses such a pseudo-basis is not shown by Alexander but follows, of course, 
from the work of Pontrjagin. 
144 Tn Alexander’s formulation this is the group generated by the elements b; , be, --- 
% Regular families of curves, Annals of Mathematies, (2), vol. 34(1933), p. 244. 
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a subgroup G** of G* can be construed as a transformation group of the section. 
We verify Whitney’s statement” that the section is locally planar and by means 
of the dual réles of G** deduce the theorem. 

We now present the proof in detail. Let p be any point of FE and let G* be 
as above. We wish to show that G*(p) is finite. If G*(p) is not finite, p is 
certainly moved by G* and hence by G’. There exists an interval J of G’, 
whose endpoints may be denoted by ¢’ and t’” = —t’ > 0, such that J(p) is an 
are p'pp”’, p’ = t'(p), p” = t’(p). Whitney (loc. cit.) has shown that there 
exist a real-valued function (we shall call it W(x)) defined for all points z and a 
neighborhood S of the point p such that W(x) is continuous in S and increases 
throughout S as we move along orbits of G’ in the sense of increasing parameter. 
In particular, then 


W(p’) < W(p) < W(p"), 


since by diminishing J, if necessary, we may arrange that p’pp”’ is in S. 

It is easily seen that there exist mutually exclusive connected neighborhoods 
S(p’), S(p), S(p”’), of which the first and last may be supposed “spherical’’ 
and the second may be supposed ¢nvariant under an appropriate open subgroup 
G** of G*, such that 


(i) S(p’) + JiS(p)} + 8H) CS, 
(ii) t'{S(p)} C S(p’) and t’’{S(p)} C S(p”), 
(iii) Wiz) S$ W(p) if 2c pl 


The set J{S(p)} is open and connected and it is invariant under G**, since 
g{S(p)} (for any g of G) must be invariant under G**. 

Let W be the set of points of S(p) at which the function W(x) has the value 
W(p)." For any point x of S(p) a subare of G’{x} which belongs to S contains 
at most one and, if it includes J{z}, at least one point of W. Moreover (from 
the continuity of W(x) and from the preceding remark), the set J{W} is the 
topological product of the set W (regarded as a space) and the linear interval. 

Let g be an arbitrary element of G**, wa point of W. Then g{J{w}} is the 
arc J {g{w}} and contains a unique point, which we shall designate by g[w], of W: 


gw] = W-g{J{w}} = W-Jigiw}}. 


By the correspondence w — g[w], the elements of G** become single-valued 
transformations of W into itself. 

The transformation g[{w] is continuous simultaneously in g and w. For, let 
gn > 9, Wn > w. With each t of J the sequence g,{t{w,}} converges to the 
point g{t{w}}, which varies continuously with ¢. The totality of these points 
is precisely the set g{J{w}} and this is the sequential limiting set of the 


16 Whitney informs us that he is about to publish a proof. 
1 This is, for the case in hand, the Whitney cross-section. 
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gniJ{w,}}. Now the points g,[w,] have at least one limit point in S(p); any 

such point must belong to g{J{w}} and the value of the function W(z) at this 

point must be W(p). There is just one point satisfying these conditions: g[w]. 
We now prove that if g = g: + ge (elements of G**), then 


glw] = gilgelw], 


where these transformations of W are compounded as ordinarily. We observe 
that the arcs J{ge{w}} and J{g[w]} have in common the point g.[w]. There- 
fore the ares g:{ J {ge{w}}} and g:{ J {ge[w]}} have in common the point g;{g2[w]}. 
Their sum is therefore a connected set belonging to S, since this contains each 
arc, and to the orbit G’{w}. This sum can contain at most one point of W. 
On the other hand, each arc meets W in precisely one point so that they must 
each meet W in the same point, namely, g,[g2[w]]. But it is clear that the arc 
9i{J{g2{w}}} is identically the are g{J{w}}, and the proof is accomplished. 

It is obvious that the transformation of W induced by the identity element 
of G** is merely the identity: go[w] = w. Then it follows from the preceding 
section that to inverse elements of G** correspond inverse transformations of W 
and from this that all the transformations g[w] are auto-homeomorphisms of W, 
since these transformations have all been shown to be continuous as well as 
single-valued. By the simultaneously continuous association g[w] of points 
of W and elements of G**, the group G** has been made a transformation group 
on the “space” W. 

We shall now interrupt our argument to establish rapidly that a Whitney 
section is locally planar (in 3-space)." Essentially as in the foregoing dis- 
cussion (but discarding the group G*) let p be the point at which the section W 
is taken, S the neighborhood where the W-integral increases, J the appropriate 
set of parameter values ¢: t’ S$ t < t’” = —t' (> 0); S(p) a “solid” spherical 
neighborhood of p such that it, S’(p’) = t’{S(p)}, and S’(p”) = t’{S(p)} 
are mutually exclusive. Now let W* be the component of W in S(p), con- 
taining p. 

Let L denote an are ab of W* which (as a special case) may degenerate to the 
single point a = b. Then either J(L) is, degenerately, an are with endpoints 
t’(a) and t’’(a) or it is a closed 2-cell bounded by the four edges: J(a), t’’(L), 
J(b), t’(L). Now in either case if V denotes an arbitrary neighborhood of the 
point a (which we may take to lie inside S(p)), there exists a neighborhood U 
of this point such that if z and y are any two points of U-W* not in J(L) 
there exists an are zy in V not meeting J(L).” 

If z is an arbitrary point of the are zy, there is associated with it uniquely 


18 See Whitney, this Journal, vol. 4(1938), pp. 222-226. The proof here given, while not 
elementary, has the merit that it can easily be adapted to give considerable information 
about corresponding sections in spaces which possess locally the combinatorial proper- 
ties of n-space. 

1% P. Alexandroff, On local properties of closed sets, Annals of Mathematics, (2), vol. 36 
(1935), pp. 1-35. 
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and continuously a point z* on W*, and the set of these points contains an arc ry 
which lies in W*. By amore restrictive choice of the neighborhood U (bringing 
the points x and y “closer” to a) this are may be made to lie in a preassigned 
neighborhood of a in W*. When L is a point it follows that the local comple- 
ment in W* of every point is arewise connected (so that W* is certainly locally 
connected, as shown by Whitney, loc. cit.) and that the same statement is 
also true for any arc L of W*. Then, clearly, no arc of W* can separate W* 
(even locally). 

Now let C denote a simple closed curve of W*. Let T denote the closed set 
S’(p’) + J(C) + S’(p’”). This can obviously be expressed as the sum of two 
closed sets 7 and 7: of which the first contains S’(p’) and the “negative” half 
of the cylinder J(C) while the second contains S’’(p’’) and the “positive” half 
of this cylinder. The two sets have precisely the set C in common. Recalling 
that t'(C) C S’(p’) and is homologous to zero there, since this is a solid sphere 
(similarly with t’’(C)), it follows at once from the “Generalized Phragmén- 
Brouwer Theorem” of P. Alexandroff that T must separate E. It is not diffi- 
cult to see that 7 must separate E between points of W* near an arbitrary 
point of C. It is an immediate consequence of this that C must separate W*. 
We know, finally, that W* is homeomorphic to an open connected subset of 
the two-sphere.” 

Returning to W and the group G** operating on it, we see by Theorem 6 that 
there is a subgroup G*** such that for every element g of G***, gw] = w. This 
means, from the definition of g[w], that the point g{w} belongs to the are J{w}. 
Hence the group G*** is mapped homomorphically into a subgroup of the 
interval J. But this interval contains no subgroups, so that G*** is mapped 
into the identity element; i.e., for each g, gijw} = w. Then, in particular, for 
the original point p and for every g of G***, g{p} = p and the theorem is proved. 

THEeoREM 8. If a compact connected Abelian group G acts effectively on Eucli- 
dean 3-space, then G is the circle group (and is the axial rotation group of 3-space). 

We already know that G is toral. If G@ is not a circle group, it must contain 
at least two distinct circle subgroups 7; and T;. We shall obtain a contra- 
diction to this. 

We know that under the action of 7; , say, the orbit space E* of E is a closed 
half-plane, its edge F* corresponding to the axis F of fixed points. Now because 
the groups 7 and 7, commute, the group 7: can be shown to be a transforma- 
tion group on the space E* which leaves points of F* fixed. Hence by New- 
man’s theorem (since the elements of finite order are dense in T:) the group T2 
leaves every point of E* fixed. Reversing the réles of T; and T: , we see that 
for every point x of EF, T,(x) = 7T2(x), that is, the orbits under 7; and T? coin- 
cide and the set F contains those points which are fixed under both 7; and 72. 
We note that every point of F is fixed under the group 7* generated by T 
and T,, it being clear that 7* is two-dimensional. 


20L. Zippin, On continuous curves and the Jordan curve theory, American Journal of 
Mathematics, vol. 52(1930), pp. 331-350. 
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Let x be any moving point not in F. Let T, denote the subgroup of 7* 
leaving x fixed. Because 7*(x) is one-dimensional it follows that 7, is one- 
dimensional and that it must contain a circular subgroup C. We see that 
every point of F is fixed under C and that in addition the point z is fixed under C. 
This is impossible (Montgomery and Zippin, loc. cit.) unless every point of 
the space is fixed under C, i.e., unless 7* is not effective. Therefore the original 
group G could not have been effective. 


SmitH CoLLEGE AND New YorK UNIVERSITY. 








CERTAIN INTEGRALS AND INFINITE SERIES INVOLVING ULTRA- 
SPHERICAL POLYNOMIALS AND BESSEL FUNCTIONS 


By Hsren-yt' Hsit 
1. Introduction. Let P%’(x) denote the ultraspherical polynomials defined 
by the generating function (1 — 2rw + wu’) = > P® (x)w" [ef. 6, p. 50; 
7, p. 329; 4, p. 37].’. The following considerations ion devoted to the discus- 
sion, first, of the integral formula 


1 
ee / (1 — P(e) P (2) P(e) dx 
a 


_ 2" x _ T(s+2d) 
(1.1) iT()}?s +A P(s+ 1) 


Pe ee ee 
s—l s—m s—n 
eis 
‘“. 


20 \2 
D2(d; a, 8, y) = dX (n +) weit} P® (cos a)P%’(cos B)P2’ (cos y) 


2 e{P(A)} {sin @ sin B sin y}*™ 


A-1 
sin 71 unt t2 ban t th ut 


2 2 











or 0, 


second, of the infinite expansion 


(1.2) ‘ 


s atht+7 
isin 5 





or 0, 
third, of the integrai formula 


gr! yet sa 
P(3)(v + 3)(abc)” 


In (1.1) we have \ > —} and the numbers I, m, n are arbitrary non-negative 
integers. The first of the two given values holds if 1 + m + nis even, 1 + m 
+ n = 2s, and a triangle exists with the sides 1, m, n; and the second value 
holds in every other case.” 

In (1.2) we have \ > O and the parameters a, 8, y are arbitrary positive 


0. 





(1.3) S(v;a, b,c) = [ J (ax)J (bx) J (ex)a” dx = 


Received January 12, 1938. : 
1 The bold face numbers refer to the bibliography at the end. 
2 In case \ = 0 the formula needs a slight modification. 
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numbers less than xr. The first, or the second, value holds according as a 
spherical triangle can, or cannot, be drawn with the sides a, 8, y. 

In (1.3), J,(z) denotes Bessel’s function of order vy, where »y > —}3, and the 
parameters a, b, c are positive numbers. The first, or the second, value holds 
according as a triangle can, or cannot, be drawn with the sides a, b, c. The 
area of this triangle is denoted by A. 

Formula (1.1) remains true if the area of the triangle becomes 0. The series 
(1.2) and the integral (1.3) are in this case properly divergent for \ < 1 and 
for vy S 3}, respectively; they are, however, convergent (and = 0) for \ > 1 
and for vy > 3, respectively. In the subsequent considerations, except in the 
proof of (1.1), we assume that the area of the corresponding triangle is greater 
than zero. 

Formula (1.1), in the case of Legendre polynomials, for which } = 3, was 
stated without proof by N. M. Ferrers. J. C. Adams proved it by mathe- 
matical induction. Later proofs for this special case have been given by I. Tod- 
hunter and F. Neumann. The general formula (1.1) has been pointed out by 
J. Dougall.’ However, he did not give a proof for it. He merely stated that 
the method, by which he obtained this result, “is long and far from neat”’. 
[See the references in 1, p. 47; furthermore, 5.] 

Formula (1.2) is also due to Dougall [1]; his proof is based on potential theory. 
Formula (1.3) is a classical theorem due to Sonine [see 6, p. 411]. Dougall also 
bases a proof for Sonine’s theorem on considerations analogous to those in the 
proof of (1.2). Furthermore, he remarks that both formulas (1.1) and (1.2) 
contain Sonine’s result as a “limiting case’; however, he does not give any 
further explanation of this remark. 

It is the purpose of this paper: 

(a) to give a simple proof for (1.1), based on mathematical induction; this 
is the first proof to be given for this theorem, since Dougall’s proof, as men- 
tioned above, was never published; 

(b) to give a simple proof for (1.2) entirely different from, and shorter than, 
that of Dougall; 

(c) to show that from formula (1.1), by means of a limiting process, Sonine’s 
formula (1.3) can be derived; 

(d) similarly, to show that, as in (c), (1.3) can be derived from (1.2). 

In the limiting process of (c) and (d), we use Mehler’s formula and an 
asymptotic formula of Stieltjes (see below). Another arrangement of proof is 
possible by use of a formula of “Hilb’s type” [4, p. 44]. However, the methods 
given in this paper are of a more elementary character. A proof of Sonine’s 
theorem (1.3) can also be given by a procedure similar to that given for (1.2) 
[cf. (b)] by making use of Hankel’s inversion formula. 


2. Proof of Dougall’s integral formula (1.1). It is easily seen from the 
symmetry property of the ultraspherical polynomials that the integral in 


3 Professor G. N. Watson kindly called my attention to this paper [1]. 
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question vanishes for 1 + m + n odd; it also vanishes on account of the ortho- 
gonality property, when 1 + m + n = 2s and at the same time a triangle with 
the sides 1, m, n cannot be constructed. In what follows we shall therefore 
assume that 1 + m + n = 2s, and the triangle condition (in the wider form) 
l< s,m S 8,n S sis satisfied. We make use of the recurrence formula 


(2.1) PO (2) = a& cP™, (2) — b& P&,(z). 


For sake of brevity, we write a, , b, , instead of a&’, b°’, respectively. 
First, we will discuss the case 1 = 0. Then m = n is the only case in which 


the triangle condition is satisfied. We then have [6, p. 367] 


La me T(n+2n) 
{TA)P a+r Pin+1)’ 





(2.2) D,(d;0, n,n) = [ GQ — 2) {PO (2)? dr = 


whence the statement (1.1) follows. 

The general case can be established by mathematical induction. Whatever 
the values of m and n may be, the statement holds for 1 = 0; we assume it 
to hold for 1 — 1, and prove it for 1. 

By the recurrence formula, we have for! 2 1, b; = 0, 


D,(A; l, m, n) 


[ (1 = 2) arzP 22) — PRA) PL) PO (2) dr 


(2.3) 


a [ (1 — 2° PO PY (2)aP2 (2)P2 (x) dx 
— b: D(A; 1 — 2, m, n). 
In the first term of the last member we apply the recurrence formula again, 
and find 
Di0; m,n) = avdnts [ (1 — 24 PY) {PLAe) + bays PLa))P (a) as 
(2.4) — b D(A; l — 2, m, n) 
= a)4,3,D,(A;1 — 1, m + 1,n) + apanisbmy1Di(A; 1 — 1, m — 1,0) 
— b,D,(A; 1 — 2, m, n). 


To the terms of the right member of the last expression, we can apply the 
theorem. The result, apart from the common factor 


x I(s+ 2a) 
{rA)}P s +A (s+) 
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where 2s = 1 + m + n, is* 








waz s—I+h s—m + meciad s+hk s—n 
wet am itie—-mean-i- es th le-esh—i 
s+hk s—n s—l+X s—m 


“heat scekiolsateigonieyY 








We have in the case of the ultraspherical polynomials 


a, = 2 +4-1) 


_1+2-2 
ya wher ~ 


.2 4; b; I ’ 


Thus, we find 


m+1l+aA—-1ls—-I1+A s—m 
m+ l s—-l+l1ls—m+aA-1 








l+rA—-1lm+2A—-1 s+ s—n 
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(In case 1 = 1, the third term of the left member must be replaced by 0. 
Furthermore, we have in this case by (2.4) either n = m — l orn = m + 1.) 
Indeed, this equation is satisfied by five values of \: namely, \ = —s,1 — s, 
1 — 1,1, ©. Here we consider 1, m, n and s as arbitrary parameters. Hence, 
we have established the statement (1.1). 

We notice that a formula of the type (2.4) holds in general, if (1 — z*)** 
in (1.1) is replaced by an arbitrary weight function w(x), for which w(—z) 
= w(z), and P®’(x) by the corresponding orthogonal polynomials. 


3. Proof of Dougall’s expansion formula (1.2). Let us consider a spherical 
triangle with two fixed sides 8 andy, 0 < 8 < 7,0 <y < a;the angle A between 
8 and y should vary from 0 to x. Then the opposite side a can be calculated 
from 


(3.1) cos a = cos B cos y + sin B sin y cos A. 


If A increases from 0 to x, the expression of the right member changes from 
cos (8 — y) to cos (8 + 7). We assume that 0 S a S 7; then 

(i) if 8 + y S =, @ increases from | B — y | toB + ¥; 

(ii) if 8 + y > a, @ increases from | 8 — y | to 2x — (8 + 7). 

4In case s = m, the triangle condition is not satisfied in the first term; thus the cor- 


responding D, has to be replaced by 0. Similarly, if s = n in the second term, and s = m 
or s = nin the third term. 
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From the addition theorem for ultraspherical polynomials, we find by integra- 
tion [6, p. 369] 


2 (n+ 1) 


(A) (A) 3 
in TD) P’,’ (cos 8) P,’ (cos y). 


(3.2) [ P® (cos a) sin®™'A dA = 2”""{T(a)} 


Now we introduce a@ instead of A as the variable of the integration. Since 


cos a — cos B cos xy] 


sin 6 sin y 





sin 8 sin y sin A = sin ® sin yf - ( 
(3.3) 





= 2 tn OOTY gn OTIS gn TOP 8-7 ' = on! 
2 2 2 2 
and sin 8 siny sin A dA = sina da, we find for (3.2) 


[ P® (cos a) sin™™” A sin A dA 


0 


(3.4) . 
= 2”* (sin B sin y)*™ / P’” (cos a) E*™ sin ada, 
sy | 
where 
B+ 7, if B+yS7, 
(3.5) = 
2r—(B+y), if B+y>-z. 


After this transformation, (3.2) appears in the form 


B 

| P® (cos a) (sin a sin 8 sin y)"™ £*" sin a da 
B—7| 

(3.6) *! 

2 T(n +1) 


= 2{TQ)} T'(n + 2a) 


P® (cos B) P2’ (cos 7). 
This means, according to (2.2), that (1.2) is indeed the “formal’’ expansion of 
the function f(a), which is defined by the first expression on the right side of 
(1.2) if | 8 — y | < @ < B, and by the second value, namely, zero, if 0 < a 
<|B-—vylorB<a&Sr. 

The convergence of this expansion can readily be discussed by means of the 
asymptotic formula of P® (cos @) for large values of n [see (4.2)]. The only 
difficulty is in showing the identity of the sum of this expansion with f(a). 
This can be concluded for example from the Abel-summability of the ultra- 
spherical expansion of f(a) at an arbitrary point where f(a) is continuous. This 
follows in the same way as in the case of the ordinary Fourier series and Poisson 
integral, because the “kernel”, namely, 


oo 2 
7 n pQ) a Kotla 
(3.7) >» (n + )r"Px (cosd) = d (1 — 2r cos A + r?)*!’ 





is positive and — 0; as r — 1, provided cos A # 1 (3, p. 71). 
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4. Derivation of Sonine’s formula (1.3) from Dougall’s integral formula (1.1). 
We base our argument on Mehler’s formula [6, p. 156], 


lim n*™ P® (cos z/n) = lim n~” PY’* (cos z/n) 


(4.1) a 
BS 2 — af == 1 
ro +h | z)"JA(z) (A=v+ 4), 
and on the following asymptotic formula due to Stieltjes [ef. 2, p. 302], 
P® (cos 6) = Pt (cos 6) 
(4.2) 
yen ae (2sin 0)” *n’ [cos (n’@ — vm — 4x) + RI, 
I'v + 3) 
n=n+v+}, |R| < C(nsin 6)". 
The convergence in (4.1) is uniform with respect to z in every bounded region 
of the complex z-plane, and in particular, in every finite real interval; in (4.2) 
0 < 6 < wand C is a constant independent of n and 6. We write \ = vy + 3 
and assume A > 0. 
Let a, b, c be arbitrary positive numbers, N a positive integer, and’ 


(4.3) l = 2[4aN], m = 2[3bN], n = 2[3cN]. 


If a, b, care the sides of a triangle with a positive area, the same is true for 1, m, n, 
if N is large. Furthermore, if a + 6 + c = 20, we havel + m+n = 28 = 
2c0N, when N — ~, and therefore according to Stirling’s formula, 

(4.4) D,(Qd; 1, m,n) = 22" (P(A) } “[o(o — a)(o — b)(o — )*N*™* 

. _ a2'{T(v de anata? 
If a, b,c are not sides of a triangle, that is, max (a, b, c) > s, the same is true 
for l, m, n if N is sufficiently large. Thus, we need only to prove, under the 
conditions a > 0,b > 0,c >0,-a+b+c#0,a-—b+cH¥O0,a+b-—c 
~ 0, that 

42°21 (r(v + 4)}* (abe) lim N? D(a; l, m, n) 
N--oO 
(4.5) : ass 
= 4K lim N’ ” D,(A; 1, m, n) = S(v; a, b, c) 
N-oO 


holds. But since 1 + m + n is even, 
he 

(4.6) 3KN*’ D,(; 1, m,n) = KN?” [ P§’ (cos 0)P2’ (cos 0)P°’ (cos 6)sin™ 6 dé. 
0 


Let w be an arbitrarily chosen positive number independent of N; we can break 
up the interval [0, 47] of the integration into the two intervals from 0 to w/N 


5 [z] means the integral part of the number z. 
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and from w/N to $x. The integral corresponding to the first of these intervals 
gives, for N — ~, according to (4.1), 


KN“ [ ; P\ (cos ¢/N)P2’ (cos ¢/N)P2 (cos ¢/N)sin™(¢/N)N™ do 
és [ $' J (ad)I.(b4)I (cd) de. 


In the integral corresponding to the other interval, we use (4.2) and obtain 
KN?” P}* (cos 6)P 2 (cos 0) P2’ (cos 6) sin” 6 
= KN**2-"+ (y+ 2)}(dmn)"(sin 6)" cos (I'8 — Jor — Lr) +r} 
(4.8) - {cos (m’@ — 4vm — 4x) + 72} {cos (n’@ — dvr — 4x) +15} 
= (2/1)'(abc)*(Imn)”"* N? “(sin 6)” *{ cos (I’8 — 3vmr — 42) 
cos (m'@ — 4vm — 42) cos (n’@ — 4vxr — 47) +r}. 


Here for r; , 72, 73, and consequently also for r, bounds of the type given for 
| R| in (4.2) [with N instead of n] hold. The symbols l’, m’ have a meaning 
analogous to that of n’ in (4.2). 

Now we use the identity 


(4.9) 4 cos (l’@ — }vmr — jr) cos (m'o — fvm — i) cos (n'o — frm — 32) 
= cos {(l’ + m’ + n’)o — fur —3r} + cos {(m’ +n’ —l')p — om — 3x} 
+ cos {(n’ + l’ — m’)o — 3vm — fr} + cos {(l’ + m’ — n’')o — Bon — fe}. 
Thus the part (@/N, 37) of the integral corresponding to the principal term of 


(4.8) can be reduced to expressions of the type 


hr 
(4.10) Pp’ [ sin” @ cos (Q0 + 7) dé, 


N 


where P and Q are ~ N, and + is a fixed constant. By the second mean value 
theorem, formula (4.10) becomes 


(4.11) P*"(sin w/N)"720(Q") = w0(1). 


This holds uniformly with respect to w. The contribution of the remainder 
term is 


de 

(4.12) PP” I hy in 6)” (N sin 0) *d@ = N*(w/N)” *0(1) = w ” *0(1). 
@/N 

Thus, for w — «, the statement expressed in (4.5) is proved. 


5. Derivation of Sonine’s formula (1.3) from Dougall’s expansion formula 
(1.2). Let a, b, c, and A be arbitrary positive numbers, and 


(5.1) a = ah, B = bh, y = ch. 
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If a, b, c are the sides of a plane triangle with a positive area A, then a, 8, y will 
form the sides of a spherical triangle, provided h is small. Furthermore, as 
h— 0, and \ = v + 3, 

D.(d; a, B, y) ~ 2 xf T'(A)}“*(abe)*™ oe a=* 

-_ 2 rf T(v + 4) } “(abe)” ated atta 

If a, b, care not the sides of a plane triangle, that is, max (a,b,c) > }(a + b + ¢), 
then a, 8, y will not form the sides of a spherical triangle, if h is sufficiently small. 
Thus we need only to prove, under the conditions a > 0,b > 0,c > 0, -a+b 
+c#0,a—b+c#0,a+b—c# 0, that 

2” x 4 {TP + 4)}*(abe)” lim h”** Da(d; @, 8, ¥) 

h-0 


(5.2) 


(5.3) : 2v+2 
= K, lim h”™* De(d; a, B, y¥) = Sv; a, 6, c) 
holds. We observe that K, = (abe)”K. 

In order to prove (5.3), we break up the summation, with respect to n, in 
D.(d; a, B, y) into two ranges; namely, into the ranges 0 S n S [w/h] andn 2 
[w/h] + 1, where w is an arbitrarily chosen positive number, independent of h. 
Now, according to Mehler’s formula (4.1), we have, for nz = O(1), 


(5.4) nn” P’*® (cos z) = (2nz)" J (nz) + en, 


x 
I'v + 4) 
where ¢€, — 0, asm — ©. Consequently since the right member is bounded, 

n-” P’* (cos a)P’*” (cos B)P’*” (cos y) 
= m{P(v + 4)} *(2n) (aby) J (na) J (np) J (ny) + Mm; 


where 7, — 0, asm — ©. We observe also that 


(5.6) (n +) mets =n (1 +7,) =n “(1 + 0,), 


where 7, = O(n") as n — «©. Thus the summation over the first range 
contributes*® 


(5.5) 


[w/h} . 
K,h”*? D0 (n+ ) (meta P2’(cos a)P2’ (cos 8)P2’ (cos ) 
n=0 
wlh 


} 
n “(1 + m4) 


n=0 


n” {x [Pv + 4) *(2n) (aby) J (na) J (np)J (ny) + 0} 


[ 
-_ Ki tl 


(5.7) [w/h) P 
= prt > n*(1 + nnn” (nh) { (nh) J (ne) J (np) J (ny) 


+ Ki(nh)”** na} 
[w/h] 
=h > {(nh)'” J,(na)J (nB)J (ny) + Ki(nh)”** nn} (1 + 0). 


6 Here and in what follows n-*, where » = 0, must be replaced by a constant, for example 
by 1, for n = 0. 
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The principal part of (5.7) 


w/h) 


(5.8) h = (nh) ’ J,(ne)J (n8)J (ny) f° x’ J (ax) J (bx) J (cx) dz, 


n=0 


as h — 0, for vy > —}. Since (nh)'’J,(na)J,(nB)J,(my) = (nh)”**O(1), the 
remainder part contributes 


{w/h] [w/h] 
(5.9) h .¥ (nh)”** n, ae prr*? > nt mn — 0, 
n=0 n=0 


ash — 0. 
In the summation over the second range, we use Stieltjes’ formula (4.2) and 
obtain 


Kyh??n “(1 + 9) PO (cos a) PS * (cos B) PY (cos y) 
= (2/r)'(abc)’ h”**(n sin asin 6 sin y)~” {cos (n'a — 4vr — 44) + pi} 
(5.10) - {cos (n’B — 3vm — 4x) + pr} {cos (n'y — bum — fx) + ps} 
= (2/1)'(abc)’h”’**(n sin a sin 6 sin vy)” *{ cos (n'a — vx — 42) 
cos (n’B — 4xv — 42) cos (n'y — 4m — 4) + p}. 


Here for p;, pz, ps3, and consequently also for p, bounds of the type given for 
R | in (4.2) hold. We have p = (nh)'O(1). We also used 7, = O(n™’). 
By means of the identity (4.9), the principal term of (5.10) can be reduced to 
an expression of the type 


4 


(5.11) p” i, a cos (nq + 71), 
r= + 


where p and g are ~ h, and 7; is a fixed constant. By use of Abel’s transforma- 
tion we find for (5.11) the bound 


(5.12) p (hw) tq? = w” *O(1). 


The contribution of the remainder term is 


(6.13) pS na? =00r4 Yow = e001). 


=(w/h}+1 n=[w/h)+1 


Recapitulating, we obtain, for h — 0, 


(5.14) Ky,h”’*? Do(d; a, B, y) = [ az’ J (ax)J (bx) J (cx) dz + o(1) + w” *0(1). 
0 . 


Thus, for w — «, the statement expressed in (5.3) is proved. 
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TAYLOR’S SERIES OF FUNCTIONS OF SMOOTH GROWTH IN THE 
UNIT CIRCLE 


By W. T. Martin anp N. WIENER 


1. Introduction. We have recently proved a series of results connecting 
the growth of an entire function with the growth of certain expressions depend- 
ing on the coefficients.’ There is a closely related series of results which con- 
cern, not the growth of an entire function, but the growth of a function as it 
approaches the circle of convergence. As will be seen in the formulation of our 
results, there is a precise methodological similarity between theorems of the 
two types, and, indeed, they differ merely by the fact that a parameter which 
is negative in one case is positive in the other. It is nevertheless worth while 
to give an explicit formulation of the theorems because they are of less familiar 
character than the other set of theorems and involve results which have only 
recently been obtained by Vijayaraghavan and Wiener, Avakumovié and 
Karamata, and Pitt (see footnotes 4, 6) in contrast with the theorems of the 
entire type which are best exemplified by the classical theory of the Borel sum- 
mation. The circle of convergence theorems are more directly applicable to a 
series of interesting problems in the analytical theory of numbers, and, in par- 
ticular, they allow us to carry Tauberian methods in the problem of partitions 
much further than Hardy and Ramanujan at one time believed possible.” There 
is a considerable prospect of their further utility in unexplored portions of this 
field. It is true that the revolutionary work of Rademacher’ overshadows all 
less perfect methods, whether Tauberian or not. We wish to call attention to 
the fact that it is possible by an artifice to eliminate the condition of positivity 
which is necessary for Tauberian theorems of the type considered, or, more 
accurately, to guarantee its satisfaction by a consideration not of a singularity 
of a power series at an individual point on the circle of convergence, but rather 
the behavior of the integral of the square of its modulus as we approach the 
circle of convergence. 

There will be many places in which the detail of proof is so similar to that of 
our previous paper that anything like completeness is scarcely necessary. Where 
this is the case we shall consider ourselves at liberty to present our argument ina 
highly schematic form and to refer to our previous paper for technical details. 
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Let a, = 0 (nm = 1, 2, --- ), and let 


(1.1) > a,2" ~ sH(z) (x 1°). 


1 


We may rewrite (1.1) in the form 


(1.2) Dd ane” —s g (¢ 0°), 
1 

where 

(1.3) F(g) = —log H(e™). 


We shall derive the following Tauberian theorem. 

THEOREM 1. Leta, 2 0(n = 1, 2, --- ), and let (1.2) hold, where 
(1.4) F is four times continuously differentiable for 0 < — S & for some post- 
tive & ; 


(1.5) F’(é) S const. < 0 forO < ES &; 

fo 
(1.6) [ [—F’()}'dt > « (> 0°); 
(1.7) F’"(¢) = o((—F’(8)}') (0°); 
(1.8) Fv(t) = o(fF’(®)F) (> 0°). 


Then for every positive i, 


. (2x)! a 
(1.9) lim (27) a, e 4"))—nGm) , 
ze A rs¥(njy<zta 


where (x) is defined by 
(1.10) [ “[-@'@dz = v(2) 


and G(x) (for xz > a = F'(&)) is the inverse function to F’(); that is, G(F’(&)) = & 
for0<§ESh. 

Theorem 1 and Theorem 4, which we will deduce from Theorem 1, have 
important applications in the analytical theory of numbers. In a later paper 
we hope to present some results based upon them. 

A special case of Theorem 1, due to Vijayaraghavan and Wiener (in an un- 
published paper), is the following 

THEorEM A. Leta, 20 (n = 1,2, --- ), and let 


(1.11) p> af ~saete= 0% (z 1°). 
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Then for every positive 


j 3 
(1.12) lim (2) as exp [—2n'] = 8 


N02 NSn<N+AN 2! 


To derive Theorem A from Theorem 1 we write z = e*. Then (1.11) becomes 
(1.13) > ae" ~ s exp {ra} = se’ exp — _ . 
Noting that 
eo wee 


we see that (1.13) becomes 


(1.14) > a, exp \-} - ns} — se! (¢— 0°). 
Thus for this case F(¢) = —£™", and it is easily verified that this function satis- 
fies conditions (1.4), --- , (1.8). Moreover 


Gx) = «%, W(x) = 2'z? 
and (1.9) becomes 


4 
(1.15) lim (2x)" __—* exp [—2n*] = se? 
zo =X zs2intcrta 
from which (1.12) easily follows. 
Avakumovié and Karamata have proved the following* 
TuHeoreM B. Let A(y) be = 0 and non-decreasing for y = 0 and let 


J(x) = a e ”'* A(y) dy 


converge forx > 0. Let’ 

(1.16) J (x) X< ake’ (x — «) 
for some realk. Then 

(1.17) exp [2a — (2 + )a'(log z)'] < A(x) < Mz**” exp [22]. 


H. R. Pitt has proved a theorem which generalizes Theorem B, at the same 
time furnishing more precise results.° His theorem in this particular case is 


4 Avakumovié and J. Karamata, Uber einige Taubersche Sétze, deren Asymptotik von 
Exponentialcharacter ist. I, Mathematische Zeitschrift, vol. 41(1936), pp. 345-356. 

5 Hardy writes f(x) = g(x) (x > ~, g(x) > 0) if there are two constants0 << i<A< @ 
such that 6 < f(x)/g(x) < Aforz>a. 

6 Pitt discovered and proved his theorem independently of our results. In conversation 
with him we discussed the results and later he showed how the case k = 0 of his theorem is 
deducible from ours. In §3 we shall give the proof of this portion of Pitt’s theorem as 
submitted to us by him. 
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THEOREM C. Suppose that A(y) is non-decreasing in (0, ©) and that 
J(z) = [ e’'* dA(y) 
0 


converges absolutely for x > 0. Let k be any real number, 
a> 0, B= qa + a), 


h(x) _ e Ot*) lay frre, 


Let 
J(x) ~ x* exp [x*] (x — «). 
Then 
(1.18) e“® <= h(z) S (2), 
where 
lim e(z) = 0. 
eo £ 


As a special case of Theorem C Pitt has obtained the following extension of 
Avakumovié’s and Karamata’s result. 
TueorEeM D. If A(y) is non-decreasing in (0, ©) and 


J(x) ~ x*e’ (rx — «), 
then 
(1.19) exp [2z' — o(z*)] < A(z) S o(x™ exp [2z')). 


As a converse to Theorem 1 we shall prove 

TuHeoreM 2. Leta, = 0 (n = 1, 2, --- ), and let (1.9) hold for every positive 
value of \, where F fulfills the conditions (1.4), --- , (1.8) and y and G are defined 
as in Theorem 1. Then (1.2) holds. 

In the next theorem we place some additional restrictions on F and we obtain 
certain inequalities related to y. 

THEOREM 3. (i) Let F fulfill conditions (1.4), (1.5), (1.6) and the additional 
condition: 
(1.20) for some pin} < p < 1 and for all sufficiently small positive e, 


—F’() = O(F'(®))?") (> 0°). 
Then for every positive 
(1.21) n?* < y(n) 
and 
(1.22) n'?* < ¥(n) 


for sufficiently large values of n. 
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(ii) Let F fulfill conditions (1.4), (1.5), (1.6) and the additional condition: 
(1.23) for some pin} < p < 1 and for all sufficiently small positive «, 


[F’(e)?* < —F’() 
for sufficiently small (positive) values of £. 
Then for every positive e, 
(1.24) ¥(n) < nd? 
for sufficiently large values of n. 
As immediate consequences of these theorems we shall obtain the following 


theorems on smoothly growing functions analytic in the unit circle. 
THEOREM 4. Let 


(1.25) fe) = 2 baz” 
0 

be analytic for | z | < 1, and let 
(1.26) J [ | f(re™®) |? dd ~ se~? ton” (r—>1>), 

2r Jo 
where F fulfills conditions (1.4), --- , (1.8). Then for every positive , 

3 
(1.27) lim (2m) > | Dn 1, penne = 8, 
zo A zse¥i(n)<ztr 


where y and G are defined as in Theorem 1. 

The converse to Theorem 4 is 

TueoreM 5. Let (1.25) be analytic for | z| < 1, and let (1.27) hold for every 
positive value of d, where F fulfills conditions (1.4), --- , (1.8) and ¥ and G are 
defined asin Theorem 1. Then (1.26) holds. 

If we place the additional restrictions (1.20) and (1.23) on F, we have the 
following gap theorem. 

THEoREM 6. Let (1.25) be analytic for |z| < 1, and let (1.26) hold, where 
s ~ 0 and F satisfies conditions (1.4), --- , (1.8), (1.20), (1.23). Then (1.27) 
holds where y and G are defined as in Theorem 1. Furthermore, for every positive ¢ 
we shall always have (1.21) and 


(1.28) n'?-* < y(n) < n?** 


for sufficiently large values of n. Thus the function (1.25) can have only a finite 
number of gaps of magnitude (v, v + v’**), that is, for any positive «, the equations 


On = Angr = +++ = Anstnete) = 0 


can hold for at most a finite number of values of n. 
A slightly more general form of Theorem 1, which we shall first prove, is 
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THEOREM 7. Let {X,} be any sequence such that 


(1.29) OS <A <A << -es CA <M, lim A, = © 


leta, 20 (n = 1,2, --- ), and let 


(1.30) Y ae"  § (0%), 
1 

where F satisfies conditions (1.4), --- , (1.8). Then for every positive i, 

(1.31) lim (27)' > e ef EAn)) Ann) — 


zo AN 2e¥(\,)<rtr 


where ¥ and G are defined as in Theorem 1. Conversely, if {d,} is any sequence 
satisfying (1.29), if a, 2 0 (n = 1,2, ---), and if (1.31) holds for every positive 
value of d, then (1.30) holds. 


2. For the proof of Theorem 7 let us consider the exponent in (1.30) with a 
general argument w instead of A,: F(é) — wé. Let us place 


(2.1) £ = g(u + ¥(w)). 


Developing the exponent F(£) — wé in a Taylor’s series with remainder and 
determining ¢ and y in such a manner that the coefficient of uw vanishes and 
that the coefficient of }u’ is negative unity, we find 


(2.2) tao [ "[-G@'a)Paz, ow) = GW"(w)), 


where G(z) is the function inverse to F’(é): G(F’(é)) = & The details here are 
entirely analogous to those of our earlier paper (see reference in footnote 1). 
With these functions ¢, y, using the conditions on F, we find that the remainder 
in the Taylor’s series approaches zero; indeed, it approaches zero in such a 
manner that (1.31) implies that 


(2.3) p> Pe hated —8 (é = 0*). 
1 

It is an easy step from this to apply Wiener’s General Tauberian Theorem’ to 
(2.3). Here the kernel K(u) is e *“* whose Fourier transform e*’ is non-vanish- 
ing, and u occurs as the difference of two variables: u = ¢ ‘(£) — ¥(w). The 
relation (1.31) follows at once. 

The second part of Theorem 7 follows at once from the converse portion of 
Wiener’s Tauberian Theorem (see reference in footnote 7, p. 26). 

Theorems 1 and 2 are special cases of Theorem 7 for 4, = n. Theorems 4 
and 5 follow at once from these theorems. 


7N. Wiener, Tauberian theorems, Ann. of Math., (2), vol. 33(1932), pp. 1-100. 
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Using the definition (2.2) of ¥y(w) and the hypotheses on F in Theorem 3, 
one easily obtains the conclusions of Theorem 3. Theorem 6 follows immedi- 
ately from Theorems 3 and 4. 


3. In this section we shall show how the portion of Pitt’s theorem (Theorem C 
of this paper) for which k = 0 is deducible from Theorem 1. The method 
used in showing this is essentially due to Pitt. Using his method, we first prove 
the following result from which we will deduce the desired result. 

TuHreoreM E. Let A(y) be non-decreasing for 0 < y < ~, and let F(£) satisfy 
conditions (1.4), --- , (1.8). Uf 


(3.1) [ e“ dA(y) ~ se? (é + 0°), 
0 


then for every positive d there is an x) such that 


(3.2) (2x) Lag ee < A(g(x)) < h(x me Ae FO” + Hy rm e Biols—an)) 


isn<z/d 


for x = x, where 


(3.3) R(x) = F(G(x)) — 2G(z), 
(3.4) g(z) = ¥"'(z) (¥(9(z)) = 2), 
(3.5) h(x) = "ei e®™ dA(y), H, = lub. h(z), 

g(z) 0sz<@ 


and G and y are defined as in Theorem 1. 
As a consequence of Theorem 1 we have for every positive \ 


(3.6) lim h(x) = s(2x)™X. 


zo 


Furthermore, since 
R'(y) = F'(G(y))G’(y) — y@'(y) — Gy) = —G) < 9, 


it follows that R(y) is decreasing. Since R(y) is decreasing and A(y) is non- 
decreasing, we have from (3.5) 


g(z+A) g(z+A) 
(3.7) eee | dA(y) < hy(x) < gun f dA(y). 
o(z) o(z) 
As a matter of convenience let us take A(0) = 0. Then from (3.7) 
e® GET AG(x + d)) — A(g(x))] S ha(z) 
(3.8) 


IIA 


g(z+d) 
ome dA(y) = e® © A(g(x + 2)). 
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Using (3.6) and the second inequality in (3.8), we have 
A(g(z)) = Ayla — re“ BO” 


(3.9) 
> 4s(2r) ye FOE) (x = a). 
The first inequality in (3.8), together with (3.6), gives 


A(g(z)) Ss _ ; [A(g(z — md)) — A(x — nF 1d) 


n<z/ 


* tin hy(z — n + Tre *Oe-™? 
(3.10) ——T 
S h(x — re" 4 DY h(x — n+ 1a)e2Oe-™ 
Isnez/r 
S A(z — rye" +H, Se Rotem 
lsnez/r 


This concludes the proof of Theorem E. 
We now interpret this result for the case 


(3.11) F(é) = -—&%, a> 0; s ~ 0. 
Then 
; 1/(a+1) 
’ —a-— Qa 
F’(é) = at A G(x) = qilteti)? 
(xz) = Aa + 1) tg tal ath) bal (a+) 
(3.12) = Qa? Bi pha! arn (B = (a + Dern) 


R(x) = F(G(x)) — 2G(z) = — Br! 


ax’ (a+1)/a 
g(x) = (5) : 


The relation (3.2) becomes 


(2) * 38d exp [s iz (2 — | <A (=) 


< ar ht 2 a a 2, 2 
S hy(x — d) exp ES |+ mh, XS err] BEC 2ndzx + n*r | 


(3.13) 


The first inequality gives 


(3.14) A(x°@*Y 0-2? > (22) 45 exp [—a' Baz], 
(3.15) lim inf z~*[log A(2***”/*) — Bz*] > —B!y. 


Since this is true for every positive X, 
(3.16) lim inf 2 [log A(z***”’*) — Bz*] > 0, 











392 W. T. MARTIN AND N. WIENER 


Hence 
(3.17) A(z?@tP!*)_-3" > ee?) 


The second inequality in (3.13) gives 


2\ (a+1)/a 
¥ @ 2 ax < —_ —}and(2z—nh) 
exp | Bs 2|4((S) ) <h(x -~Y +H DY eC 


l<nez/d 

(3.18) <h(z-N +H LD oh” 
l<nez/d 

—tahr e tmrzlz/al 


< h(x — ) + Ay“ 





1— e-takz 


Hence 


2 \ (a+1)/a 
(3.19) lim sup exp | -2 7 | A (s ) ) < s(2r) "x. 


Since \ is arbitrary, 


(3.20) lim sup e"" A(2***?!*) < 0. 
Hence 
(3.21) e PA (aretha) — 9(1). 


The relations (3.17) and (3.21) yield the conclusion of Pitt’s theorem for 
k=0. 


MASSACHUSETTS INSTITUTE OF TECHNOLOGY. 




















DEGREE OF APPROXIMATION BY POLYNOMIALS IN z AND 1/z 
By W. E. SEWELL 


1. Introduction. A polynomial of degree n in z and 1/z is a function of the 
form 


(1.10) = ra(z) = Quint” + Gung + ees + age + ay +--+ + ne"; 


we do not assume a_, or @, different from zero. Riesz’ has shown that | r,(z) | 
< M onC:|z| = 1 implies | r,(z) | S Mn,|z| = 1. In this paper we extend 
this result to various types of Jordan curves (see §2) for a generalized derivative 
(see §3) of an arbitrary positive order a. In fact, we prove that if C is a Jordan 
curve containing the origin in its interior, then | r,(z) | < M, for z on C, implies’ 
| ri(z)| S MK(a, C)n™, a > 0,1 S us 2, where K is a constant depending 
only on a and C, and u is a constant depending only on C. 

Also let f(z) be defined on C and suppose | f(z) — r.(z)| S «,, zon C (n = 
1, 2,---). If f(z) is continuous on C, there exists* for each n a polynomial 
r,(z) such that ¢«, approaches zero as n becomes infinite. Here we study the 
relation between ¢, and the continuity properties of f(z) on C. For an analytic 
Jordan curve C (see §4) the method consists in mapping the interior of C con- 
formally on |w| < 1 and applying results on trigonometric approximation 
due to de la Vallée Poussin‘ and Jackson.* We prove, for example, that, for C 
an analytic Jordan curve, the existence of r,(z) (n = 1, 2, --- ) such that | f(z) — 
rn(z)| S Mn“, zon C,0 < a@ < 1, @ and M independent of n and z, implies 
that f(z) satisfies a Lipschitz condition® of order a on C, and, conversely, f(z) satis- 
Sying a Lipschitz condition of order a on C implies the existence of r,(z) such that 
| f(z) — rn(z)| S Mn“,zonC. For f(z) the boundary function of a function 


Received January 26, 1938. 

1M. Riesz, Eine trigonometrische Interpolationsformel und einige Ungleichungen fir 
Polynome, Jahresbericht der Deutschen Mathematiker-Vereinigung, vol. 23(1914), pp. 
354-368. 

2 f-(z) denotes the generalized derivative of order a of f(z). 

3J. L. Walsh, Interpolation and Approximation by Rational Functions in the Complex 
Domain, American Mathematical Society Colloquium Publications, vol. 20, 1935; see p. 38. 

*Ch.-J. de la Vallée Poussin, Legons sur l’approxzimation des fonctions d’une variable 
réelle, Paris, 1919. 

5 Dunham Jackson, The Theory of Approximation, American Mathematical Society 
Colloquium Publications, vol. 11, 1930. 

6 The function f(z) satisfies a Lipschitz condition of order @ on C if for z; and zz arbitrary 
points on C we have | f(z:) — f(z) | S L | zi — 2: |*, where L is a constant independent of 
Zz, and 22. 
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analytic in C the problem has been studied by the author,’ Curtiss,® and Walsh 
and Sewell.’ 

For more general curves (see §5) we use the methods of the author (SIII) 
and the results herein on ri(z). We show, for example, that if f(z) is defined 
on an arbitrary Jordan curve C containing the origin in its interior, and if r,(z) 
(n = 1, 2, --+ ) exists such that | f(z) — r.(z) | S Mn-*,zonC,a > 2,aand M 
independent of n and z, then f(z) has a bounded first derivative on C. 


2. Preliminary definitions and theorems. Let w = ¢(z), whose inverse is 
z = #(w), map the interior of C conformally on | w| < 1, so that z = 0 goes 
intow = 0. We denote by J, the image under this mapping of the circle | w | = 
R <1; Ig is an interior level curve. Let w = ¥(z), whose inverse is z = V(w), map 
the exterior of C conformally on |w| > 1, so that z = © goes intow = ~. 
We denote by £, the image of the circle | w| = p > 1 under this mapping; £, 
is an exterior level curve. Let P be a point of C, let d(P, Ip) be the greatest 
lower bound of the distances from P to the points of Zz, and let d(C, Iz) be the 
greatest lower bound of d(P, Ig) as P traverses C. We take the following 
definitions and theorems from SIII. 

DerFinitTion 2.1. If 


(w:) — O(we) 
W1—~— We 


(2.10) 0<MSsS = N2<~, 


uniformly for | w;| S 1, | we| < 1, we shall say that “‘C is a curve of type S’’. 

DeFINITION 2.2. Let C be a Jordan curve composed of a finite number of Jor- 
dan arcs meeting in corners 2, 22,---, Zp, Of exterior openings wim, wet, --- , 
Mypt, 2> uw 2 me 2--- 2 yu, > O, and let the difference-quotient of the mapping 
functions w = ¥(z), w = $(z) be bounded in modulus on each smooth subarc. Let 
u be the larger of u, and 2 — w,. Then we shall say that “C is a curve of type w’’. 

DeFiniTION 2.3. Let C be a rectifiable Jordan curve. Let z, and 2, be arbitrary 
points, 2, ~ 2, o0f C. Let zs; be a point of C distinct from z and z, , and choose 
the direction on C so that z2 separates z, and z;. If constants N, and Nz , inde- 
pendent of 2; , 22 and 23 , exist such that 


(2.11) I |zs — 2] *|dx| S Ni] ze —23|**? + Ne, B > 0, 


1 


7W. E. Sewell, (1) Degree of approximation by polynomials to continuous functions, Bul- 
letin of the American Mathematical Society, vol. 41(1935), pp. 111-117; (II) On the modulus 
of the derivative of a polynomial, ibid., vol. 42(1936), pp. 699-701; (III) Generalized deriva- 
tives and approximation by polynomials, Transactions of the American Mathematical 
Society, vol. 41(1937), pp. 84-123. These papers will be referred to as SI, SII, and SIII, 
respectively. 

8 John Curtiss, A note on the degree of polynomial approximation, Bulletin of the Ameri- 
can Mathematical Society, vol. 42(1936), pp. 873-878. 

® J. L. Walsh and W. E. Sewell, Note on the relation between continuity and degree of poly- 
nomial approximation in the complex domain, Bulletin of the American Mathematical 
Society, vol. 43(1937), pp. 557-563. 
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where the path of integration is along C from z to z2, for z arbitrarily near 23, 
we shall say that ““C is a curve of type W’”’. 
THEOREM 2.4. Let C be a curve of type S. Then we have 


(2.12) d(C, E,) =Mi(p—1), d(C, Ie) = M2(1 — R), 


where M, and M:; are constants depending only on C. 
THEoreEM 2.5. Let C be a curve of type u. Then we have 


(2.13) d(C, £,) = Mi(p — 1)", d(C, In) = M.(1 — R)", 1<u <2, 


where M,; and Mz are constants depending only on C. 
THEOREM 2.6. Let C be an arbitrary rectifiable Jordan curve. Then we have 


(2.14) d(C, E,.) =>Mi(o— 1)’, d(C, In) = M2(1 — RY’, 
where M, and M;z are constants depending only on C. 
3. Generalized derivatives of r,(z). Let f(z) be defined and integrable on C. 


Then the Riemann-Liouville generalized derivative of f(z) (see SIII), if it exists, 
is defined at a point z of C as follows: 


D2f(z) = f(2); 


- = l ; —a-—l - 
(3.10) D:flz) = T(—a) [ (2 — xz)“ f(x) dz, a <0; 
Difiz) = © Dif), oS9-1Se<, 


where p is a positive integer. Here the point k is an arbitrary but fixed point 
on C and the path of integration is along C in a fixed direction. For analytic 
functions and a > 0 a more convenient representation of the generalized de- 
rivative is furnished by the following (see SIII): 

THEOREM 3.1. Let f(z) be analytic in the interior of a rectifiable Jordan curve y 
which passes through k and contains in its interior the point z and an arc i of type 
W’ joining k to z, and let f(z) be continuous in the closed limited region bounded by 
y. Then we have 





an .Mat}) [ sat 
(3.11) Dif(z) = oni [ G— ae a> 0, 
where the branch of (t — z)*' is determined on . 

Let k be a fixed point on C and denote by C” the set of points z on C with 
|z — k| > m > 0; our inequalities hold in general for z on C”. Let z be an 
arbitrary point on C”, and with z as center draw a circle 6 of radius so small 
that 6 does not contain the point & or the origin in its closed interior (the precise 
radius to be determined later), and let A be the first point of intersection of 


10 A particular branch of (z — z)~*"' is understood here (see SIII, pp. 94-96). 
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6 and C in traversing C fromktoz. Then ify is the path from k to A, A around 
6 and back to A, and from A along C to k, we have 





a,., _ I(a +1) r,(t) dt 
(3.12) ra(z) = ret f (t — 2H’ a> 0. 
Thus, 
. T'(a@ + 1) 4 r,(t) dt rq(t) dt 
(3.13) |r&(@)| Met De Peal +] / oe. 











We need the following lemma due to Walsh (op. cit., p. 258). 

Lemma 3.2. Let C be an arbitrary Jordan curve which contains the origin in its 
interior. If|r,(z)| S M onC, then |r,(z)| S Mp",p > 1,zonE, , and |r,(z)| S 
M/R",R <1,zonIpg. 

Now let C be a curve of type S and let the radius of 6 be M3(p — 1), where 
M; is the smaller of M, and M; in inequalities (2.11). Of course, p should be 
chosen sufficiently near 1 to insure that 6 contain neither k nor the origin in its 
closed interior. Letting R = 2 — p, we have 


d(C, E,) 2 Mi(ep — 1) = Male — 1), 
d(C, In) = M2(1 — R) = M3(p — 1), 


and consequently 6 lies in the closed limited region bounded by Ez and J,. 
Also, 


M M 
— = > Ma", > 1. 
BR @-p° , 


Hence | r.(é) | S M(2 — p)"fortoné. If we take 


_ n+ 2a 
it is easy to show (see SIII) that 
(3.15) | ra(z)| S MK(a, C)n*, zon C”, 


for n sufficiently large. Since r,_;(z) is also an r,(z) with the leading coefficients 
zero, we can adjust K(a, C) so that (3.15) holds for all n. Thus, we have the 
following 

THEOREM 3.3. Let C be a curve of type S which contains the origin in its interior. 
Let | r,(z)| S MonC. Then we have 


| ra(z) | S MK(a, C)n*, zonC”",a> 0, 


where K(a, C) is a constant depending only on a and C. 
For curves of type u we apply Theorem 2.5. This amounts to replacing 
aby au. Thus we have 
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THEOREM 3.4. Let C be a curve of type u which contains the origin in its interior. 
Let | r.(z)| S M onC. Then we have 


|ra(z)| S MK(a, C)n™, zonC”",a>0,1 <u < 2, 


where K(a, C) is a constant depending only on a and C. 

For curves of type W’ we apply Theorem 2.6 and we have 

THEOREM 3.5. Let C be a curve of type W’ which contains the origin in its in- 
terior. Let |r,(z)| S M on C. Then we have 


| r&(z)| < MK(a, C)n**, zonC”",a> 0, 


where K(a, C) is a constant depending only on a and C. 

If @ is an integer, we may use the Cauchy integral formula for the derivative, 
the integral being taken around 6. Thus we do not have to integrate along the 
curve, and hence we have (see SII) 

THEOREM 3.6. Let C be an arbitrary Jordan curve containing the origin in its 
interior. Let |r,(z)| <= M on C. Then we have 


|r, (z)| S MK(C)n’, zonC, 


where K(C) is a constant depending only on C. 

In fact, this theorem extends to an arbitrary ring-shaped region which does 
not contain the origin in its closed interior and which separates the origin from 
the point at . 


4. Degree of approximation—analytic curves. We consider first the case 
of the unit circle C:|z| = 1. Suppose f(z) is defined on C and" f‘”’(z) satisfies 
a Lipschitz condition of order 8,0 < 8 S 1,onC. OnC we have z = e” and 
hence f(z) = f(e”) = F(6) and F‘”’(6) satisfies a Lipschitz condition of order 8. 
Consequently, by Jackson (op. cit., p. 10), we know that there exists a trigo- 
nometric polynomial 7',(@) of order n in @ such that 


M 


| F(@) Bai T,.(8) | Ss npr? 
where M is a constant independent of n and @. But 


sin ko = ~ ards cos ké = 2 (k = 0,1, 2, ---), 








and hence 7',(@) can be written as a polynomial in z and 1/z. Thus we have 
the following 


1 f?)(z), where p is a positive integer, denotes the p-th derivative of f(z); f(z) =f(z). 
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TuroreM 4.1. Let f‘”(z), p = 0, satisfy a Lipschitz condition of order 8, 0 < B 
<S 1,onC:|z| = 1. Then for each n (n = 1, 2, --- ) there exists a polynomial 
r,(z) of degree n in z and 1/z such that 


M 


ae 


\f(z) — r,(z)| Ss 


where M is a constant independent of n and z. 

Now suppose C is an arbitrary analytic Jordan curve in the z-plane containing 
the origin in its interior. Let f(z) be defined on C and let f(z) satisfy a Lip- 
schitz condition of order 8, 0 < 8 S$ 1, on C. By mapping the interior C on 
|w| <1, we have f(z) = F(w), and by Theorem 4.1 there exists r,(w) such that 
| F(w) — ra(w)| S M/n?**, | w| = 1, or 


(4.10) | f(z) — sa(@(2))| S$ M/n?”, zon C, 8.(¢(z)) = ra(w). 


Since f(z) is bounded on C, by Lemma 3.2 we have | s,(¢(z)) | S Mip", p > 1, 
for zon E, andzonJ,,,. Furthermore, the function s,(¢(z)) is analytic in this 
region and can be split into two components, one analytic in the closed exterior 
of I,,, and the other analytic in the closed interior of E,. We can approximate 
these two components in the closed exterior of J2;;.;1:) and in the closed interior 
of E412 by polynomials r,(z) in z and 1/z so that 


(4.11) |o(9(2)) — ra(2)| = MY, 


for some fixed ¢ > 1, where M; is independent of o, n, and z. Thus by com- 
bining inequalities (4.10) and (4.11) we have 

THEOREM 4.2. Let C be an analytic Jordan curve containing the origin in its 
interior. Let f(z) be defined on C and let f(z) satisfy o “ipschitz condition of 
order 8,0 <8 S1,0nC. Then for each n (n = 1, 2, --- ) there exists a poly- 
nomial r,(z) of degree n in z and 1/z such that 


M 


nPrs ’ 





f(z) — r,(z)| Ss zonC, 
where M is a constant independent of n and z. 

An approximate converse is 

THEOREM 4.3. Let C be an analytic Jordan curve containing the origin in its 
interior. Let f(z) be defined on C and for each n (n = 1, 2, --- ) let there exist a 
polynomial r,,(z) of degree n in z and 1/z such that 


M 


f(z) — m(2)| S a, zomC,0<6 <1, 


where M is a constant independent of n and z, and p is a positive integer or zero. 
Then f” (z) exists on C and satisfies the condition 


if (a1) — f? (x) | > L\ 2 a 7 | log | 21 _ 22 | r 21, zon C, 
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where 6 = O0if B < 1, andé = 1 af 8 = 1, and where L is a constant independent 
of z, and z.. 

The proof follows a method used by Walsh and Sewell (loc. cit.). For C 
the unit circle, f(z) is a function of @ and r,(z) is a trigonometric polynomial of 
order n in 6. Thus, the results of de la Vallée Poussin (op. cit., Chapter 4) 
apply directly. For the general analytic Jordan curve the result follows by 
mapping the interior of C on | w| < 1 and approximating r,(#(w)) by a poly- 
nomial of degree n in w and 1/w (see the proof of Theorem 4.2, and Walsh and 
Sewell, loc. cit.). 

It should be noted that Theorem 4.3 is an exact converse of Theorem 4.2 for 
0<68< 1. Anexact converse for 8 = 1 is impossible as shown by an example 
in Walsh and Sewell (loc. cit.). 

It has been shown (see SIII) that, if f‘”(z) satisfies a Lipschitz condition of 
order 8 on C, f(z) has a bounded derivative of every order a’ < p + 8, and that, 
if f(z) has a bounded derivative of order a = p + 8 on C”, f’”(z) satisfies a 
Lipschitz condition of order 8,0 < 6 S 1. Of course, if we take two points k, 
it is clear that the Lipschitz condition holds uniformly on C. Thus in Theorems 
4.2 and 4.3 bounded derivatives may be used to describe the continuity proper- 
ties of the function. 


5. Degree of approximation—more general curves. Our first result is 

THEeoreM 5.1. Let C be a curve of type S containing the origin in its interior 
and let f(z) be defined onC. If for everyn(n = 1,2, --- ) there exists a polynomial 
r,(z) of degree n in z and 1/z such that 


If(e) — ra(e)| S =. er 


M a constant independent of n and z, then f(z) has a bounded derivative of every 
order a’ < aonC. 

The proof is based on an application of Theorem 3.3. Using Theorem 16.1 
of SIII we can apply a procedure similar to that of Montel” to prove the theo- 
rem. Of course, this involves two separate choices of k, each yielding a bounded 
derivative on C”, and since these two overlap, we have the continuity property 
for the entire curve. 

By applying Theorems 3.4 and 3.5, respectively, and the above method, we 
obtain 

TuHeoreM 5.2. Let C be a curve of type u containing the origin in its interior 
and let f(z) be defined onC. If for everyn (n = 1,2, --- ) there exists a polynomial 
r,(z) of degree n in z and 1/z such that 


| f(z) — r,(z) | <=, a>0,1<u<2,zonC, 


12 P. Montel, Sur les polynomes d’approzimation, Bulletin de la Société Mathématique 
de France, vol. 46(1919), pp. 151-196. 
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M a constant independent of n and z, then f(z) has a bounded derivative of every 
order a’ < aon. 

THEOREM 5.3. Let C be a curve of type W’ containing the origin in its interior 
and let f(z) be defined onC. If for everyn (n = 1,2, --- ) there exists a polynomial 
rn(z) of degree n in z and 1/z such that 


Ife) — rf) S 2, <>iowe 


M a constant independent of n and z, then f(z) has a bounded derivative of every 
order a’ < aonC. 

For an arbitrary Jordan curve C containing the origin in its interior we apply 
Theorem 3.6 to obtain (see SII) 

THEOREM 5.4. Let C be an arbitrary Jordan curve containing the origin in its 
interior and let f(z) be defined on C. If for every n (n = 1, 2, --- ) there exists a 
polynomial r,(z) of degree n in z and 1/z such that 


\s@) - r)| =X, a > 2,z0nC, 


aand M independent of n and z, then f(z) has a bounded first derivative on C. 


GeorGia ScHOOL oF TECHNOLOGY. 











THE JUMP OF A FUNCTION DETERMINED BY ITS FOURIER 
COEFFICIENTS 


By Orro SzAsz 


1. Let f(z) be integrable L in the interval (—7, x) and have period 27, and 
let its Fourier series be 


f(x) ~ 5a = 2 (a, cos vz + b, sin vz), 
where 
(1) 2c, =a, — ibh=* | feat = (= 0,1,2,---). 
We shall also use 


8,(z) = > + > (a, cos vz + b, sin vz) = >> Az), 
1 0 
(2) ‘ . 
&,(2) = a (b, cos vz — a, sin vz) = >, A,(z). 
1 1 


§,(z) is the trigonometric polynomial conjugate to s,(z). It is well known 
that the arithmetic means 


o,(x) = 


Stat:-- +i _1ly 
statin tes 2G ae 
(3) 


sin 4n(t — x)\’ 
= mz | 10(S 3) 4 
converge to 3{f(x + 0) + f(x — 0)}, whenever this expression exists.’ We are 


concerned here with the determination of the jump: D(x) = f(z + 0) — f(x — 0). 


Received January 28, 1938; presented to the American Mathematical Society, February 
26, 1938. 

1This is Fejér’s classical theorem; it was generalized by Lebesgue, who proved 
on(x) — f(x) whenever 


h 
qi | f(z +t) + f(z — t) — 2f(z) | dt 0 ash > 0. 
0 


An extension of this result is [3, §5; 6; 4]: 
h h 
[ |e(t)|dt = O(h) = and [ e(t) dt = oh), 
0 0 


where g(t) = f(z + t) + f(x — t) — 2f(zx), imply ¢,(z) — f(z). 
401 
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Several solutions of this problem have been given. To point out some of 
them Fejér [2]’ and Csillag [1] proved the following 
TuEoreM 1. [f f(x) is of bounded variation, then* 


(4) T lim {S.(r) — @,(x)} = f(x + 0) — f(x — 0), 
where 
(5) ee RS2 SS, 


Lukaes [5] proved 
THEOREM 2. Let f(x) be integrable in(—2x, 7). If there exists a D(x) such that 
h 
lim ff fle + t) — fla — t) — D(z) |dt = 0, 
h-+0 h 0 
then 


(6) lim 3.(z) _ 1 D(z). 


no-ologn 


Finally, the author [7, §3] has given the following 
THEOREM 3. If f(x) is integrable and if there exists a D(x) such that 


(7) lim j [le +0 — fle - 0 - DG} dt = 0, 
then 
, d l 
lim (1 — r) —H(r,2x) = - D(a), 
r—1—0 dx Tv 
where 


H(r, x) = > + > (a, cos vx + b, sin vx)r’. 
1 
Remark. We have 
f(ix+t—-—f(x-D~2 Dm A,(2) sin vt, 
1 


hence 


2 


Hi h ; sin 4vh\") 
, |, Set -fe-d\dt=a Y vA(z) (5 5) p- 
“ rT Vv 
Thus the assumption (7) can be written as 


lin ah a vA,(x) (= my a D(z); 
Tv 





ho>+0 T 1 vh 


2? The numbers in brackets refer to the literature at the end of this paper. 

* Fejér considered functions satisfying Dirichlet’s conditions, and Csillag generalized 
his result to functions of bounded variation. In view of the Riemann-Lebesgue lemma 
we may replace §, by 3,4, , where » is any fixed integer. 
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this means that the sequence {vA,} is summable by the Riemann method of 
the second kind to the value x ‘D. Note that 


2h fl , S/sinvh\’\ _ 
i+ d/( vh yh =n. 


On the other hand, the conclusion of Theorem 3 asserts that the sequence 
{vA,} is Abel-summable. 





2. The purpose of this paper is to give a new determination for D(x) by 
using a trigonometric polynomial related to the one in (4). We shall first prove 
TueoreM I. Under the same assumption as in Theorem 2 


(8) en (an(2) — ale) = log 2-D(z). 


Remark. Note that (4) can be written as 
lim n(é, — G1) = lim 4s vA, = = f(z + 0) — fiz — 0)}. 
no no 1 


It is the limitation of the sequence {vA,} by arithmetic means. On the other 
hand, (6) is 





_ (n+ ltrs — ne, _ ,. 1 el, _. 1 
= log n = in log n ) va, = ; Dt). 


Here logarithmic means are applied. 
To prove Theorem I, we write 


2 ee 1 2n . 1 n 2. 
Bm — Gn = 5 Ds (2n vA, nen v)A, 


1 n - 2n P 
- p> vA, + 2X (2n — nad, 
where 
(9) A, = A(z) = —S(2c,e""). 


Now (1) gives 


n Qn 
21% a 4 ie Neve 
1 


n+l 


® n 2n 
= 1 f(t) ‘x pei) + Zz (2n ps nen} dt 
T J—« 1 n+l 


i e* ® eit Sos ein e—©) 2 " 1 i. Seine (= An(x = +) 
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Hence by (9) 


— = - f(t) sin n(x — 2) (caine — OY dt 


ff f(x — t) sin nt (2! it) dt 


of {f(x + t) — f(x — t)} sin nt (= a] dt. 


But — =f sin n “(a ‘i y dt is the n-th arithmetic mean for the cosine 


series a sin nz atx = 0. On writing 





@ 

. ao 

sin nt ~ 5 + La, cos va, 0<2<7n, 
1 


we have 
ee > ome ' 
a, = — sin nt cos vt dt = - {sin (n + v)t + sin (n — »v)t} dt 
TT JO wT JO 


~~ ee ee (v = 0,1,---,n—1). 


rn? — yp? 


Et sin nt (Si) dt = - {1 — (-—1)"} +* > (n — v)a, 
0 





nT sin $¢ nr 
— 1 ; _ (—1)**” 
+28 
Denoting this expression by w, , we next prove that 
(10) lim w, = : ~ log 2. 
We have 
8h ice $8 1 _3¢ _ 
Qn-+v whi 2n+2k—1 mnie 2k — 1° 
1+ —— 
2n 
This gives 
cP ia = 
aaa I i¢e*s 
Also 
2 2 2n 1 = (- Sh 2 4 n+1 1 
— St Ses TO. a 
(2n + 1)x 2n+rv+1 ~ (Qn+1)r ws 2n+2k—-1 


en — 2 
(2n-+1)r © (4n+1)x’ 


= Wen — 














JUMP OF FUNCTION DETERMINED BY FOURIER COEFFICIENTS 405 
and hence - 


lim wens = . = log 2. 


no 


This proves (10). We now get 


Gen(x) — n(x) — 4w, D(z) 


mh (f@ + 0) — fe — ) — D@)} sin nt (= i“) dt, 


from which it follows that 


| Gen(x) — n(x) — 40, D(z) | 


sh ft inte +0 - fe —9 — De | (EY a 


But it follows from the theorem of Lebesgue already referred to in footnote 1 
that for a function y(t) for which the mean integral 


1 h 
iff | ¥(t) | dt > 0, ash—0, 


we may conclude that 
ate [iv | (Say ae 0, mn 0. 


lim { G2n(z) — G(x) — 30, D(zx)} = 0, 


We finally obtain 


or, using (10), we get 
lim {é2,(z) — é,(x)} = * log 2-D(z). 
This proves the theorem. 


Substituting in (8) n = 2’, » = 1, 2,3, --- , and taking the arithmetic means, 
we find 


This can be deduced directly from (6). 
3. By analogy with the extension of Lebesgue’s theorem, referred to in foot- 


note 1, we can extend Theorem I as follows: 
THeoreM II. Suppose that f(x) is integrable L in (—x, x) and that 


[ | P(x, t) | dt = O(A), r ¥(z, t) dt = o(h), h— +0, 
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where y(a, t) = f(x + t) — f(x — t) — D(x); then 


lim {G2n(z) — 6,(z)} 


no 


1 ing 2-D(z). 
Tv 


We first prove the 
Lemma. 0 < f — sin’ t < t for0 <t < 4n. 
We have for 0 < t < 42 


o< t< sin t 
cost’ 
hence 
sin” t 
t< 
1 — sin? ?’ 
or 
t 
#<(1+#)sin*t,  sin’t> ee — 7. 
Finally 


0<f~— sin’t < &. 


We now write 


° , 1 d sin’ 3nt . 
Gan — Gn — 40,D = ny V(z, t) Gye sin nt dt 


oo 
af ¥(a, t) sin? 3nt-sin nt ‘an — an? a dt 
~ + ye”. 


But by the lemma 


| 73” | = sx [ | P(a, »i(5) G) = ain? it = = On aah | ¥(x, t) |dt = of? ). 


We thus have only to prove J{” — 0. On putting 


max aa V(x, t) dt = e(8), 
o<assh 

we have «(6) | Oasé | 0. Thus (6) = de? T © asd | 0,80 that if 6 = 

p(d) is the function inverse to A, then p(A) | Oasd T ©, and d-p(A) = oe *5 

=e'T wasé | 0,oras\ fT «©. We now split up the expression J{” in the 

form 


p(n) ® 
I\” = a if - [ } = Ti)” + T:”, n>, 
nt p(n) 
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where m is chosen so large that p(m) < 7. Writing 


h h 
[ v(x, t) dt = Wilh), [ | ¥(2, t) | dt = nth), 


+2 [ r*y(t) at. 
(n) e } 


p (n) 


ITI < 2 a(n) + 20( [ rsat)} = o(! + Tay) +0 as now, 
nr | 2 p(n) n np(n) 


Furthermore 





a) 1 er 4 2\-. 
|T:"| s | | Y(z,t)| jdt = 2 n(t) 
p(n) a nr 




















p(n) Nes a ™ 
T” = EJ v(2,t) @ cos nf) sin nt dt 
nr jo t? 
p(n) 2 — 
- “ v(2, t) sin nt 2 sin 2nt dt 
mw Jo : 
si “aoe 1a p(n) p(n) S 1 pa 8 
_ s. {Hi sin nt : in 2nt 7 v(t) n(cos nt ; cos 2nt) dt 
TT " 0 
p(n) ° ‘ 
2s = 
_ I v(t) 2(sin nt = sin 2nt) at). 
0 / 


Hence, writing p, for p(n), we finally obtain 


Pn Pa 
Ti"? 1 < 4 2e(p,.) + 8 €(pn) [ t' sin? nt dt + & €(p,) [ 2t~*| sin nt | sin® }n dt 
Tv us 0 nr 0 


8 2 [*.fsin ntY 1 ™ (sin 4nt\’ , » 
< {lon + elon’ | (%, ) a+ eo.) | (at ) intat) 


8 8 ooh wall 
< ~ €(pn) {1 + 4n’p, + 4np,} = ~ (on) {1 + }e(p,)* + 3e(p,) *} +0 








asn— ©. This proves Theorem II. 
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INTEGRATION IN ABSTRACT METRIC SPACES 
By S. Saks 


1. In a recent note Banach’ established the following theorem which may be 
regarded as an interesting extension of the well-known formula of F. Riesz for 
linear functionals over the space of continuous functions on a finite interval. 

Let H be a compact metric space and ® a non-negative linear functional 
defined over the space of continuous real functions on H; i.e., 

(i) &(f) = 0 whenever f is a non-negative continuous function on H, 

(ii) ®(f + g) = (f) + Og) for any two continuous functions f and g on H, 

(iii) lim #(f,,.) = 0, if {f,} is a sequence of continuous functions, converging 

n 


to 0 uniformly on H. 
Then there exists a measure yu in the space H, with respect to which 


(1.1) (9) = I, (2) du(z) 


for any function g continuous on H.’ 

Banach’s original proof of the above theorem is based on the general theory 
of functional operations and on his theory of integration on abstract spaces. 
In this note we give another proof which seems more elementary and which is 
based directly on the Lebesgue theory of integration as extended to abstract 
spaces by Fréchet. 


2. In what follows H will be a fixed compact metric space and p(a, b) the 
distance between any two points a, b of the space. If ae H and r > 0, then 
S(a, r) will denote the open sphere with center a and radius r, i.e., the set of 
points x such that p(a, x) <r. The set of points x such that p(a, x) = r is the 
surface of the sphere S(a, r). If A is any set in H, the closure of A will be 
denoted, as usual, by A. 

Finally, & will denote a non-negative linear functional defined over the space 
of continuous functions on H. 


3. For every set E in H, we shall denote by I'(Z£) the lower bound of the 
numbers #(f), where f is an arbitrary non-negative continuous function on H 


Received February 20, 1938. 

1S. Banach, The Lebesgue integral in abstract spaces (Note II in the book by 8. Saks, 
Theory of the Integral, 2d ed., Monografie Matematyezne, Warsawa, 1937, pp. 320-330, 
esp. p. 326). 

2 In this connection see also G. Fichtenholz and L. Kantorovich, Sur les opérations dans 
Vespace des fonctions bornées, Studia Mathematica, vol. 5(1934), pp. 67-78. 


408 











ce 


ans 





INTEGRATION IN ABSTRACT METRIC SPACES 409 


such that f(z) 2 1 for ze EH. Thus defined, the set function I is clearly non- 
negative and satisfies the following three conditions: 


(P;) T'(A) S I(B) whenever A ¢ B, 
(Pe) r(A + B) S (A) + I(B) for any pair of sets A, B in H, 
(P3) I(A + B) = I(A) + I(B) whenever p(A, B) > 0, 
where p(A, B) is the distance between the sets A and B. 

Only the property (Ps) requires a proof, the first two properties being obvious. 
Since p(A, B) > 0, by a well-known theorem’ there exists a function h(x) con- 
tinuous in the whole space H, and equal to 1 on B and to 0 on A. 


Now let ¢ be an arbitrary positive number and f a non-negative function 
continuous on H subject to the conditions 


(3.1) f(x) 21 forzreA + B, 
(3.2) (A + B) + €« 2 #(f). 


Put fi = (1 — A)f, fe = Af. Both functions f; and f2 are non-negative and 
continuous, and by (3.1), we have 


fiz) = f(z) 2lonA, = fo(x) = f(z) 2 Lon B. 
Consequently, in virtue of (3.2), 
P(A + B) + € 2 Of) = H(fi) + P(fe) 2 P(A) + TB), 

whence ['(A + B) 2 T(A) + I(B), and because of the property (P2), '(A + B) 
= I(A) + I(B). 

4. For any set E in H we shall denote by u(Z) the lower bound of the sums 
> r(G,), where {G;} is an arbitrary sequence of open sets such that E ¢ >> G,. 
k k 


From the properties (P,), (P2) and (P3), it immediately follows that the function 
of sets u satisfies the three conditions of outer measure of Carathéodory ‘ 


(C,) w(A) S w(B) whenever A ¢ B, 
(C2) u(>_ A.) S > u(A;) for any finite or infinite sequence {A;,} of sets, 
k k 
(C3) u(A + B) = u(A) + u(B) whenever p(A, B) > 0. 
Furthermore, if F is any closed set, then u(F) = I(F). In fact, if {G,} isa 
sequence of open sets such that F C > G;, then, by the Borel covering theorem, 
k 
N 
for sufficiently large N we have F C > G, and consequently, in view of the 
k=1 
properties (Pi), (Ps), 
N CJ 
r(F) < Dr@,) s Lr@). 
k=l k=l 


3 See, e.g., P. Alexandroff and H. Hopf, Topologie, vol. I, p. 74. 
4 See, e.g., S. Saks, loc. cit., p. 43. 
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Since {G,} is an arbitrary sequence of open sets covering F, it follows that 
I(F) S w(F). 

To establish the opposite inequality, let « be an arbitrary positive number 
and f a non-negative function continuous on H such that f(x) = 1 for xe F and 
such that $(f) < T'(F) + «. Let G be the set of points z at which (1 + ©)f(z) 
> 1. The set G clearly is open and contains the set F. Hence, 


u(F) < TG) S$ (1 + Of] = (1+ 0a) < (1 + OIT(F) + 4. 
Therefore u(F) S T'(F). This completes the proof.° 


5. The function of sets u, as an outer measure in the sense of Carathéodory, 
determines a class of measurable sets and a process of Lebesgue integration. 
In order to establish the theorem of Banach stated in §1, we only have to prove 
that the inequality 


(5.1) #(g) Ss [ g(x) du(zx) 


holds for any continuous function g on H. The opposite inequality will then 
immediately follow by changing the sign of g. On the other hand, by adding 
a constant to g, if necessary, we can confine ourselves to the case when g is 
continuous and non-negative. 

Now let ¢ be an arbitrary positive number, and 7 a positive number such that 
| g(v2) — g(a.) | < € whenever p(x; , 22) < ». By the Borel-Lebesgue covering 
theorem the space H may be covered by a finite number of open spheres S, , Se , 
--+ , S, with radii less than $n. Moreover, since 4«(H) < «, we may assume 
that the surface of each of these spheres is of measure (u) zero.° 

Now let K, = 38,, Ke = S; — Ki,---,Kn = S, — Ku. The sets Ki, 
K,, --- , K, form a finite system of closed, non-overlapping sets of diameters 
less than y. Furthermore, the boundary of each of these sets is of measure 
(u) zero; hence on denoting by 1; the lower bound of g on K; (¢ = 1, 2, --- , n), 
we have 


(5.2) [ o(2) du(z) = 3 bal. 


On the other hand, since u(K;) = I'(K,) (¢ = 1, 2, --- , n) (ef. §4), we can 
associate with each K; a non-negative continuous function f; such that f(z) = 1 
on K; and such that »u(K;) = (fi) + «/(nl:). Put f(x) = hfi(z) +--- 
+ 1,f.(z) + «. Since the oscillation of g on each set K; does not exceed e, it 


5 The above proof shows that the inequality u(F) S I'(F) holds for any set F whatsoever, 
not necessarily a closed set. 

® Indeed, if a is any fixed point, the set of values r = 0 for which the surface of the sphere 
S(a, r) is of positive measure (x) is at most enumerable. 
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follows that f(x) = lifi(z) + € 2 g(x) for re K; (¢ = 1, 2,---,n), and so 
f(x) = g(x) on the whole space H. Thus, in virtue of (5.2), 


[ o(e) du(z) = SWIG) + «/(nld] = (X Lf.) 7 


= O(f) — O(c) + « = Hg) — He) + «. 


Allowing here ¢ to approach 0, we obtain the inequality (5.1), and the proof is 
complete. 


6. The formula (1.1) holds for all linear functionals &, not, however, necessa- 
rily non-negative, under the condition that y is interpreted as a general completely 
additive function of Borel sets. In fact, any linear (i.e., additive and con- 
tinuous) functional over the space of continuous functions on H may be repre- 
sented as the difference of two non-negative linear functionals. We thus obtain 
a complete generalization of F. Riesz’ formula mentioned at the beginning of 
this note. 


UNIVERSITY OF WARSAW. 





THE PROJECTIONS OF THE ASYMPTOTIC CURVES 
By M. L. MacQureEeNn 


1. Introduction. A line ), through a point of a surface in ordinary space but 
not lying in the tangent plane of the surface at the point and a line 2, lying in 
the tangent plane but not passing through the point are called reciprocal lines 
if they are reciprocal polars with respect to the quadric of Lie at the point. 

G. M. Green,’ in his investigation of the theory of reciprocal congruences, 
arrived at an important pair of reciprocal lines, now commonly called the 
canonical edges of Green, by considering the projections of the asymptotic 
curves upon the tangent plane at a point of a surface. 

In this paper we propose to continue the investigation of the projections of 
the asymptotic curves upon the tangent plane at a point of a surface. For this 
purpose power series expansions for the projected asymptotics are deduced, 
the center of projection being a point on an arbitrary line J, at a point of the 
surface. Consideration of certain osculants associated with the projected 
asymptotic curves leads to new geometric characterizations of the canonical 
edges of Green and to other canonical lines. Finally, brief attention is given 
to a particular transformation of Cech. 


2. The projections of the asymptotic curves. If the four homogeneous pro- 
jective codrdinates x, --. ,2 of a point P, on a non-ruled surface S in 
ordinary space are given as analytic functions of two independent variables 
u, v, and if the parametric net on S is the asymptotic net, then the functions z 
are solutions of a system of differential equations which, by suitable choice of 


proportionality factor, can be reduced to Fubini’s canonical form 


Zuu px + Ou%u + Br, 
(1) (@ = log fy). 
Lov = QE + ¥lu + Mtv, 


The coefficients of these equations are functions of u, v and satisfy three integra- 
bility conditions. 

The coérdinates X of a point near P, and on the u-curve through P, are 
given by an expansion of the form 


(2) X=2+42,Au + }ay,Au?+.--. 


Received March 2, 1938. 
1G. M. Green, Memoir on the general theory of surfaces and rectilinear congruences, 
Transactions of the American Mathematical Society, vol. 20(1919), p. 108. 
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If the points xz, 2, , Z», Zu» are used as the vertices of a local tetrahedron of 
reference with a suitably chosen unit point, the local coérdinates y,, --- , ys 
of the point X are represented by the expansions 


yi = 1+ dpa’ + .-.., 

ye = Au + 30,Au’ + --., 

ys = }6Au’ + 3(8, + BO,)Au’ + ---, 
ys = 3BAu’ + y5(8, + 80,)Au‘ + ---. 


In the notation employed by Lane,” a line J, through a general point P, of a 
surface joins the point x to the point y defined by placing 


(3) 


(4) y= —aryy — bz, + Luv, 


wherein a, b are functions of u,v. Dually, a line i, in the tangent plane at the 
point P, joins the points p, o defined by placing 


(5) p = 2x — bz, o = I — az, 


where a, b are functions of u, v. If the functions a, b are the same in equa- 
tions (4), (5), the lines J, , are called reciprocal lines, because they are reciprocal 
polar lines with respect to the quadric of Lie or any quadric of Darboux at 
the point P,. Moreover, two reciprocal lines 1, , lz are canonical lines of the 
first and second kind respectively in case 


(6) a=-ky, b= —kg, 
where k is a constant and 
(7) g = (log fy’)., ¥ = (log 6’y).. 


If the local coérdinates of a point referred to the tetrahedron z, x, , 2», Lue 
are yi, --- , Ys, and if the codrdinates of the same point are 2, --- , 2; when 
referred to the tetrahedron z, p, 7, y + Az, where ) is an arbitrary scalar function 
of u, v, then the equations of the transformation of coérdinates between the 
two tetrahedrons can be written in the form 


t= yr + bye + ays + (2ab — A), 
te = Y¥2+ ays, 
tz = ys + bys, 


a= YM. 


(8) 


The parametric equations of the projection of the asymptotic u-curve from the 
new vertex (0, 0, 0, 1) onto the tangent plane, z, = 0, are found by substituting 
the series (3) for y: , --- , ys into equations (8) and taking such linear combina- 


2E. P. Lane, Projective Differential Geometry of Curves and Surfaces, University of 
Chicago Press, 1932, p. 82. 
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tions of the resulting coérdinates x, , --- , 2, and of 0, 0, 0, 1 as will make the 
fourth coérdinate vanish. For these results we find 

m1 =1+ bAu+.--.-, 
(9) te = Au + 306,Au'+.---, 


x3 = 3BAu’ + 3(8. + BO. + bB)Aw’ + ---. 


Introducing non-homogeneous coérdinates in the tangent plane by the defini- 
tions 
(10) r= 2/n, y = 23/1, 
we find 
z= Au + 3(0, — 2b)Au' + ---, 
™ y = 3BAu" + $(8. + BO, — 2b8)Au’ + ---. 


Inverting the first of these series, we obtain 
(12) Au = z — 3(0, — 2b)z*>+---. 


If we substitute this series for Aw in the second of the series (11), we arrive 
at the power series expansion for the projection of the asymptotic u-curve from a 
point on a line l, upon the tangent plane, namely, 


(13) y = $Bx* — $B(y — 4b)2* + ---. 


Similar calculations lead to the following expansion for the projection of the 
v-curve upon the tangent plane, 


(14) x= by’ — vy — 4a)y + ---. 


It will be observed that, as far as written, equations (13), (14) are inde- 
pendent of \ and hence of the position of the center of projection on the line J, 
which is now being used as the edge zz = x3; = 0 of the tetrahedron of reference. 


3. The osculating nodal cubic of the projected asymptotics. The plane 
cubic curve which has the point P, for a node and the asymptotic tangents 
x, = 0 and xz; = 0 for nodal tangents has the equation 


(15) I XoXs + a,22 + bi: x323 + boxers + a2z3 = O. 


If we introduce non-homogeneous coérdinates by the definitions (10) and 
make use of equations (13), (14), we find that the nodal cubic (15) has second 
order contact with each of the projected asymptotic curves at the point P, 
in case 


(16) a, = —36, a2 = — 7. 
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Moreover, it has third order contact with each of the projections in case 
(17) b, = 3(@ — 4b), = be = 3 — 4a). 


Therefore, the equation of the nodal cubic curve having contact of the third order 
with the projections of the asymptotic curves at the point P, is given by 


(18) zy + 4(¢ — 4b)2"y + 4(y — 4a)zy* — 3(Bx* + yy’) = 0. 
The line containing the three inflexions of the cubic (18) has the equation 
(19) ti + 3(y — 4b)xe + 3(Y — 4a)zs = 0. 
This line obviously coincides with the line po, xz; = 0, in case 
(20) a=i¥, b= ty. 


Thus we obtain a new geometric characterization of the first canonical edge of 
Green which may be stated in the following words: 

The line of inflexions of the osculating nodal cubic of the projected asymptotic 
curves coincides with the line po if, and only if, the center of projection is a point 
on the first canonical edge of Green. 

If we suppose that the center of projection is a point on the projective normal 
at P, so that a = b = 0, we obtain the following result: 

If the asymptotic curves are projected onto the tangent plane from a point on the 
projective normal, the line of inflexions of the osculating nodal cubic of the pro- 
jected asymptotics is the second axis of Cech. 


4. Conics associated with the projected asymptotics. By means of the power 
series expansion (13), we find that the conics having contact of the third order 
with the projected u-curve at the point P, are given by 


(21) y — 36x" + 3(~ — 4b)zy + hy’ = 0, 


where A is a parameter. The particular conic, K, , of the pencil (21) which 
passes through the point o has the equation 


(22) y — 36x" + 4(~ — 4b)zy = 0. 


Similarly, the conic K, having contact of the third order with the projected 
v-curve at P, and passing through the point p has the equation 


(23) x — by’ + HW — 4a)zy = 0. 
The equation of the tangent to the conic K, at the point o is found to be 
(24) ti + 3(¢ — 4b)z2 = 0, 


and the tangent to the conic K, at the point p is given by 
(25) + (yp - 4a)zx;3 = 0. 
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These two tangents coincide with the line po if, and only if, 


a=W, b= iy. 


Thus the following theorem is proved: 

If the asymptotic curves at a point P, of a surface are projected from any point 
of a line l, onto the tangent plane at the point, and if the four-point conics K,, , K, 
at the point P, of the projected asymptotics pass through the points o, p, respectively, 
then these conics are tangent to the line |, if, and only if, the lines l, , le are the 
canonical edges of Green. 

Let us suppose that the center of projection is a point on any canonical line 
of the first kind distinct from the first edge of Green. Use of equations (6) 
shows that the two tangents defined by equations (24), (25) can be written 
respectively in the form 


r+ 3(1 + 4k)gre = 0, 
(26) (1 + 4k ¥ 0). 
a + 3(1 + 4k)prs = 0, 


These two lines are found to intersect in a point which lies on the first canonical 
tangent at P,. Thus we arrive at the theorem: 

Let the asymptotic curves at a point P, of a surface be projected upon the tangent 
plane from a point on any canonical line of the first kind distinct from the first edge 
of Green. Let the four-point conics K,, , K, at the point P, of the projected asymp- 
totics pass through the points o, p, respectively. The lines tangent to these conics 
at the points p, o intersect in a point which lies on the first canonical tangent at P, . 

It is a routine matter to calculate’ a power series expansion for one non- 
homogeneous projective coérdinate z of a point on a surface S in terms of the 
other two coérdinates x, y. Referred to the tetrahedron z, r., 2», Zu» With 
suitably chosen unit point, such an expansion takes the form 


z= zy — 3(8x° + vy’) 


(27) 
+ wy(Ber* — 4By2*y — 60..2°y? — dyery’ + vy") + ---. 


It is well known that the tangent plane, z = 0, at an ordinary point of a surface 
intersects the surface in a plane curve C with a node at the point, the nodal 
tangents being the asymptotic tangents of the surface at the point. The two 
branches of the curve C which are tangent to the u-tangent, z = y = 0, and the 
v-tangent, z = z = 0, will be referred to as the u- and v-branches, respectively. 
The u- and v-branches of the curve C are easily found to be given respectively 
by the expansions 


2 3 
3Bx — zxBexr + ---, 


dry’ — tev? + ++. 


y 


x 


(28) 


3 E. P. Lane, Power series expansions in the neighborhood of a point on a surface, Proceed- 
ings of the National: Academy of Sciences, vol. 13(1927), p. 808. 
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Using a power series expansion for a surface which differs from the expan- 
sion (27), D. Sun has studied‘ certain osculants of the curve of intersection of a 
surface and its tangent plane. For example, in our notation, the nodal cubic 
(15) which has third order contact at the point P, with both u- and »v-branches 
of the curve C is found to have the equation 


(29) ry + hea*y + dyay’ — 4(62° + vy’) = 0. 


The line of inflexions of this cubic’ is the second canonical edge of Green. More- 
over, all of the * non-composite cubic surfaces having fourth order contact 
with the surface at the point P, cut the tangent plane of the surface at P, in 
the cubic (29). 

Let C; and Cz be two plane curves having contact of the first order at a 
point P. Let us consider an arbitrary conic having four-point contact with 
the curve C, at P and another conic having similar contact with C; at P. These 
two conics intersect twice at P and in two other points M, N. Bompiani has 
shown’ that the harmonic conjugate of the common tangent of the two curves 
with respect to the two lines PM, PN is an invariant line which is independent 
of the two particular conics of the pencils considered. 

Since the projected u-curve and the u-branch of the curve of intersection of 
the surface and the tangent plane have contact of the first order at an ordinary 
point P,, we may therefore apply the considerations summarized in the pre- 
ceding paragraph. For this purpose, using the triangle of reference zpo, we 
find that the equation of the four-point conics at the point P, of the u-branch 
of the curve of intersection of the surface and its tangent plane at P, is 


(30) y — 36x° + (yp — 4b)zy + ky’ = 0, 


where k is a parameter. Subtracting this equation from equation (21), we 
obtain 


(31) Ba* — 3(~ — 4b)zy — 6(h — k)y’ = 0, 


which is the equation of the two lines projecting from P, the points of inter- 
section of the two conics. It is easy to show that the harmonic conjugate of 
the common u-tangent, y = 0, with respect to the two lines given by equation 
(31) is the line 


(32) 4Bx — (y — 4b)y = 0. 


Consideration of the projected v-curve and the v-branch of the curve C at the 
point P, yields an analogous line whose equation is 


(33) (y — 4a)xr — 4yy = 0. 


4D. Sun, On the curve of intersection of a surface and its tangent plane, Téhoku Mathe- 
matical Journal, vol. 38(1933), p. 245. 

5 Fubini and Cech, Introduction 4 la géométrie projective différentielle des surfaces, Paris, 
1931, p. 100. 

6 E. Bompiani, Invarianti proiettivi di contatio fra curve piane, Rendiconti dei Lincei, 
ser. 6, vol. 3(1926), p. 118. 
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The lines (32), (33) coincide respectively with the v-tangent, z = 0, and the 
u-tangent, y = 0, in case 


a= iy, b= 


Consequently we have the following theorem: 

Consider an arbitrary conic having four-point contact with the projected u-curve 
(v-curve) at the point P, and another conic having similar contact with the u-branch 
(v-branch) of the curve of intersection of the surface and its tangent plane at P, . 
The harmonic conjugate of the common u-tangent (v-tangent) with respect to the 
two lines projecting from P, the two points of intersection of these two conics coin- 
cides with the v-tangent (u-tangent) if, and only if, the asymptotic curves are pro- 
jected from a point on the first canonical edge of Green at the point P, . 


5. The transformation of Cech. Let us consider the transformation’ 


pt, = —fotst, + k(BE; + vé2), 
(34) . M 
ple = f2k3, px; = fess, a = 0, 


where p is a proportionality factor and k is an arbitrary constant. It will be 
observed that the transformation of Cech (34) is a transformation between the 
points with local coérdinates z in the tangent plane of the surface at a point 
and pianes with local coérdinates ¢ through the point. 

An arbitrary plane 


(35) Are + wr; = 0 
through a line J, at the point P, of the surface has plane coérdinates 
(36) (0, r, H, 0). 


The points corresponding to the planes through the line 1; in the transformation 
(34) are given by 


px, = k(Bu’ + yr’), 
(37) . ss 
pt, = Nu, pts; = Nu, xz = 0. 


Homogeneous elimination of \, » and use of equations (10) yields the equation 
of a pencil of cubic curves 


(38) zy — k(Bx* + yy’) = 0. 


To the planes of a pencil with the line 1, as axis correspond the points on a 
cubic of the pencil (38). 


7 E. Cech, L’intorno di un punto d’ una superficie considerato dal punto di vista proiettiva, 
Annali di Mathematica, ser. 3, vol. 31(1922), p. 192. 
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By use of equations (13), (14), we find that the cubic (38) has contact of the 
second order with each of the projected asymptotic curves at the point P, 
in case k = 3. Moreover, inspection of equation (18) shows that the osculating 
nodal cubic of the projected asymptotics coincides with the cubic (38) if, and 
only if, the asymptotic curves are projected from a point on the first canonical 
edge of Green. Thus we arrive at the following theorem: 

If the asymptotic curves at a point of a surface are projected upon the tangent 
plane from a point on the first canonical edge of Green, then to the planes of a 
pencil with the edge as axis correspond the points on the osculating nodal cubic 
of the projected asymptotics in the transformation of Cech for which k = }. 


SovuTHWESTERN COLLEGE. 








ON ABSOLUTELY CONVERGENT FOURIER-STIELTJES TRANSFORMS 
By N. WIENER AND H. R. Pirr 


(1.1) Introduction. Suppose that f(x) is of bounded variation in (— «, «) 
and let 


F(z) = / e™ dfty). 


(Here, and in what follows, integrals in which the limits are not specified are 
always taken over the range (— ~, ~).) 

We define %{ to be the class of functions F(x) which can be expressed in this 
form. If F(x) is periodic, it belongs to & only if its Fourier series is absolutely 
convergent, and Wiener’ has shown that the condition F(x) ¥ 0, or the equiva- 
lent condition 


(1.1.1) Bd | F(z) | > 0, 


is sufficient to make [F(x)]’ belong to &. The same result for almost periodic 
functions has been proved by Cameron’ and Pitt.” 

Our object here is to investigate how far this is true in the general case. 

We can write 


f(x) = h(x) + g(z) + s(z), 


where h(x) is a step function, g(x) is absolutely continuous and s(z) is singular 
in the sense defined by Lebesgue; that is, it is continuous, of bounded variation, 
not constant, and has derivative zero at almost all points. We can write 


F(x) = H(z) + G(x) + S@), 


where H(z), G(x), S(x) are the transforms of h(x), g(x), s(x); and we use the 
letters H, G, S in this sense throughout the paper. If F(x) belongs to Uf and 


F(z) = / e “™ df(y), 
we write 


T{F(2)} = { \aw |. 


Received March 14, 1938. 

1N. Wiener, Tauberian theorems, Annals of Mathematics, vol. 33(1932), pp. 1-100. 

2?R. H. Cameron, Analytic functions of absolutely convergent generalized trigonometric 
sums, this Journal, vol. 3(1937), pp. 682-688. 

3H. R. Pitt, A theorem on absolutely convergent trigonometrical series, Journal of Math. 
and Phys., M. I. T., vol. 16(1938), pp. 191-195. 
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Our main conclusion is that the condition Bd | F(z) | > 0 is sufficient to 
make [F(zx)]* belong to & provided that T{S(x)} is “not too large’, and that 
otherwise the conclusion igs not true. 


2. We require a number of elementary lemmas. 
(2.1) Lemmal. If F,(x), F2(x) belong to A, then so do oF \(x) + eF2(x) and 
F,(x)F2(x), c; and cz being any real or complex numbers. Moreover, 


(a) Tie, Fi(xz) + c2Fo(x)} S jer | T{Pi(x)} + | | TL P2(2z)}, 
(b) T (F(z) F2(x)} = T{F\(x)} T{F2(z)}. 


The first result is obvious. To prove the second, we write 


F\(z) = / e™” dfily), F.(z) = / e ™ dfa(y). 


Then 
FueyFate) = f apa) | apy 
= {aw [em apty —w 
= [ aw, 
where 


fly) = / fity — u) dfo(u), 


except possibly in an enumerable set of points. If f(y) is defined appropriately 
at these points, 


T{F,(z)F2(z)} = | i df(y) | = / | dfi(y) | / | dfa(y) | = T{Fi(z)}T{F2(z)}. 


(2.2) Lemma2. If F(z) belongs to A and T{F(x)} = a <1, then[1 + F(x)J” 
belongs to A and 


T{{1 + F(@)J"} = GQ — a)". 
We have 


(2.2.1) N+ F@r = > (rer, 
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the series being absolutely and uniformly convergent for — » <2 < ~, = 


follows from Lemma 1(b) that [F(xz)]" belongs to & and that T{[F(x)]"} s 


We can therefore write 


a+ rar = % [ ea, i daly) | $ 
ut+ror= [eval Ln], 
riu+rers =| laf Sams df law 


(2.3) We require certain auxiliary functions Q(¢, A, x) and I(x) which are 
defined as follows. If « > 0, > 0, 2eA S 7, we write 


2 


2. a” = (1 — a). 


n=0 


IA 


1 (0 <|2| < 8, 
Oe, A, 2) =42—-! id ex |z| < 2e), 
0 (2e S |x| S x/d), 

Q(e, A, x + 2w/dA) = A(e, A, 2). 

We write 

Q(1, 4x, 2), 
re) = | ( x) (|x| = 2) 
0 (ja2|> 2). 


Lemma 3. (a) Q(e, A, x) belongs to A and 
T{Q(e, dA, zx)} SC 


C being an absolute constant. 
(b) For any fixed i, 


lim T{Q(e, d, x1 — e™]} = 0. 


e—0 
(c) T(x) = i e y(y) dy, / | y(y) |dy < @. 
Let us first consider (a). An easy calculation shows that 
Q(e, A, z) = > i, 
where 


dy = — d,= ——. sin — ain —— (n ¥ 0). 
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It is plain that Q(e, A, x) belongs to A. Further, 


2 1 
T {Q2Xle, r, x)} Ss ,e | d, | + 18 ; oH an 
3Ae[n[ Sr TE 3re|n|>x N 
3re 2 1 
aur t+i+— a 
~ 2 + + mre 3rAe[n| > -” e 
since 2e\ S =. 
Next consider (b). We have 
Ae, d, z)[1 — &™*] = Gd, — dase”. 
It is easy to show that lim (d, — d,_,:) = 0 for each n and that 
«0 
di «tah te On¥1 
_ oe o-1| 35 (n ¥ ns ), 


A being independent of «. The conclusion then follows by uniform conver- 
gence. 
(c) is obvious by direct calculation. 


(2.4) Lemma 4. If G(x) belongs to A with g(x) absolutely continuous, and if 
Bd | 1 + G(x) | > 0, 


then [1 + G(zx)]™ belongs to X. 
Let N be a positive integer and let 


3¢N = 4, ra = Ben —? (n = 0,1,---,N). 
Then 
> r'{(z — 2,)/e] = 1 (|x| S 2/e), 


1 = I'(exz) + 1 — I(ea), 


and since I'(er) = 0 for x = 2/e, we have 


1 = Tez) > P(x — m/e] + [1 — F(ea)], 





1 as  I'[(c — 2,)/e] , 1 — Pex) 
ate T+ a@ = 27 + O@) + 1+6@)’ 
We shall show that each term of this sum belongs to & when N is sufficiently 
large. 
We have 
T(z — an)/e] _ I'[(z — zn)/e) 





1+G(z) 1+ Gen) + (G(x) — Ga) TER@ — t0)/e)’ 
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since the denominators differ only at points where I'[(z — z,)/e] = 0. Writing 
yy) = 2ey(2ey), we have 


[G(z) — G@,)|TE@ — 2,)/€] 


- / e g(t) at | ewe veny (y) dy — / e“*g(t) dt / ern ly) dy 


= / g(t) dt / ea (y — t)dy — / e"*"g(t) de / ee reny (y) dy 


= [emay [gtr — t) — r.(y)] dt. 


Hence 


T[G@) — Gz,)|TI3@ — 2n)/e} S [| [ sot -§- vey) at| dy 


< J oc | ae | ive ~ 0 = vad le. 


[ino — t) — v.(y) | dy = | ly(y — 2) — y(y) | dy, 


and this is bounded for all ¢ and ¢« and tends to zero, for any fixed t, as e — 0. 
Since | 1 + G(z,) | exceeds a positive number independent of N, it follows that 
if N is sufficiently large, 


T {[G(z) — G(x.) T(@ — zx)/d} = |1 + G@,) | 


forn = 0,1,---,N. Hence, appealing to Lemmas 1 and 2, we see that each 
term of the first part of the right side of (2.4.1) belongs to %. 
As for the last term on the right of (2.4.1), we can write 


1 — T(ex) _ 1 — I'(ex) 
1+ Giz) 14+ Gal — rGe)) 








2 —tyr 
2 |e reu/e au, 


G(2) = / &* 9(y) dy. 
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Therefore 


G(a) re) =? [ay | oy — dr2t/0 at 
aa - rea] = [| ou) —? [ov — ove/oa|ay 


=? fe | to - a - ove at ay, 


€ 


2 { vavoa — 


Hence 


iG — rea) =? [ f | tow) — oy — dIv@2t/e) | atdy 


- / |v) jdt fo) — gy — te) | dy. 


Since g(y) « L(— =, ~), | | g(y) — g(y — 3te) | dy is bounded for — ~ <t < 
and tends to zero for each fixed t, ase—> 0. Hence 


lim T{G(z)[1 — T(jex)]} = 0, 


and it follows from Lemmas 1 and 2 that [1 — I(exr)]/[1 + G(zx)] belongs to & 
when « is sufficiently small. 


(2.5) Lemma 5. Let G(x), F(x), [F(x)]™ belong to A, g(x) being absolutely 
continuous. Let F and G satisfy 


Bd | F(z) + G(z) | > 0. 


Then [F(x) + G(zx)]” belongs to %. 
We have 
a aoe ] 
F(z) + Gz) F(z) (1 + G@)[F@)P} 





[F(@)J* = J e df*(y), i | df*(y)| < @. 


Since g(x) is absolutely continuous, we can write 


G(x) = / e*g'(y) dy, J | g'(y) | dy < @. 
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Then 
G(z)[F(x)J* = feva |v — tdf*(t), 
and since F(x) is bounded, 
Bd | 1 + G(z)[F(z)|" | = Bd | [F(z) + G(@)][F(@I" | > 0, 
and the conclusion follows from Lemma 4. 
(3.1) THeoremM 1. Suppose that F(x) belongs to AX and let Bd | F(x) | > 0. 
Suppose that H(x), S(x) are defined as in (1.1), and that 
T{S(x)} < Bd | H(z) |. 


Then [F(x)|* belongs to %. 
In view of Lemma 5, it is sufficient to prove that [H(xz) + S(x)]~ belongs to 
4. Let 


Bd | H(z) | = 4, 
(3.1.1) 
0 < 3n S 6 — T{S(z)}. 
Then 
H(z) = H,(x) + H(z), 
where 


ow 


N 
H(z) = oy ee", H(z) = > ae", 


n=1 n=N+1 
and N is chosen so that 
(3.1.2) T{Hx(2)} = 2 |an| Sa, 
(3.1.3) | Hi(z)| 26 — ». 
Let K be an integer greater than 1 and let 
2n 


2,(x) = Q(en, An, Z) 
forn = 1,2,---,N. Then 


K 
> 2,(r — 3ken,) = 1 
k=1 


for n = 1, 2, --- , N and all z, and it follows that 


N K 


II > 2.(c — 3ke,) = 1. 


n=1 k=1 
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Hence 
N 
bm Il Q,(2 — 3knen) = 1, 
n=l 
where the summation extends over the K™ sets (k,, ---, ky) formed from in- 


tegers 1,2, --- , K. 
We can therefore write 


(3.1.4) 1 << II 2,(2 — 3kn€n) 
H(z) + S(z) H(z) + S(z) 


By Lemma 1, it is sufficient to show that each term of the sum belongs to &. 
Let 2 be a point at which 





N 
Q(z) = [] 2,(x — Bknen) ¥ 0. 
n=l 
(If there is no such point, the relevant term in the right side of (3.1.4) vanishes.) 
Then 


Q(x) Q(z) 


(3.1.5) H@) +S@) Hila) +Q@)’ 





where 
(3.1.6) Q(z) = H(z) + S(x) + [Hi(x) ines Hy(20)] IT 2(26,, Any as Senkn), 
since the two denominators differ only at points where Q(z) = 0. Since 


(H(z) — Hi(20)] I O(2e,, Xn, 2 — Beaks) 


= > ae* — e-*) TT 2(2en, tn, Z — enka), 


v=l1 n=l 


we have 


7 {Uth(a) — H,(x)] II Q(2en, Any Z— Berk,)} 
(3.1.7) - 
SD |a,|C™* Tle — € "02, 2,, t — Berk,)}, 
by Lemmas 1 and 3. Since Q(x) ¥ 0, we have 
2,(% — 3¢,k,) # 0 (vy = 1,2,---,N), 
and therefore, by the definition of 2,(z), 
(3.1.8) | to — 3e,k,| < 2e,, mod (27/2,), 
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fory = 1,2,---,N. Returning to (3.1.7), we see that 
T {[e"** — €°**] 2(2e,, d,, Z — 3e,k,)} 
Tiere .. Fas, , d., DD) 
T hfe — ¢-Pol20-Fke)) Oe, d, , 2)} 
ST ~ ¢™ me. & 0) + C11 - Orr" 1, 


(3.1.9) 


Hence, using (3.1.7), (3.1.8) and Lemma 1, we can choose K so that 
(3.1.10) T {tH = Hy(2)] Il 2(2e,, An; _ Besk,)} < n- 
n=1 


Then, by (3.1.1), (3.1.2), (3.1.3) and (3.1.10), we have 
TiQ(z)} <n +6 -— 37+ =6-— 7 S Ayia), 


and the conclusion follows from (3.1.5) by using Lemma 2. 


(4.1) We shall devote the remainder of this paper to showing that Theorem 1 
is substantially the best possible result of its kind. In particular, we show that 
the conditions 


Bd | F(z) | > 0, F(x) « 4 
are not sufficient to make [F(x)]"' « &%. We require Theorem 2 in the proof of 


Theorem 3, but it seems of some independent interest in itself. 
TuHEeorEM 2. Letibe > 0. Then we can define a function S(x) of UX such that 


(4.2.1) | S(z)| = 6, 

(4.2.2) T{S(z)} = 1, 

(4.2.3) my ascaytsteyr = > T{H.(z)} 
for any sequence of functions H;(x) defined by 

(4.2.4) * Hi(z) = p> aa, > |an,;| < @. 


We observe, first, that if S(x) satisfies conditions (4.2.2), (4.2.3), then so does 
[S(x)]” for any integer m. Therefore, instead of (4.2.1), it is sufficient to show 
that 
(4.2.5) Bd | S(z) | < 1, 


for then [.S(z)]” will be a function of the required type if m is sufficiently large. 
In what follows we suppose that the function s(x) is of bounded variation in 
(— «, «) and define S(x) by 


S(z) = [ ean, 
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We denote by B (with or without a suffix) any array of the form 


- ——— 00 —-—— rrzr ——— 00- --- 


in which there are arbitrarily long stretches of consecutive 0’s, x’s, and gaps. 
We shall define s(x) by means of such arrays. 

With any zero of B, at the r-th place say, we associate the set of 2” intervals 
of length 2°” whose binary representations have zeros in the r-th place, and 
suppose that s(x) is constant in the complementary intervals. We suppose 
also that whenever z occurs in the r-th place of B, the variation (possibly zero) 
of s(x) in each interval (v2, (v + 1)2) ( = 0, 1, --- , 2" — 1) is divided 
equally between the two intervals (v2, v2" + 2°") and (p22 + 2°", (@ + 1) 
2”). In these circumstances we say that the function e~"*S(x), for any real X, 
is of type B. 

We say that two arrays are disjoint if there are arbitrarily long stretches of 
consecutive 0’s in each which correspond to 2’s in the other. A set of arrays 
is disjoint if each pair is disjoint. We require the following result. 

Lemma 6. Let B,, --- , Bx be disjoint, and let S,(x), --- , Sx(x) be of types 
B,, --- , Be, respectively. Let Hi(x) (k = 1, --- , K) be trigonometrical poly- 
nomials. Then 


my Sso)Ha(2)} = »» T{S:(x)H;(2)}. 


We may suppose without loss of generality that each of the polynomials 
H,(x) has K terms. Suppose that S,(x) is of type B, (v = 1, --- , K), and sup- 
pose that B, has 0’s and B, has z’s from the N-th to the (N + p)-th place. We 
write 


S,(z)H (2) = / e™ dexly) (@ =1,---,K). 

Then the whole variation of o;(y) is concentrated in K sets of 2” intervals of 
the form 

(rx + 2”, Ne + v2” + ot) (k - 1, ar , K; ieee 0, a , 2"), 


where ); is an exponent in H(z). But for each k, this set of intervals cannot 
contain more than a fraction 2-?* of the variation of s2(z — d), for any A, since 
By has x’s between the N-th and (N + p)-th places. Therefore not more than 
a fraction K-2~”” of the variation of o2(x) is contained in these intervals. Then 
plainly 

T{Si(x)Hi(z) + S2(x)H2(x)} = T{Si(x)Hi(x)} + (1 — K2-")T{S2(z)H2(2x)}, 
and since p is arbitrarily large, 

T{S\(x)Hi(x) + S2(x)He2(x)} = T{Si(x)Hi(x)} + T{S2(x)H2(2)}. 


The extension of this argument to K functions is obvious. 
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We can now define S(z). We suppose that s(x) increases from 0 to } in 
(0, 3) and decreases from } to 0 in (3,1). Let 


S(x) = [aoc 


If N is a positive integer, we can write 


426  s@= Est, s= fe asty, 


If 
(v+1)2-N 
a= [ lai, 


v2-N 


then 


2N—-1 
_ a, = 1, 
v=0 

We proceed inductively (with respect to N). Suppose that S}(x) is of type 
Bx, that the B}’s have arbitrarily long stretches of gaps in common and that 
they have 0’s or z’s in the first N places. Moreover, we suppose that the B?’s 
are such that if they are divided into two groups in any way, the arrays in each 
group have in common arbitrarily long stretches of 0’s corresponding to 2’s 
in all the arrays of the other group. 

Now consider the two groups of integers v for which BY has 2’s or 0’s, respec- 
tively, in the n-th place (these may not exhaust the integers 0, 1, --- , 2” — 1, 
as some of the B?’s may have gaps). We suppose that for every n, the sum of 
a’s of the first group is not less than the sum of a’s of the second. In other 
words, we suppose that at least half of the variation of s(x) is distributed by an 
x at each stage. 

Now since we have only a finite number of B?’s to define for each value of N, 
and we have arbitrarily long stretches of gaps in the arrays defined for integers 
less than N, it is plain that the B)’s can be defined inductively so that the 
properties described above hold for every N. Since this process defines a} 
for all N and », the function s(x) is defined completely. 

Since T{[S(x)]*} < 1, it is sufficient to prove the theorem in the case in which 
there is a finite number of H;(zx)’s and each is a trigonometric polynomial. The 
result in the general case follows at once by a simple limit argument. Let 
«be > 0, and let 2" be > k. Then 


S(z) = du S?(z), 
4.2.7 
ames [S(x)* = [>> S¥(x)]* = kt SM (ax)Sh(a) --- S¥(xz) + QF (x), 


where »,, v2, --- , v% are all different and Qj(z) is the sum of terms involving 
the square or higher power of at least one S} (zx). 











a 
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It is plain from the construction of S(x) that 


° N 
lim max a, = 0, 


NO 
and since s(y) is. monotonic in each interval (v2~”, (v + 1)2~*), 
T{S?,(x) --- Sr(x)} = T{S?(z)} --- TUS?,(z)} = ad, «++ ay. 
Hence* 
(4.2.8) lim T{Qr(x)} = 0, lim k! > T{S*(z) --- S¥(z)} = 1. 
N--o No 
Now if two functions S(x), S’(x) are of types B, B’, it is easy to show that 


S(x)S’(x) is of a type obtained by adding B and B’ according to the rule that in 
stretches of consecutive 0’s or x’s we write 


0+ 0 = 0, zx+0=n2, r+2=2, 
except possibly in the last place in any stretch. Thus, if 
B = -.0000 ——— rrrr — — — rrrzxr —--, 
B’ = .00000 — — 000 — — — — rrzrzx — —-, 
then S(x)S’(x) is of type 
-000 —— — — rx — — — — — rmx ———-—. 


Then it follows from our definition of S}(x) that non-identical functions of the 
form 


S?(x)S?,(x) --- SP,(x) 


are disjoint, so that, using (4.2.7) and (4.2.8), we can write 


(4.2.9) [S(x)]* = > Sz.p(z) + Q.(z), 

where all the S;,)(z)’s are disjoint and 

(4.2.10) p> |ax,;| T{Qe(z)} < «, 

(4.2.11) > T{Si(x)} 21—e (k = 1,2,---, K) 


n 
4 We use the fact that if a, = 0, DX a, = 1, then 


y=] 
(an + a + +++ + an)* — BLD) exer, +++ ary > 0 


as max a, — 0, the summation being over all sets of k different »;’s. 
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Hence 


E Mase = TD arse (E Ssol@) + WG] 
PC MENS) 2 TILE Dae" Si(2)} —« 
= p> T 1h ayj¢ * Sz.p(x)} — «, 
by Lemma 6. Now | 
Silt) = | ds.o(0) 


where s;,,(x) is constant except in an interval of length k-2-". Hence, if we 
choose N so that 


k-2™ min |dy ~ dy |, 
1¥*] 


it is plain that 
T{ i a,j” Sy p(2) } = > | ay j | T {e~#? S,,(x)} 
7 


i 


= » | ax; | T{Sz,p(x)}. 


It follows that 


Tid H,(x)[S(z)}*} = » lax | Dy T{S:,(x)} — € 
= > |ax;| — e{1 + > | ax, |], 


by (4.2.11). Since « is arbitrary, 
TD H@S@!} =D ans] = LTH}, 


and since 


T{d H,(x)[S(x)*} < > T{H,(z)}, 


by Lemma 1, this completes the proof of (4.2.3). 
Finally, we have to prove (4.2.5). Let z be = 432, and choose an integer 
N 21 s0 that 


(4.2.12) o-2* ¢2< «2. 
We write, as before, 
lee, 
S(z) = Lo S?(z). 


v=0 
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Since at least a half of the total variation of s(x) is divided equally between 
intervals (v2~*, v2" + 2-**) and (v2~* + 2-”", (» + 1)2°*), we can write 


2-N 
|S*(z)| $8,+ D | e'” doy) |, 
where 8, 2 0, o,(y) increases from 0 to 8. in (0, ig 
<3, 26=A, LB=1-A. 
Moreover, since the variation of s(y) in the interval (p2~”, x2“ 4+ 2°-”~*) 


is at least a fraction 2“ of its variation in (v2~“, (v + 1)2~”), we can suppose 
that 


o(2-*~*) = rf, = 38 


o (2% + 27%) — g(2-"") = veB, = 4B. 
Hence 


2-N 
| [em doy)| = 1 w — 298% 
0 


2-N-3 ; @-N-149-N-3 ; 
+ [ e day) + I . ee” da,(y) |. 
0 a 


1 


Using (4.2.12), we see that 
in the first integral, while 


in the second. It follows that 


[ ede {y)| S (1 — Ar — eB +B +e —F+3)/1 4%] 





where 
per = 0, S Per. 


Hence 


Pe. ©) 
i e'” doy) | < CB., 
0 


C being an absolute constant less than 1, and we have 
|S(z)| $< A+(1-—A)C <1 


forz 23x. If x < 4a, we use the fact that s(y) increases from 0 to } in (0, 4) 
and decreases from 3 to 0 in (3, 1). We have 


S(z) = Ae” — Be’, 
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where 
0S AS}, Os Bs}, 


0 < A(x) S 4z, zs g(x) S 2. 


roe) 


Then we have 
0 S v(x) = ox) — Oz) S 3, 
| S(z)| $ | A — Be* | 
|A — Beosy — iBsiny | 
|A—iB| s 2° 


lA 


This completes the proof of Theorem 2. 
(5.1) TuHrorem 3. Let 6, 5’ satisfy 6 > 6’ > 0. 
Then there is a function S(x) of A, with 
\S(@z)| S86, TiS} = 4, 
such that, if Bd | H(x) | = 4, 


1 1 
F(z) H(z) + S(z) + Gz) 
does not belong to A for any G(x) (even if Bd | F(x) | > 0). 

If | S(x) | S 6, then | H(z) + S(x)| = 6 — & > 0, so that it is sufficient, 
after Theorem 1, to show that [H(x) + S(zx)]* does not belong to Y. We may 
plainly suppose that 6 = 1 and that 
(5.1.1) Bd | H(x) — 1| = 0. 


Let » be > 0, and let 





H(z) = >> ae”, 
n=1 


N E) 
H(z) = = a”, Hx) = ) ae", 


n=1 N+1 
where N = N(n) is chosen so that 
(5.1.2) T{H(zx)} < 4, | Bd | Hi(x)| — 1| S$ in. 


Now let S(x) be the function defined in Theorem 2 (with 5’ instead of 6). We 
assume that [H(x) + S(zx)]” belongs to %, and show that this leads to a contra- 
diction. Let 


(5.1.3) T\(H(xz) + S(2)J"} =A < @. 
Using (5.1.1) and the first inequality of (5.1.2), we can choose 2» so that 
(5.1.4) | | Hi(as) — 1| < 4n. 
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By Lemma 3(b), we can choose e = e(N, n) = €(n) so that 
P{[Hi(2) — Hix) TT 202, %., 2 — 20)} < d 
Then since 
H(2) + S(2) = Hy(aa) + Hala) + S(z) + (HiCz) — Hy(aa)] TL 2026, do, 2 = 2) 
at points where 
Q(x) = II Q(e, An, Z — XM) ¥ 0, 


we have, using (5.1.2), (5.1.4) and Lemma 1, 
Q(z) Q(x) 

















war HG@) + S@) ~ i+ S@) + P@)’ 
where 
(5.1.6) T{P(x)} S n. 
Now let M be a positive integer independent of » and let 
(5.1.7) M > 2A — 1. 
We have 

1 . , , 

T+ S5@)4+P@) ~ p> (—1)"[S(z) + P(z)] 
(—1)"*"[S(z) + P(x)]"™ 
saan + T+ S(@) + P@) 
= > (—1)"[S(z)!’ + Q(z), 
where 
Q(2) = DS) + PON 5 > (-1 {18@) + PW - [S@)T}. 


1 + S(x) + P(z) =0 
Using (5.1.6) and Lemma 1, we obtain 
T{S(z) + P(z)} £142, 
T {{S(z) + P(a)]’ — [S@]"} = (1 + »)’ - 1. 
Hence 


T{Q(x)Q(x)} < (1 + 9)“ T{Q(z)[1 + S(x) + P(x)l"} 
+ T{2(z)} > (1 +)’ -— 1) 


lA 


rio) [+04 + Ela tay - a], 
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by (5.1.5) and (5.1.3), and it follows from this and (5.1.5) and (5.1.8) that 


7 {042) > (—ry starr} < T{2(2)[H(z) + S(2)I"} + Taz) 
(5.1.9) M 
< T{2(2)} [ aa ++") + D0 +0 — u}. 


But by Theorem 3, we have 
7 a2) & (—'tsteyr} = Y Pioey(-1") = OF + VTL). 
Combining this with (5.1.9), and dividing by T{Q(x)}, we have 
M+1S AfL+(1+9)*") + dia +n)’ — 1). 


Since M is independent of 7 we can let » — 0 and obtain 
M+1S8 2A. 


This contradicts (5.1.7). Therefore [H(x) + S(x)]~ cannot belong to %. 


MASSACHUSETTS INSTITUTE OF TECHNOLOGY AND HarRvARD UNIVERSITY. 











A REMARK ON WIENER’S GENERAL TAUBERIAN THEOREM 
By H. R. Pitt 


1. The following theorem’ is due to Wiener. 
Tueorem A. Hypothesis? 


(a) k(2), k*(2) belong to L(— 2, 2), 

(b) | reas = | eee = 1, 

() |a(z)| $C, 

(@) KG) = [ek ady #0 (— @ <2< @), 


(e) lim J k(x — y)s(y)dy = A. 

Conclusion: 
lim | k*(x — y)s(y)dy = A. 

Our object here is to determine extra conditions on k(x) and k*(x) under 

which condition (c) may be replaced by the one-sided condition 
s(x) > —C. 

(To show that Theorem A fails with this weaker condition, we take s(z) = e* 
(o > 0) and suppose that k(x), k(x)e~” belong to L and J k(x)e"“"dz = 0.) The 


result may be stated as follows. 
THEOREM. Hypothesis: 


(a) Kz) 2 0, k(2) belongs to L(—2, =), f k(e)de = 1, 
(b) k*(x) ts continuous almost everywhere and 


ss bd |k*(z)| < @, [wae = 1, 


n=—O nsoz<cnt+l 


(c) sz) 2-0, 
(d) K(z) = [crrardy ~ 0 (—2x <z< @), 


Received May 12, 1938. 

1N. Wiener, Tauberian theorems, Annals of Mathematics, vol. 33(1932), pp. 1-100. 
The theorem stated here is Wiener’s Theorem VIII. 

2 Integrals in which limits are not specified are over the range (— ~, ~). 
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(e) J k(x — y)s(y)dy = g(x) exists for every real x, is bounded, and 
lim g(x) = A. 


Conclusion: 


lim [ve — y)s(y)dy = A. 


z—00 


We may plainly suppose that A = 0. First, we show that it is sufficient to 
prove the theorem when k(x) is continuous. We write 


h(t) = 9? / ee’ k(x — y)dy, 
and it is clear that h(x) is continuous and 
h(x) = 0, h(x) « L(— ~, ~&), [ r@az = 1. 
Also, since h(x), k(x) are non-negative, and s(x) is bounded below, 


et | snay [ Pee —y oat 
vt | tae | we —t— vtnray 


vt | eo — t)dt, 


/ h(x — y)s(y)dy 


and therefore 


lim [re — y)s(y)dy = 0. 


wtf em eandy [meray 


= K(x)" 


Moreover, 


| e * h(y) dy 


~ 0 (-« <zr< @), 


The conditions of the theorem are therefore satisfied if k(x) is replaced by the 
continuous function h(x), so that there is no loss of generality in supposing that 
k(x) itself is continuous. 

Now let 6 be > 0 and let 


z+6 6 
sia) =} [ syday = 2 [oe + vay, 
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Let k(x) be > ¢« > 0, and define 6 = 6(e€) so that 
k(x) = te (~% —6S 2S %). 


Then since s(x) + C = 0, k(y) 2 0, 


gm+2z)+C= | Hadlote + 2 - y) + Cldy 


> te [ [oe + 29 — v) + Clay 


o- 


IV 


3€58;(z), 
and it follows that S;(x) is bounded for any positive 6. If D > 6 > 0, we have 


D-s D 
[ [s\(e + y) + Clay < [ [s(x + y) + Cldy 
(1) "a 
< [ [Ss(a + y — 8) + Clay. 


But 
1 zrt+é 
tim [Ke — {Ky + Clady = lima } [ lo(y) + Cldy = ¢, 


and it follows from Theorem A that for any positive D’ 


» 
lim y [Siz + y) + Cldy = C. 
Io 0 

Using this and (1), we obtain 


D 
¢ = iim} | [s(x + y) + Cldy s 





(D + 4)C 
D Se 


and since this is true for any positive 4, 
1 D 
tim } | [oe +») + Clay = ©, 
ze 0 


that is, 
(2) lim Sp(z) = 0. 


Deed) 


It follows from (b) and the fact that 


z+l 
[ dabhy = tabs 
is bounded that 


g*(x) = / k*(x — y)s(y) dy 
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exists for all values of z. Let «be > 0, and choose a positive integer N so that 


—N-1 J 
bd |Si(2)|{ > + > bd | k*(y) } <e. 
n=—oO n=N nSz<nt+l 


Then 


(3) <. 





arte) — [eats — day] = | [+ [aint - day 


Now since k*(x) is continuous almost everywhere, it is Riemann integrable in 
(—N, N). We can therefore define two step functions p(x), g(x) such that 


(4) ply) = k*(y) < gly) (-N<2zsN), 
(5) [ “ fa) — PWldy < « 


Then since s(x) + C 2 0, 





[ . p(y) [s(a — y) + Cldy < [ Pw) [s(x — y) + Cldy 


< [ c q(y) [s(x — y) + C)dy. 


But it follows immediately from (2), since p(y), q(y) are step functions, that 


lim [ ‘ p(y) [s(x — y) + Cldy = C 


rea — 


N 
p(y) dy, 
N 


lim if q(y) (s(x — y) + C]dy = of: q(y) dy. 


Hence 


o [ vladay = fim [loa —y)+Cldys cf 


m= 
q(y) dy, 
N 
and using (4) and (5), we have 
N 
fim | [| e*(y)a(2 — wdy| = Ce 
zo —N 
It follows from this and (3) that 
lim | g*(z) | Ss e(1 + C), 





and since « is arbitrary, 


lim g*(x) = 0. 


ze 


HarvarRD UNIVERSITY. 





at 


dy. 








ORTHOGONAL POLYNOMIALS IN THREE VARIABLES 
By DuNHAM JACKSON 


1. Introduction. The theory of orthogonal polynomials in two real variables 
naturally carries over to a considerable extent automatically to the case of three 
or more variables. For an adequate survey of the facts, nevertheless, it is 
necessary in some particulars to take explicit account of the greater complexity 
introduced by the increased number of dimensions. The Laplace series, for 
example, which can be regarded as an expansion in series of orthogonal poly- 
nomials on a sphere in space, is neither formally nor analytically a trivial ex- 
tension of the Fourier series, which corresponds similarly to a circle in the plane. 

This paper is introductory to the study of a class of developments among 
which the Laplace series is included as a special case, the primary aim being to 
clarify some of the new considerations that arise in making the transition from 
two variables’ to a larger number. One question in particular relates to the 
determination of the number of polynomials of the n-th degree in the orthogonal 
system, a point which naturally has a dominant influence on the form of the 
resulting series developments. The discussion will be mainly for three variables, 
partly because the general outline of the extension to more than three will be 
sufficiently apparent, and partly, on the other hand, because a complete elucida- 
tion even of the three-dimensional case-would be more than can be attempted 
here. 

The range of integration with relation to which the property of orthogonality 
is defined may be a point set of more or less arbitrary character. It will be 
sufficient for purposes of illustration to take it as of finite extent, and to think 
of it as a region of space, a surface, or a curve. There will be occasion to dis- 
tinguish between algebraic and non-algebraic surfaces, and in the case of curves 
to distinguish between algebraic curves, non-algebraic curves on an algebraic 
surface, and curves which do not lie on any algebraic surface. The curves and 
surfaces may or may not be closed. Algebraic curves and surfaces need not be 
complete algebraic loci; the surface considered may be the surface of a poly- 
hedron, a hemispherical surface, or the complete surface of a sglid hemisphere; 
the curve may be a skew polygon. 

Occasion will be taken to refer to one matter, the uniqueness of the weight 
function for a given orthogonal system, which has not been discussed before 
even for the two-dimensional problem. 


Received March 11, 1937; in revised form, March 4, 1938; presented to the American 
Mathematical Society, December 31, 1936, and November 27, 1937. 

1See D. Jackson, Formal properties of orthogonal polynomials in two variables, this 
Journal, vol. 2(1936), pp. 423-434; Orthogonal polynomials on a plane curve, this Journal, 
vol. 3(1937), pp. 228-236. 
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2. Three-dimensional region. If V is a three-dimensional region and p(2, y, 2) 
a function which is non-negative and, for simplicity, almost everywhere positive 
on V, any finite number of the monomials 


(1) 1, 2, ¥, 2, 2» LY, 22, YH, YZ, 2,2, 


will be linearly independent on V, and the same will be true of the products 
of these monomials by p’. The number of monomials of the n-th degree in the 
three variables jointly is }(n + 1)(n + 2). Let v, in conjunction with any 
particular value of n, stand for this number. By “Schmidt’s process’ it is 
possible to construct a system of normalized orthogonal polynomials pan(x, y, 2) 
(n = 0,1, 2, --- ;m = 1, 2, --- , v), so that 


If p(x, Y, Z)Pe(X, Y, Z)Pam(x, y, z)dV = 0, in—k| +|m—l| #0, 
J 


[ff p(x, y; 2) [Pun(x, y, 2) dV = 1, 


the first subscript in each case indicating the degree of the polynomial in the 
three variables together. As far as the individual polynomials are concerned, 
such a system can be formed in an infinite variety of ways; the system is deter- 
minate, however, to the extent that any set of »v polynomials of the n-th degree 
which are orthogonal to each other and to every polynomial of lower degree 
‘an be expressed in terms of any other such set by a »-dimensional orthogonal 
transformation. The reasoning is an immediate adaptation of that in the case 
of two variables and need not be repeated. The same statement may be made 
with regard to the fact that if 


v= Ayx + Any + Az, 
(2) y’ = Anz + Any + Axz, 
2 = Ay x + Assy a Azz 


is a linear transformation which carries over the region V and the weight func- 
tion p into themselves, the vy polynomials p,(2’, y’, 2’) for specified n are expressi- 
ble by an orthogonal transformation in terms of the polynomials pzn(z, y, 2). 


3. Non-algebtaic surface. Almost equally immediate is the setting up of a 
system of polynomials orthogonal on a non-algebraic surface, under convenient 
simplifying assumptions with regard to the data. The word surface will be 
understood throughout in a naive geometric sense as referring to a closed point 
set of two-dimensional extent such that every one of its points is either an interior 
point two-dimensionally or a limit of such interior points. Let the surface S 
to be considered and the weight function p be furthermore supposed such that 
the integrations can be performed with respect to area on S. The hypothesis 
that the surface is not algebraic means that no linear relation of identity is satis- 
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fied on it by any finite number of the monomials (1). (Then there is no poly- 
nomial, other than zero, vanishing almost everywhere on S; for a polynomial 
vanishing almost everywhere on a “surface”’ as described would vanish by con- 
tinuity at every point of the surface without exception.) The orthogonal system 
will contain }(m + 1)(n + 2) polynomials of the n-th degree. 

With respect to properties of symmetry and invariance under a linear trans- 
formation (2) of the variables, a completely general discussion would be com- 
plicated, in comparison with the problem in two dimensions, by questions of 
parametric representation. In simple cases, however, explicit consideration 
of such questions can be dispensed with. The essential point’ is to recognize 
that if S and p are invariant under the transformation and if P(x, y, z) is any 
polynomial in the variables, then 


(3) | [ o Y; z)P(2’, y’; z') dS =| [ o%, Y; z)P(z, Y; z) dS. 


For reference later it is to be noted that as far as the present discussion of this 
particular point is concerned it is immaterial whether the surface is algebraic 
or not. If the transformation is a reflection in a plane, or a rotation through an 
angle 27r/k, where k is an integer, with the effect in either case of permuting a 
finite number of congruent regions of S, the truth of (3) is apparent on considera- 
tion of each integral as limit of a sum, without recourse to any particular choice 
of parameters, the various regions being subdivided into congruent elements of 
area. If (3) holds under each of two transformations, it holds under their 
resultant. If S and p are invariant under an arbitrary rotation about a specified 
axis, the truth of (3) for a rotation of arbitrary magnitude about the axis follows 
by continuity from its validity for rotation through any rational multiple of x. 
Thus it is true here again, at least with a considerable degree of generality, that 
a linear transformation of the variables which leaves the range of integration 
and the weight function unchanged subjects the polynomials of the n-th degree 
in the orthogonal system to an orthogonal transformation. 


4. Algebraic surface. In antithesis to the conditions of the preceding para- 
graphs let S be a surface on which some polynomial (zx, y, z) vanishes iden- 
tically. If there is one such polynomial, there are of course infinitely many. 
In particular there is a polynomial Q(z, y, z) vanishing identically on S, and 
composed of distinct irreducible factors each of which vanishes on a two-dimen- 
sional part of S. Any other polynomial 2,(z, y, z) which vanishes identically 
on S must be divisible by Q. 

In the sequence of monomials (1) let each be said for convenience to be of 
higher rank than those which precede it. The terms are ordered first with 
respect to degree in the three variables together, secondly with respect to degree 
in the pair of variables y, z, and thirdly with respect to degree in z. In any 


2 Cf. this Journal, vol. 3, loc. cit., p. 230. 
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polynomial let the term of highest rank with non-vanishing coefficient (or for 
brevity the corresponding monomial from (1), with the coefficient replaced by 1) 
be called the leading term of the polynomial. The leading term of the product 
of any two polynomials is the product of their leading terms. 

Let the leading term of Q be 2’y"z’, p + q+7r= N. The leading term of 
any polynomial Q, of the n-th degree which vanishes identically on S must be 
the product of x”y*z’ by a monomial of degree n — N. The number of different 
monomial multipliers of this sort is }(n — N + 1)(n — N + 2). So the number 
of monomials of the n-th degree, n 2 N, which are not linearly dependent on 
monomials of lower rank on the surface S is 


3(n + 1)(n + 2) — 3(mn — N + 1)(n — N + 2) = 4N(2n + 3 — N). 


It is possible therefore to construct a normalized orthogonal system containing 
this number of polynomials of the n-th degree for n 2 N (and }(n + 1)(n + 2) 
polynomials of the n-th degree for n < N). 

Let v = $N(2n + 3 — N) or (nm 4+ 1)(n + 2) according to the value of n. 
Any set of vy normalized polynomials of the n-th degree which are orthogonal 
on S to each other and to every polynomial of lower degree is linearly expressible 
on the surface S in terms of any other such set by an orthogonal transformation. 

As already mentioned, the discussion of the property of invariance expressed 
in (3), which determines the behavior of the orthogonal system under a trans- 
formation of (x, y, z) leaving S and p invariant, is independent of the algebraic 
or non-algebraic character of the surface; the resulting identities, however, now 
hold in general only on S. 

As a case of special interest let S be the surface of the unit sphere, let the 
integrals be taken still with respect to area, and let the weight function be unity. 
Here N = 2,v = 2n+ 1. As the 2n + 1 harmonic homogeneous polynomials 
of the n-th degree which reduce on S to the elementary spherical harmonics 
have the requisite property of orthogonality, they may be taken, except for 
normalizing constant factors, as the orthogonal polynomials of the present 
theory. They are characterized here, however, as far as their values on the 
surface of the sphere are concerned, without explicit intervention of Laplace’s 
equation. The partial sum of the Laplace series for a given function on the 
sphere is given by a polynomial chosen according to the least-square criterion 
among all polynomials of its degree. 


5. Identities. Before we proceed to an examination of the relations that are 
found when the domain of integration is a curve, it may be appropriate to set 
down some observations which are applicable both in the cases that have been 
discussed and in those that remain to be considered. 

Let the range of integration, whatever its dimensionality, be denoted by R. 
For each value of n let v, or vy be the number of polynomials of the n-th degree 
in the orthogonal system. Let these be denoted by pa, ---, Pn». Any poly- 
nomial of the n-th degree can be expressed identically on R as a Jinear combina- 
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tion of the polynomials p,; of degrees < n. Let u be the largest value of », for 
kin+1. Fory, <7 S yp, and also fork = —1, let p,i(z, y, z) be defined as 
identically zero. 

With this notation, whatever the manner of dependence of u on n may be, 
a relation of recurrence, valid on R, can be written in the form*® 


ZLPni = = Anij Pai. + >» Brij Pri + } Cais Pn—1.i 5 
? 2 7 


if Pai is any one of the polynomials pz; , --- , Pau, the sign ys indicating sum- 


? 
mation over j from 1 to u. The recursion formula leads in the usual way to a 
Christoffel-Darboux identity for points (x, y, z) and (u, v, w) belonging to R: if 


n 2» 
K, = K,(2, Y, 2, U,V, w) = i > Pes(2, Yy, z)pei(u, v, w), 


k=0 i= 


then (u — x)K,, can be written as 


a b® AnijlPn4ri(U, v, W)pri(x, Yy; z) = Pnari(t, y, z)Pni(u, Vv; w)). 
s ? 


Replacement of u — x by v — y or w — z affects this identity only to the extent 
of changing the values of the coefficients A,;; . 

Since the right member of the Christoffel-Darboux identity as written con- 
sists of u” pairs of terms (whether all different from zero or not), it is much more 
complicated in the case of a three-dimensional region, for which yu is of the order 
of magnitude of n” , than on an algebraic surface, where yu is of the order of n, 
and is very greatly simplified, so as to be comparable with corresponding formu- 
las in one variable, in cases to be discussed below in which yu is bounded for all 
values of n. 


6. Convergence. Let the range of integration R be thought of as a closed 
point set contained in a cube K with edges parallel to the coérdinate axes. Ifa 
continuous function f is given on R, and if this function is expanded in a series 
of the orthogonal polynomials corresponding to R with weight function unity, 
integration being performed with respect to volume, area, or are length, con- 
vergence in the mean is readily deduced from the least-square property of the 
development. For the definition of f can be extended continuously‘ through- 
out K, and by Weierstrass’ theorem f as thus extended can be uniformly ap- 
proximated by means of polynomials throughout K and in particular on R. 

The conclusion is almost equally immediate if unity as weight function is 
replaced by any integrable function having a positive lower bound. The same is 
true for a weight function having zero as greatest lower bound, if convergence 
in the mean is understood to refer to convergence of the weighted mean of the 


* Cf. this Journal, vol. 3, loc. cit., pp. 235-236. 

‘See Hassler Whitney, Analytic extensions of differentiable functions defined in closed 
sels, Transactions of the American Mathematical Society, vol. 36(1934), pp. 63-89; espe- 
cially p. 63. 
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square of the error toward zero. With a bounded weight function having a 
positive lower bound, the continuous function f can be replaced by an arbitrary 
function of class L*, at least in the case of a curve (without double points) 
or a three-dimensional region; the corresponding problem for a surface appears 
to be complicated by questions of parametric representation. Convergence in 
the mean for a discontinuous f with an unbounded weight function naturally 
requires consideration of the properties of both functions jointly. 

A similar method of approach is effective in certain cases in connection with 
the problem of uniform convergence. This is perhaps best illustrated in the 
case of approximation on the surface of the unit sphere, even though the out- 
come is in the first instance merely an alternative derivation of well known facts 
about Laplace series. 

Let p, 6, ¢ be spherical coérdinates, so that 


x = pcos 8, y = psin @ cos ¢, z= psin @sing. 


If f(@, ¢) is a function satisfying a Lipschitz condition with respect to are length 
on the surface of the sphere, the function F(z, y, z) = pf(@, ¢) satisfies a Lip- 
schitz condition in space and can be approximately represented’ throughout 
the cube K by polynomials of the n-th degree with an error not exceeding a 
constant multiple of n'. Interpreted for p = 1 as a theorem on the approxi- 
mate representation of f(@, ¢) by linear combinations of spherical harmonics,” 
this observation is of interest in itself. If f(@, ¢) has continuous directional 
derivatives on the spherical surface (i.e., continuous derivatives at each point 
with respect to latitude and longitude variables referred to a coérdinate system 
for which the point in question is not a pole), p-f(@, ¢) has continuous partial de- 
rivatives with respect to x, y, and z and can be represented by polynomials of 
the n-th degree throughout K with a maximum error e, such that’ lim ne, = 0. 
no 
Combined with an application of Bernstein’s theorem, this yields a proof of 
convergence of the Laplace series” for f(@, ¢). Generalization is possible by 
introduction of a suitably qualified weight function. If the second directional 
derivatives of f(@, ¢) on the sphere are continuous, p'f(@, ¢) has continuous 
second partial derivatives as a function of (x, y, z); it can be approximated by 
polynomials with a maximum error approaching zero faster than n™. This 


5D. Jackson, Uber die Genauigkeit der Anndherung stetiger Funktionen - - - , Disserta- 
tion, Géttingen, 1911, pp. 88-92; see also the paper of Mickelson cited in footnote 7 below. 

6 For a proof based more explicitly on the properties of spherical harmonies see T. H. 
Gronwall, On the degree of convergence of Laplace’s series, Transactions of the American 
Mathematical Society, vol. 15(1914), pp. 1-30; especially pp. 14-18. 

7 See E. L. Mickelson, On the approximate representation of a function of two variables, 
Transactions of the American Mathematical Society, vol. 33(1931), pp. 759-781; especially 
pp. 768-769. Mickelson points out in an introductory paragraph that the theorems on 
trigonometric and polynomial approximation which he presents at length for two variables 
can be extended to three or more. 

8 See Mickelson, loc. cit., pp. 776-780. 
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fact is useful in situations not previously treated which call for the use of Mar- 
koff’s instead of Bernstein’s theorem. 

It is clear that the method is applicable in principle to problems of approxi- 
mation on other domains than the spherical surface, though the precise formula- 
tion of results would require some attention to detail. 


7. Uniqueness of the weight function. It may be pointed out in this con- 
nection that under conditions of considerable generality the weight function 
belonging to a given system of orthogonal polynomials is essentially determinate 
except for a constant factor. That is to say, if a complete system of poly- 
nomials (beginning with a constant as first term of the sequence) is orthogonal 
with respect to each of two weight functions, one of these functions is almost 
everywhere a constant multiple of the other. 

Let the weight functions be p; and p , let the polynomials of the orthogonal 
system be denoted by pam , and let the domain of integration, whether volume, 
surface, or curve, be R. If fodR = ki, fodR = kz , and if the combination 
pi: — kike'p: is denoted by o, then fodR = 0. Since each non-constant Pam iS 
orthogonal to each of the other polynomials of the system, and in particular 
orthogonal to a constant, with respect to p; as weight function and also with 
respect to pro, 


[errand = [evbom at = 0, | eponat = 0. 


So o is orthogonal with unit weight function to every polynomial of the system, 
including the constant, or in other words is orthogonal on R to every polynomial. 
If o is continuous, it can be represented on R by a uniformly convergent series of 
polynomials; being orthogonal to every term of the series, it is orthogonal to 
itself and identically zero. If o is of class L’, the domain R being taken as a 
volume or a curve as before to avoid complications of parametric representation, 
o can be approximated in the mean by polynomials. If fo’dR = I, if ¢ is an 
arbitrary positive quantity, and if P is a polynomial such that f(¢ — P)*dR < 
e/(I + 1), then by the orthogonality of ¢ to P and by Schwarz’s inequality 


| [ran] = | [ow - Pyar | < [rar [oc — P/dR <«. 


This means that fo° dR = 0 and o = 0 almost everywhere. 


8. Orthogonal polynomials on a curve. Let attention be directed now more 
specifically to the formal properties of orthogonal polynomials on a space curve 
C, the curve being supposed rectifiable, and integrals taken with respect to arc 
length. 

If each of the monomials (1) is linearly independent of the preceding ones on 
C, the orthogonal system again contains 3(n + 1)(m + 2) polynomials of the 
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n-th degree. The facts with regard to orthogonal transformation of the orthog- 
onal polynomials, here and in subsequent cases, correspond to those previ- 
ously noted. 

When there is a polynomial that vanishes identically on C, it is of course not 
possible to say that all such polynomials must be multiples of a single one, 
as this would certainly not be true if C were the intersection of two algebraic 
surfaces. If there is a polynomial 2 of the N-th degree such that 2 = 0 at all 
points of C and such that every polynomial vanishing identically on C is a multi- 
ple of Q, construction of the orthogonal system proceeds as in the case of an 
algebraic surface, and the number of polynomials of the n-th degree in the system 
is again $N(2n + 3 — N) forn 2 N. 

Particular interest attaches to the case of an algebraic curve, that designa- 
tion being taken for present purposes to mean that there are two polynomials 
g(x, y, 2), (x, y, 2) which vanish identically on the curve, and which are rela- 
tively prime to each other. For it will be seen that for some classes of algebraic 
curves at least the number of polynomials of the n-th degree in the orthogonal 
system remains finite as m increases, and the theory of the corresponding ex- 
pansions in series consequently may be expected to have an essentially closer 
resemblance to that of series of orthogonal polynomials in a single variable. 

Algebraic curves, to be sure, do not constitute the only alternative to the 
cases noted above. Suppose, for example, that C consists of a segment of the 
z-axis and a non-algebraic curve in the zy-plane, both extending from the 
origin, say, so that jointly they form a single “‘curve” in the naive sense. Every 
polynomial g(a, y, z) which vanishes on the whole of C contains z as a factor, 
since otherwise ¢(z, y, 0) would be a polynomial in x and y which does not vanish 
identically, but vanishes at all points of the non-algebraic curve. So no two 
polynomials vanishing on C ean be relatively prime. On the other hand, z is 
the only factor common to all polynomials that vanish on C, since in particular 
xz and yz have no other common factor; but z itself does not vanish everywhere 
on C. It is clear from the earlier reasoning that if C is a curve on which a 
polynomial of the N-th degree vanishes identically, however this may be related 
to other polynomials having the same property, the number of polynomials of the 
n-th degree in the corresponding orthogonal system can not exceed }N(2n + 
3—N)forn 2N. For the C just used as an illustration the number in question 
is n + 2 for n = 1, the monomials of the n-th degree which are not linearly 
dependent on monomials of lower rank being those which are not divisible either 
by 2xz or by yz, ie., 2” “y* (k = 0,1, --- , n) and 2”. 

The discussion of algebraic curves will be limited here to a few illustrative 
specifications. The general theory appears to lead to algebraic problems of 
some complexity. If the facts are well known from the elementary theory of 
space curves or the theory of algebraic functions, a formulation in terms appro- 
priate to the problem in hand has not come to the writer’s attention. The ques- 
tions at issue do not particularly involve the properties of the systems of orthog- 
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onal polynomials as such, but are an essential preliminary to the study of such 
systems. 

For any specified value of n let vy be the number of polynomials of the n-th 
degree in the orthogonal system. It is the number of monomials of the n-th 
degree which are on C linearly independent of monomials of lower rank. As 
in the situations previously considered, alternative sets of polynomials of the 
n-th degree in the orthogonal system are expressible in terms of each other on 
the range of integration by orthogonal transformation, and the value of »y is 
therefore independent of the particular notion of rank employed. Another 
observation which will be important is that v can be defined as the number of 
polynomials of the n-th degree which on C are not connected with each other 
and with any polynomial of lower degree by any relation of linear dependence. 
That is to say, there exist v polynomials s,(z, y, z), --- , s,(z, y, z) of the n-th 
degree such that if s(x, y, z) is any polynomial of degree lower than the n-th, a 
relation 


as; + --- + a,s, + bs = 0 


holding identically on C implies that a; = --- = a, = 0, but if 8, --+ , S44 
are any vy + 1 polynomials of the n-th degree, there exists a linear combination 


8) + +++ 4 Ayyi Spit, 


with coefficients not all zero, which reduces identically on C to a polynomial 
of lower degree (or to zero). As thus characterized, v is unaffected by any non- 
singular linear transformation of (x, y, 2), whether orthogonal or not. A permuta- 
tion of the variables among themselves is of course a special case of such a 
transformation. 

Suppose first that ¢ and y have leading terms x”y* and 2’, respectively. Let 
p +4q = Ni, and let r be denoted alternatively by Ne. Any monomial which 
is divisible by x”y* or by z’ is linearly dependent on monomials of lower rank. 
If x"y‘z' is not to be divisible by z’, the exponent / must have one of the r values 
0,1,---,r—1. Forgivenn =h+k+1,thesumh + k = n — | must have 


one of the r values n,n — 1,---,n —r +1. Fora specific value of h + k, 
if x'y*z' is not to be divisible by x”y*, h must have one of the p values 0,1,---, 
p — 1, or else one of the q values corresponding to k = 0,1, ---,q — 1. So, 


when n is given, there are not more than r possibilities for the exponent | (fewer 
ifn <r — 1), and with each of these at most p + q possibilities for the exponent 
h, if z*y‘z' is to be on C linearly independent of monomials of lower rank. Con- 
sequently 

v S (p+ gr = NiN2, 


the upper bound obtained for » being the product of the degrees of ¢ and y. 
A corresponding conclusion is obtained if the leading terms are x”z’ and y’, 
or z” and y*z’, not by mere permutation of the variables in the statement of the 
conclusion itself (since the permutation would in general change the identity 
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of the leading terms),” but by repetition of the argument in detail. Also, one 
of the paired exponents may be zero, the leading terms being x” and y’, or xz” and 
2, ory’ andz’. 

Generally stated, the hypothesis of the last paragraph is that the leading 
terms of ¢ and y have no common factor. This of itself insures that ¢ and y 
are relatively prime, since the leading term of a common factor of ¢ and y 
would be a common factor of their leading terms. If the same variable occurs 
in both leading terms, and if no other hypothesis than specification of these 
leading terms is imposed, the argument necessarily fails, since the existence of a 
common factor of ¢g and y is not excluded; and if ¢ and y are not relatively prime, 
v is not necessarily bounded as n increases, since a curve on which ¢ and y 
both vanish may be a non-algebraic curve on the surface defined by the vanishing 
of the common factor, as in an illustration already employed. 

Nevertheless the boundedness of v with increasing n can be deduced in some 
cases even when the leading terms of ¢ and y have a variable in common. 

It will be assumed until the contrary is stated that the curve C is not plane, 
i.e., that there is no polynomial of the first degree in (x, y, z) which vanishes 
identically on C. 


9. Intersection of two quadrics. Suppose, for example, that ¢ and y have 
leading terms 2° and zy, respectively. If y were to contain a term in 2’, this 
could be removed by subtraction of a suitable multiple of ¢, leaving a polynomial 
which must likewise vanish identically on C. For economy of notation it may 
be assumed without loss of generality that y lacks the term in 2’ in the first place. 
Then ¢ and y may be written in the form 


(x,y, 2) = 2° + az + ay + ase + as, 
V(x, y, 2) = zy + biz + bey + dsr + by. 


The combination yg — zy, vanishing identically on C, has leading term yz if 
a, ~ 0, and has leading term y’ if a; = 0, a2 ~ 0. In either case g and yp — ay 
are two polynomials of the second degree, vanishing identically on C, with 
leading terms relatively prime to each other, and it follows from the earlier 
reasoning that vy S 4. If a, = a, = 0, the polynomial ¢ does not contain y or z 
at all, and its vanishing represents a plane or a pair of parallel planes; it has 
been assumed that C does not lie in one plane, and as a connected curve it can- 
not be contained in two parallel planes without lying wholly in one of them. 
So it is certain under the hypotheses of the present paragraph that v < 4. 


* E.g., if the leading term of y(z, y, z) is 2", the leading term of ¥(z, y, 2) is not 2" in 
general; a polynomial with leading term z* cannot have any other term of degree r, while 
a polynomial with leading term 2* may contain any or all of the monomials of the r-th de- 
gree. When a permutation of the variables is used below, in accordance with the last 
sentence of the preceding paragraph, all the terms of highest degree will be taken into 
account, not merely terms specified only by means of the notion of rank. 
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(If a, = a, = 0, if the equation g = 2° + asr + a, = 0 has distinct real roots 
a, B, and if the word curve is used in a less restrictive sense to admit the possi- 
bility of a locus C consisting of separate curves in the planes x = a, x = 8B, 
respectively, the product ¥(a, y, z)¥(8, y, z) is a polynomial of the second degree 
(at most) vanishing identically on C, with leading term 2’ if b; + 0, y’ if b; = 0, 
(be + a)(be + 8) ¥ 0, so that » < 4 again; if b} = 0, bb = —a, say (it is im- 
material which root is denoted by a), then 


¥ = (x — a@)y + bax — a) + bya + By, 


which is inconsistent with the hypotheses, giving y and ¢ the common factor 
x — aif bsa + by = 0, and making y different from zero at all points of the plane 
x = aif bya + by ¥ 0, so that C, on which y vanishes identically, is restricted 
to the single plane x = 8.) 

For reference a few lines below it is to be noted that if three polynomials 
with leading terms zy, xz, yz vanish identically on C, then vy S$ 3. For every 
monomial of the n-th degree other than x”, y", z” is divisible by one (or more) 
of the three leading terms, and so is linearly dependent on monomials of lower 
rank. 


Suppose next that ¢ and y have leading terms zy and zz: 
(x, y, 2) = ry + aor” + az + ay + asx + a, 
V(x, y, 2) = xz + bor” + bye + by + dsr + by. 


There is no loss of generality in omitting zy from y, since it could be removed by 
subtraction of a multiple of g. The non-singular substitution 

x’ = 2, y’ = y + ae, 2’ = z+ ber 
gives polynomials of the same form in 2’, y’, 2’, except that terms in x” are lack- 
ing; instead of working with the new notation it may be assumed with essential 
generality at the outset that y, y have the form 


ry + z+ ay + ar+ a, 
yy = 2z + b2 + by + br + hy. 
The polynomial w = zg — yy is of the form 


ayz’ + (a2 — bi)yz — bey” + terms of lower rank than y’. 


If a; ¥ 0, w has leading term z’, and the vanishing of ¢ and w on C means that 
v4. Ifa, = 0, a2 — b; ¥ O, the leading term of w is yz, and the simultaneous 
vanishing of ¢, ¥, and w means that y < 3. If a, = 0, a — b, = 0, bh ¥ 0, 
the leading term is y’, and y and w together give vy < 4. If a, = a2 — b; = bb = 0, 
g and y reduce to 


ry + hy + a3% + a, 
xz + az + der + Dy. 
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Then 
(z + bs)e — (y + as) = (a4 — Geas3)z — (bs — aebs)y + abs — ahs. 


The vanishing of this expression on C would mean that C is a plane curve, 
unless the right member is zero identically, in which case ¢g and y have a common 
factor.” Both of these suppositions having been ruled out, the coefficients 
must come under one of the hypotheses which make v S 4. 

Now let ¢ and y be any two polynomials of the second degree which are relatively 
prime. By a non-singular linear transformation it can be insured that ¢ con- 
tains a term in z’, which is then its leading term. If y contains a term in 2’, 
this can be removed by subtracting a multiple of ¢. If the resulting poly- 
nomial contains neither yz nor zz, the leading term being y’, xy, or 2’, this 
leading term has no factor in common with the leading term of ¢g, and vy S 4. 
If the polynomial contains yz, this is the leading term; if it contains zz but not 
yz, interchange of z and y makes yz the leading term again. So the cases requir- 
ing further examination can be covered by the assumption that ¢ and y have 
z’ and yz as leading terms. The term yz furthermore can be removed from ¢ by 
subtracting a multiple of y. 

Let the polynomials then be taken as 


g(a, y, 2) = 2 + ay’ + are + asry + ag +---, 
V(x, y, 2) = yz + by? + dere + dory + be? 4+ ---. 


The continuation sign + --- will henceforth be understood always to mean 
“plus terms of lower degree’. The combination yg + (by — z)y has leading 
term y’*, if a, + bi + 0. The vanishing of this polynomial on C together with ¢ 
implies that vy < 6. Specifically, this is so because all monomials of the n-th 
degree except 
x”, a” ty, 2” *y’, x”, x” *yz, a” *y2 
are divisible either by z or by y*. But of these six the last two are divisible by 
yz, the leading term of y, and so as functions on C these also are linearly de- 
pendent on monomials of lower rank. The relation vy < 6 is thus replaced” 
byv < 4. 

If a, + bi = 0, 


g(x, y, 2) = z - biy? + Aexz + Asxry + ag’ + ee 
while y remains as before. Let the variables be subjected to the transformation 
1 = 7, n= yy, 4 = 2+ by. 


10 Elimination of zy from y has, to be sure, replaced the most general ¢, y by¢ and y — ke, 
where k is a constant. But if ¢ and y — kg have a common factor, the same is of course 
true of ¢ and y. 

11 In the preceding discussion for the cases of leading terms z*. rv. and x4, zz, the con- 
clusion vy S 4 can similarly be replaced by » S 3. 
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This makes 


¢(2, y, 2) = a(t, m1, %) 


= 2 — Qbiyiz: + Ge%z% + (a3 — aebi)ryi + ayr} +r, 


¥(z, y,2) = vila, m1, a) = Wiz + bere, + (bs — dibe)aiy: + byx} + e>. 
The combination 


w(z, 4 , z) = g(x, UP z) + 2b (z, y, z) 
ei(%i , Yr, 2%) + 2bwilt, yi, 2) = a(n, Yi, 2%) 


has the form 


2 2 
(21, Yr, 21) = 21 + Ape + Asti + Quxi + ---, 


in which the manner of dependence of the new coefficients on the old ones need 
not be further specified. For the sake of uniformity let ¥, be written as 


Vilti, Yr, %) = Yeti + Dwmz1 + bry. + bur} + ++. 


The original ¢ and y having been replaced by w; and y; , the condition a, + b} = 0 
is seen to be essentially equivalent to the vanishing of a; and b; separately. 
Let 


=n, Ye = yi + ber, Z2 = % + }apr 


This transformation has the effect of removing the terms in 2,2, , and reduces 
the polynomials to the form 


wi (21, Yi, 21) = we(Xe , Yo, 22) = 23 + Oesteye + Guts + ---, 


¥i(21, Yr» 21) = Wolre, Yo, 22) = Yate + destaye + bare + ---. 
Here let 


E=Me+Mye, w=yw, =e, 
with an arbitrary \. In terms of the new variables, we , ¥2 have the form 
wale , yo, 2) = QE, 9, 5) = SF + can’ + astn + at + ---, 
Volare, yo, 22) = WCE, 0, £) = nf + Bit’ + Btn + Bae + ---, 


with a; = aad” — asd, 8; = bed” — besd. These polynomials have the form 
of the original g and y (with the specialization that the coefficients of && are 
zero). If a, + 8; ¥ 0, repetition of the earlier argument shows that » < 4. 
It will be possible to choose \ so as to make a + 6; ¥ 0, unless 


Aad” — dash + (bosd” — bed)? = 0 
identically in \, or 


a:=0, bi=0, an+ bz = 0. 
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The discussion has to be resumed only under the hypothesis that these special 
conditions are fulfilled. 
The polynomials to be considered are then 


2 22 
we(X2 , Y2, 22) = 22 — bore + ---, 


Yo(2e , Yo, Z2) = Yo22 + dosroye2 + ---. 
Let 


3 = 22 + deste, Ys = ¥2, 23 = 2. 


The polynomials become 
2 
we(X2 , Y2, 22) = w3(Xs , Ys, 23) = L3 — Bhosagz3 + ---, 
Yo(t2, Yo, 22) = Wa(%s, Ys, 23) = Tes +---. 


These have leading terms 2323 and x3y3 , unless be; = 0, in which case the leading 
terms are 23 and x3ys. Both cases have been treated in earlier paragraphs, with 
the conclusion each time that » < 4. This relation for v is therefore of 
general validity. 

It has been assumed for definiteness that C is not a plane curve. If it does 
lie in a plane, this can be reduced by linear transformation to the plane z = 0. 
The whole problem then is one of polynomials in the two variables x, y. If the 
codrdinates of all points of C satisfy an equation of the N-th degree,” v < N. 
The special case of a plane curve need not therefore be excluded from the follow- 
ing general statement: 

If two polynomials of the second degree which are relatively prime vanish iden- 
tically on C, the number of polynomials of the n-th degree in the corresponding or- 
thogonal system does not exceed 4 for any value of n. 


THE UNIVERSITY OF MINNESOTA. 


12 See the second of the papers cited in footnote 1. 
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A LATTICE FORMULATION FOR TRANSCENDENCE DEGREES AND 
p-BASES 


By Saunprers Mac LANE 


1. Introduction. The transcendence degree of an extension of a field is the 
cardinal number of a maximal set of independent transcendents in the extension 
(Steinitz [11]);' in an Abelian group without elements of finite order the rank 
is the cardinal number of a maximal set of rationally independent group elements 
(Baer [1]). Both these cardinal numbers are invariants; the proofs of these 
two facts are similar, so that there should be an underlying theorem generalizing 
these proofs and stated in terms of the lattice of subfields or of subgroups, as 
the case may be.” This paper constructs, in §2, a type of lattice, called an 
“exchange”’ lattice, in which such a theorem can be proved (ef. §3). This lattice 
theorem includes also some investigations of Teichmiiller ({12] and [13]) on 
fields of characteristic p; in particular, we establish the invariance of the cardinal 
number of a “relative p-basis” of an inseparable algebraic extension of such a 
field. 

The crucial axiom for our lattices is an “‘exchange’’ axiom, related to the 
Steinitz exchange theorem. This axiom is equivalent to one of the axioms 
recently used by Menger [7] in investigating the algebra of affine geometry, 
and also to a certain covering property used by Birkhoff [2] in an analysis of the 
Jordan Theorem (cf. §4). This axiom can be viewed as a weakened form of the 
Dedekind or modular axiom for a lattice (Ore [9], or Birkhoff [4]). The Dede- 
kind axiom itself could not apply to the lattices of fields with which we are 
concerned (see §5 and §6). 

Unfortunately the exchange axiom is stated in terms of the “points” of the 
lattice, or alternately in terms of the covering relation. It thus applies only 
trivially to continuous geometries or to other infinite lattices having no points. 
In §7 we succeed in constructing two exchange axioms which in the presence 
of the other axioms are equivalent to the original exchange axiom, but which 
themselves do not involve points or coverings. These new axioms yield most 
of the usual properties of the dimension function in a finite lattice. Their title 
to be considered as substitutes for the modular law rests chiefly on their versa- 
tility: each of the new exchange axioms is seen in §8 to be equivalent to a 
natural assertion about the possibility of specified types of transpositions in 
any given chain of the lattice. 


Received March 1, 1938; presented to the American Mathematical Society, April 9, 1938. 
1 Numbers in brackets refer to the bibliography at the end of the paper. 
2 This remark is due to R. Baer (in conversation). 
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2. Exchange lattices. The transcendence degree of a field & over a subfield 
R can be defined in terms of those subfields M, KR C Mt C ¥&, which are relatively 
algebraically closed in %, in the sense that every element of 2 algebraic over M 
is contained in Mt. With respect to field inclusion, these subfields I form a 
continuous lattice. 

A set L is a continuous lattice’ (in the terminology of O. Ore, a complete struc- 
ture) if a transitive and irreflexive relation a < b is so defined for elements a 
and b of L that for every subset A C L there exist in L an element (A), the 
union, and an element II(A), the cross-cut, such that ¢ 2 =(A) holds if and only 
if c = a for every ain A, while d S II(A) if and only if d S a for every a in A. 
If A consists of two elements a and b, we denote the union or join by a + b, and 
the cross-cut or meet by a-b. The cross-cut 0 = II(L) is the zero element, the 
union 1 = =(L) the unit element of L. Ifa > bin L, but a > c > bis impossi- 
ble for c in L, then a is said to cover b or to be prime over b (Ore [9]). An element 
p prime over 0 is called a point of L (Menger [7]). 

In the field case, each indeterminate x over R generates a relatively alge- 
braically closed field R(x)’ which is a point in the lattice of fields M. The crucial 
property of algebraic dependence is: if z is algebraic over Mt(y), but not over M, 
then y is algebraic over Dt(x). For lattices, we state a corresponding exchange 
axiom: 

(E,) If ais in L while p and q are points of L, thena <a+ pS a+ qim- 
plies gq S a+ p. 

We need also the existence of points and the “finiteness” of dependence: 

(G,) Ifb < ain L, then there is in L a point p withb <b+ pS a. 

(F,) If Q is a set of points and p a point of L with p S 2(Q), then there 
exists a finite set of points q@, @,---,q.0f Qwithp Sq+@+--- +a. 

DEFINITION. An exchange lattice is a continuous lattice satisfying (E:), (Gi), 
and (F;). 

Note that (E;) is equivalent to the assertion that a < a+ p <a 4+ qis im- 
possible, while (G;) is equivalent to the following formally stronger axiom: 

(Ge) Ifa <= b, then there is a point p with p S a, p = b. 

For a < b implies ab < a, hence by (G;) there is a p such that p S a, p <= ab. 
Thus p < b. In the presence of (G,), (F:) can be shown equivalent to the fol- 
lowing point-free statement: 

(F.) If b S (A), A CL, then there are in A elements a, --- , a, with 
b(a; +--+ + Gn) > 0. 

To prove (F2), let Q be the set of all points gq S some a of A, and choose any 
p=b. Then p S 2(Q) = (A) by (G2), whence p S q + --- + q, by (Fi). 
This gives the conclusion. 

Our postulates are related to the properties of algebraic dependence as formu- 
lated by van der Waerden [14]. He considers a relation “‘b depends on S’’ for 
an element b and a subset S of a given set D, with the following properties: 


’ 


3 This definition is in von Neumann [8]. For further literature on lattices, cf. Ore [10] 
or Kéthe [5]. 
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1. each b depends on the set {b}; 

2. if b depends on S and S C T’, then b depends on 7; 

3. if b depends on S, then b depends on some finite subset of S; 

4. if b depends on So = {c;, c2,-+--,¢,} but on no proper subset of Sp, 
then c, depends on {¢;, --- , Cn, b}; 

5. if b depends on S and if every element of S depends on 7’, then b depends 
on T. 

A relation “fa depends on S”’ with these five properties we call for the moment a 
dependence relation. The exact connection with our axioms we state without 
proof as follows: 

THEOREM 1. If D is a set with a dependence relation, and if a subset S C D is 
said to be closed whenever S contains every b of D dependent on S, then the set &(D) 
of all closed subsets of D is an exchange lattice if S < T means that S is a proper 
subset of T. Conversely, if L is any exchange lattice, and if D = D(L) is the set 
of all points of L, then the relation p S =(S) for S C D is a dependence relation of 
pto S. Furthermore, \(D(L)) is isomorphic to the given lattice L, while, for a 
given D, the set D’ = D(X(D)) with its dependence relation is isomorphic to the 
set D* obtained from D by identifying all pairs of mutually dependent elements of D. 
Here an isomorphism of D’ to D* means a one-to-one correspondence of D’ to D* 
which leaves unchanged the dependence relation. 

In the finite case, there is a similar connection to the matroids of Whitney 
[15], as expressed in terms of lattices by Birkhoff [3]. 


3. The basis theorem. A transcendence basis for a field is a maximal set of 
algebraically independent elements. Generally, a set P of points in any lattice 
L is independent if (=(P’))-(2(P”’)) = 0 for any two disjoint subsets P’ and P”’ 
of P (von Neumann [8], Chapter II). An independent set P of points with 
union =(P) = a is called a basis of the element a of L. In the transcendence 
basis case, an independent set corresponds exactly to a set of indeterminates 
irreducible in the sense that no one indeterminate depends algebraically on the 
others. The same definition of independence holds in other cases: 

THEOREM 2. A set P of points in an exchange lattice is independent if and only 
oop Sm + po +--+ + Pn is tmpossible for distinct points p, ~i , --- , Pn of P. 
Hence a set P is independent if and only if every finite subset of P is independent. 

Proof. The necessity of the condition is immediate. Suppose conversely 
that p < =p; is impossible, but that P is dependent. There then are disjoint 
subsets P’ and P” C P with (=(P’))-(2(P”)) > 0. There then exists a point 
q such that 0 < q S (2(P’))-(2(P”)). By the finiteness axiom, points p; 
in P’ and p; in P” can be chosen so that 


GSm+Pt+ ++ Pm GSM +P2+--- + Dr. 
If m > 0 isso small that gq € eee + Pur, the exchange axiom implies that 


Pm S Pitirs> + Pua t gS Pits + Part Pi +-++ + Dey 
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contrary to the assumed property of P. Hence P is independent. A similar 
use of the exchange axiom gives also the result (cf. Menger [7], p. 462): 

Corotiary. If P is an independent set in the exchange lattice L, and if q is a 
point with q(=(P)) = 0, then the set obtained by adjoining q to P is independent. 

TueoreM 3. If L is an exchange lattice and if P is any independent set of 
points of L with =(P) s b, then there is a set QD P which is a basis of b. In 
particular, every element of L has a basis. 

Proof. When b = 1, we can construct Q from P by well ordering the points 
of L and by applying repeatedly Theorem 2 and its corollary. A basis for any 
b * 1 can then be found by applying the previous case to the quotient lattice 
b/0 (Ore [9], p. 425). For any b = c such a quotient lattice b/c consists of all 
elements d with b 2d 2c. 

TuroreM 4. If b = c are elements of the exchange lattice L, then the quotient 
lattice b/c is also an exchange lattice. Its points are all the elements of L of the 
form c + p, where p is a point of L such thate <ce+pS b. 

Proof. Any such c + pis a point of b/c, for otherwise c + p > d > c, hence 
by (G,) ¢c + p > ec + q >, and this is impossible by the exchange axiom. Con- 
versely, the existence axiom for points of L shows that any point of b/c must 
have the form c + p. The axioms for an exchange lattice can now be directly 
verified for b/c. 

The comparison of different bases depends upon an exchange process (Steinitz 
[11], Theorem 7, p. 115). 

TueoreM 5. If P is an independent set of points in an exchange lattice, q a 
point with q < =(P), then there is a finite subset P) © P such that (i) ¢q S (Po), 
but this statement is false if Po is replaced by any of its proper subsets; (ii) if R C P 
and q < X(R), then Po C R; (iii) if in P any point p, of Po be replaced by q, the 
resulting set P’ is independent, and =(P’) = X(P). 

Proof. The finiteness axiom yields at once the set Po as in (i). If q S =(R), 
as in (ii), then g S =(R) for a similar minimal finite set Ro. If Po C RP is false, 
then Po Ry. Since Po is minimal, Ry contains at least one point r not in Po. 
If Ro is the set Ro with r deleted, then q < 2(Ro) + 1, so that the exchange 
axiom proves r < =(Ro) + ¢ < =(Ro) + =(Po), contrary to the independence 
of P. Finally P’ in conclusion (iii) is independent because of (ii) and the corol- 
lary to Theorem 2. 

Repeated applications of this exchange process with a transfinite induction 
yield, exactly as in Steinitz [11] (Note 126 and correction thereto), a proof of the 
fundamental invariance theorem: 

TueoreM 6. If P and Q are two bases for an element b in an exchange lattice L, 
then the sets P and Q have the same cardinal number.A. This number we call the 
rank of b. 

TuHEeoreM 7. Every exchange lattice L has relative complements; that is, given 
b 2d =cinL there is an element d’ in L withd + d’ = b, dd’ = c. 


‘An equivalent abstract basis theorem has been developed by Reinhold Baer, who 
also found several alternative postulational bases for abstract independence (all unpub- 
lished). (Added May 9, 1938.) 
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Proof. In the quotient lattice b/c there is by Theorems 4 and 3 a basis P, 
for d. By Theorem 3 we can adjoin to Pz a set of points Q’ of b/c such that 
P, and Q’ together form a basis for b. Then d’ = 2(Q’) is the desired comple- 
ment, because the definition of independence insures that (2(P.))-(2(Q’)) = e. 


4. Alternative exchange axioms and the Dedekind axiom. The exchange 
axiom is a weakened form of the usual modular or Dedekind law (Ore [9], p. 412; 
Birkhoff [4]). 

(D,) Deprexinp Axiom. a 2 c implies a(b + c) = ab+e. 

This axiom holds for the linear subspaces of a projective space, but not for an 
affine space. Menger showed that it could there be replaced in part by either 
of the two equivalent assertions, for all elements a, b and all points p of L, that 

(E2) a Sb S a+ pimplies b = aorb = a + p;or that 

(E;:) p £ a+ b implies ab = (a + p)b 
(see [7], Axiom 6°). Birkhoff’s investigations of the Jordan Theorem! involve 
the property that, for all a, b and d in L, 

(Ey) ifa 2d,a+ b> aand b covers d, then a + b covers a. 

The interrelations of these axioms are as follows. 

THEorREM 8. In any lattice L satisfying the point-existence axiom (Gy), any 
two of the conditions (E), (Ez), (Es), (Es) are equivalent. Each of them is a conse- 
quence of the Dedekind axiom, but there exist exchange lattices which satisfy (E,), 
(Fi), and (G,) but not the Dedekind axiom. 

In an arbitrary lattice the implications (E;) — (E:) — (E,), (Ez) < (Es) 
(proved by Menger) and (D,) — (E,) (ef. Birkhoff [2], Theorem 9.1) will hold. 
To prove (Ey) — (E2), set d = 0 and b = pin (E,) to obtain the assertion “a + p 
> a implies that a + p covers a’’, an alternative statement for (Ez). Similarly 
(Ez) with b = a + q will yield (E)). 

To establish (Ey) as a consequence of (E;) and (G,), suppose that in the con- 
clusion of (Ey) a + b fails to cover a. There is then ac, a + b > c > a, and 
by (G,) there are points p and q such thata <a+psSe,d<d+qsb. 
Since b covers d,d + q = band 


a<a+pSce<ca+b=a+d+q=a+q. 


The exchange axiom then makes a + q S$ a + p < a + q, a contradiction. 
Given (G,) we now have (D,) — (Ey) — (E;) — (E:) — (E,) — (E,), as asserted 
in the theorem. 

The Dedekind axiom does not hold in every exchange lattice. For instance, 
let C be a finite class with m elements and n an integer, 1 S n < m. Consider 
the set Ln.» of all subclasses a, b, --- of C which have not more than n elements 
or exactly m elements, and let a < b mean that a is a proper subclass of b. 


5 Lattices having this property (E,) have been studied by F. Klein, who calls the 
property ‘“‘axiom (y”)’’ and who obtains several interesting equivalent axioms. Cf. F. 
Klein, Birkhoffsche und harmonische Verbénde, Mathematische Zeitschrift, vol. 42 (1937), 
pp. 58-81. (Added May 9, 1938.) 
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Then Lmn is a lattice, in which the points are the subclasses of C with just one 
element, while the sum a + b is the whole class C or the ordinary point-set union 
a U b according as a U b has more than n elements or not. The axioms for an 
exchange lattice are readily verified for Lz,. Whenever m 2 n+ 2 2 4, and 
in no other cases, Lm, fails to be a Dedekind lattice. For instance, if m = 4, 
n = 2, Le contains four points p,q,rands. If weseta=p+q,b=r+s, 
c = p, thena 2c, but 


ab+c)=(p+Q(pt+r+s)=(P+qQ-l=p4+y4 
ab+c=(p+q)(r+s)+p=pandp+qsp, 


contrary to the Dedekind law. 

We turn to the Jordan Theorem. A chain of length n joining a to b, a < 5b, 
is a sequence of n + 1 elements z;,@ = % <4%<--- <2, = 0b. The chain 
is principal if each x; covers x;, , fori = 1,---,n. A lattice L is said to be of 
finite dimensions if any two elements a < b can be joined by a principal chain. 

THEOREM 9. If two elements a < b of an exchange lattice L are joined by a 
principal chain of length n, then no chain joining a to b has length greater than n, 
so that any principal chain joining a to b has the same length n. If the exchange 
lattice L is of finite dimensions, then the rank (or dimension) p(a) defined in Theorem 
6 is equal to the length of any principal chain joining 0 to a, and p(a) satisfies the 
inequality 


(1) p(ab) + p(a + b) & p(a) + p(d). 


The first assertion, which states in part that when a and b are joined by a 
principal chain they can be joined by no “infinite” chain, can be established by 
induction, with repeated applications of axiom (E,). The rest of the theorem 
restates known results, for the exchange axiom (E,) implies the following con- 
dition: 

(€) If a and b cover d and a # b, then a + b covers a and b. From this 
condition the Jordan Theorem and (1) can be established (Birkhoff [2], Theorems 
8.2 and 9.2; Ore [9], Chapter IT). 

The following converse to Theorems 7 and 9 gives in effect an alternative 
definition for finite exchange lattices. 

THeoreEM 10. Jf L is a lattice which has for every a > d > 0 a “relative com- 
plement” d’ with d + d’ = a, d-d’ = 0, and if to every element a of L an integer 
p(a) can be so assigned that 

(i) a < b implies p(a) < p(b); 

(ii) af b covers a, then p(b) = p(a) + 1; 

(iii) the inequality (1) holds for all a and b; 
then L is an exchange lattice. 

Proof. The finiteness of each p(a) and the condition (i) enforce ascending 
and descending chain conditions (Ore [9], p. 410) and thence the existence of 
infinite unions and cross-cuts, as well as the finiteness axiom (F,). To establish 
the existence of points, let a > d = 0 and pick a relative complement d’ of d in a. 
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The descending chain condition yields a point p, p < d’, with the requisite 
properties, p S aand p = d. 
If p is any point with a < a + p, then the inequality (1) and condition (ii) 
give 
p(a + p) S pla) + e(p) — plap) = p(a) + p(p) — (0) = (a) + 1. 


But a + p > a, so p(a + p) > p(a) by (i), and we have p(a + p) = p(a) + 1. 
This means that a + p covers a, and is in effect the exchange axiom (E2). 
Therefore L is an exchange lattice. 

A lattice L is complemented if for every a there is an a’ with a + a’ = 1, aa’ = 0. 
If L is also modular, relative complements are known to exist, and in the finite 
case there is a dimension function. Therefore, we have the following 

CoroL_LaRy. Any complemented Dedekind lattice of finite dimensions is an 
exchange lattice. 

The lattice of all linear subspaces of an affine space is also an exchange lattice, 
as can be established from Menger’s axioms for affine geometry. 


5. Transcendence degrees of fields. For fields {> &, the set of all relatively 
algebraically closed subfields It between KR and & forms an exchange lattice L. 
This is proved by noting that the relation “y depends algebraically on R(S)’’ is 
a dependence relation with the five properties used in Theorem 1 to construct 
an exchange lattice. The sets “closed” under this relation are exactly the sub- 
fields I, and the transcendence degree of IM over is the rank of M in the lattice, 
and so is included in Theorem 6. 

Such lattices of fields need not satisfy the Dedekind law. Consider over any 
field R the field £ = R(x, y, z) of rational functions of three independent variables 
z,yandz. The subfields 


(2) M=K(x,y), N=KE,xr+ yz), R=RKC) 


are relatively algebraically closed in %, by Liiroth’s theorem (ef. Steinitz [11], 
p. 126). The intersection of Mand NiskK. For let a # 0 be an element of the 
intersection, 


lites f(z, y)/g(z, y) = r(t, z)/s(t, 2), t=z + yz. 
Then g(z, y) ¥ 0, s(t, z) ¥ 0, and we can assume that r(¢, z) and s(t, z), as poly- 


nomials in ¢ and z, have no factors in common except constants. Then fs = gr 
is an identity in x, y and z; in it we set z = 0 to obtain 
(zx, y)s(z, 0) = g(z, y)r(a, 0). 


If s(x, 0) = 0, then, since g(x, y) ¥ 0, r(x, 0) = 0. Since these are identities, 
r(t, 0) = 0 = s(t, 0), which means that r(¢, z) and s(t, z) have in common a factor 
z contrary to assumption. Hence s(z, 0) # 0 and 


aia S(z, y)/g(z, y) - r(z, 0)/s(z, 0), 
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so that a is inR(x). If a were not in&, a would be transcendental over R by 
Liiroth’s theorem, so that x would be algebraic over R(a) C RN. Because N 
is relatively algebraically closed, z is in Nt, and (2) shows that N contains z, y, 
and z. This is a contradiction. 

Because the intersection R = NN N is the cross-cut M-N of M and N in 
the lattice L of relatively algebraically closed fields between R and &, this lattice 
is not modular. For, by (2), Pt > MR and 


M- (MN + R) = M-L = M, M- N+ R= K+ R= KR, 


so that Mt-(N + R) + M-N + MR, contrary to the Dedekind law. 

This example can be extended in various ways. In any field R(x, --- , tn 
with n independent variables one can construct two subfields Jt and MN, each 
of transcendence degree n — 1 over, and with & as intersection. In the field 
R(x, y, z) one can also find a denumerable number of relatively algebraically 
closed subfields I; , each of transcendence degree 2 over R, such that the inter- 
section of any two of these subfields is R. These examples are typical of all 
fields, in the following sense: 

TuHEeorREM 11. Jf R is a relatively algebraically closed subfield of %, then the 
lattice of all relatively algebraically closed subfields M with R CT M C Lis a Dede- 
kind lattice if and only if the transcendence degree of &% over 8 is less than 3. 

Proof. When the transcendence degree is 1 or 2, the lattice has a simple 
form and the Dedekind law is trivially true. In the remaining cases, there are 
in ¥ three indeterminates x, y and z independent over. Let M, R and R be 
the fields of (2) and M’, MN’ and M’ be respectively their relative algebraic 
closures in %. Then PY’ > MR’, and if we show that MY’ and MY’ intersect in K, 
the non-modularity follows as before. 

Suppose then that w is an element common to QP’ and MN’, so that w is algebraic 
over both IM and MN and satisfies equations f(u) = 0 and g(u) = 0 irreducible 
over I and M, respectively. Since R(x, y, z) is a simple transcendental ex- 
tension of 9 and also of N, f(u) and g(u) must remain irreducible over the exten- 
sion R(x, y, 2). If both f and g have the leading coefficient 1, then f(u) = g(u), 
so that w satisfies an equation f(u) = 0 whose coefficients are in I-N; that is, 
in®. Therefore w, algebraic over &, is in R, and the intersection DY’ -N’ is in 
fact R. 


6. Group ranks and p-bases. Abelian groups furnish another example of 
exchange lattices. Let J be an additive Abelian group without elements of 
finite order (except 0). An element g of J is said to be dependent on a subset 
X of J if in X there are elements x, , --- , x, and if there are integers m, ky , --- , 
k, ,m # 0, with mg = ky, + --- + kx, . This dependence relation has, as is 
readily verified, the five properties used in Theorem 1, so that the sets H C J 
closed under this dependence form an exchange lattice. These closed subsets 
H are simply the subgroups H C J for which the factor group J/H has no ele- 
ments of finite order (except 0). A basis for J, in the lattice sense, is simply a 
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maximal independent set of elements of J, and the rank of J (Theorem 6) is a 
known invariant of J (Baer [1], Theorem 3.2). A simple proof shows also that 
the lattice of closed subgroups is a Dedekind lattice. 

A field 8 of characteristic p which is not perfect can be extended to a perfect 
field by the adjunction of p"-th roots of a certain minimal set of elements of R. 
This minimal set is called a p-basis (Teichmiiller [12], §3, and [13], p. 145, Hilf- 
satz 9). This notion can be generalized to any inseparable extension. Let & 
be a field of characteristic p, and ¥ a pure inseparable extension of exponent 1 
over 8; that is, an extension such that 2” is in ® for any z in &. An element 
y in ¥ will be called p-dependent on a subset X of < if y is in the field R(X). The 
properties 1, 2, 3 and 5 of a dependence relation are immediately verified. As 
for property 4, let y be in R(x, --- ,2,), but not in R(x, --- , Xn). Since 
zh isin®, y = f(t, ---, 2n), where f is a polynomial with coefficients in 2 and 
of degree less than p in z,. Then x, must actually occur in some term of f, 
so 2, is algebraic of degree S p — 1 overR, = R(y, 21, +++ ,Xn-1). But x, also 
satisfies the inseparable equation z” — x? = 0 over ;, so that x, must be in 
RK; , and is p-dependent on y, 21, «++ , Zn-1, as asserted in property 4. 

The exchange lattice corresponding to this dependence relation is simply the 
lattice of all subfields M withR CM CY. The points of the lattice are the sub- 
fields of degree p over R, so that Theorem 6 becomes 

THEOREM 12. If ¥ is a pure inseparable extension of exponent 1 of a field ® of 
characteristic p, then there exists a set of subfields M, of %, each of degree p over K, 
such that the adjunction of all M, toR gives %, while no M, is a subfield of the field 
obtained by adjoining the remaining M’s toR. The cardinal number of subfields 
M, is an invariant of Y/R, called the relative degree of imperfection. 

Each subfield M, has the form M, = R(</z,) for some z, ink. The set of 
these z,’s, one for each M, , can be called a p-basis of Y over KR. This concept 
will apply to any inseparable algebraic extension, for such an extension § of & 
can be uniquely decomposed intoR C % Cw C% C--- CF, where each &, 
contains all elements of § of exponent not more than n over R, so that each &,, 
is a pure inseparable extension of exponent 1 over ¥,-; . 

The lattice of subfields 2 of ¥ is not always modular. Consider ¥ = 
B(x, y, z), R = Bla’, y”, 2”), where zx, y and z are independent indeterminates 
over the perfect fie'd $8 of characteristic p. ¥ over R is pure inseparable of 
degree p’, is obtained from & by adjoining the independent p-th roots x, y and z, 
and so has the p-basis |x, y, z} (ef. Teichmiiller [12], Theorem 18). The sub- 
fields M = K(x, y), N = K(z, x + yz) are each of degree p* overR. To disprove 
the Dedekind law, it will suffice as in §5 to show that M and MN intersect in K. 
Let them have in conimon the element 


p—1 


(3) a = f(x,y) =9(z,) = Lay’, t=x+y, 


i,j=0 


§ The possibility of such an extension is indicated by Teichmiiller [12], §3. 
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where f and g are polynomials with coefficients in R and of degree less than p 
in any one variable. The polynomial 


(4) h(x, y, 2) = f(z, y) — g(, x + yz) 


must be zero in % and is of degree at most 2p — 2 in the variable z. If each 
term z”** be replaced by dz’, with coefficient d = z” in&, then A(z, y, z) is equal 
in 2 to a new polynomial h’(z, y, z) of degree less than p in any one variable. 
But the power products zx*y’z’ with exponents less than p form a basis for the 
algebraic extension &/R, so that h’(x, y, z) = 0 in & implies that A’ is identically 
zero. In h’ terms in 2” never arise from a replacement z’** — dz‘, but come 
only from terms z't’ in g with i + 7 = p — 1. These terms are, by expansion 


of (3), 
x : J 1) 1-i 1 
gi tt p-l-i p— 
(z bt oe y )e ! 


These terms involve distinct power products z‘y* and have binomial coefficients 
not zero, so h’ = 0 implies a;, = Ofori +7 2p—1. Thus (4) actually in- 
volves no term of degree p or more in 2, in y or in z, and A(z, y,z) = 0. Butz 
arises only from g(z, x + yz), so only the constant term of g can differ from 0, 
and the element a = g(0, 0) of M-N is in fact ink. 


7. Exchange axioms free of points. A central feature of von Neumann’s 
continuous geometry is the use of the modular law, which makes no reference 
to the points of the geometry. Similarly, Wilcox [16] has shown that affine 
geometry as developed algebraically by Menger can also be axiomatized without 
the use of points. His treatment depends on certain properties of a relation of 
modularity which do not hold in all exchange lattices. Nevertheless, our ex- 
change axiom can be replaced by conditions which make no use of points or of 
covering relations. 

To modify Menger’s exchange axiom (E3), which asserts that p £ @ + c im- 
plies (a + p)c = ac, replace the point p by an arbitrary element b and the con- 
clusion (a + p)e = ac by the assertion that (a + b,)¢ = ac for some non-trivial 
part b, of b. No generality is lost if we require a < c; the hypothesis p £ a + ¢ 
or p(a + c) = 0 might then become be < a, and our modified statement is’ 

(Es) be <a <ec <b +c implies that there exists b; such that be <b S b 
and (a + bie = a. 

A similar elimination of points from the exchange axiom (E;) leads eventually 
to the laws 

(Es) be <a <c < b+ c implies that there exists b, such that be < bi; S b 
and (a + be < ¢; 

(E;) be <a<c <b + aimplies the conclusion of (Ee). 

The second assertion (a + b,)e < c of this conclusion is equivalent toc £a+b,, 
which in turn is equivalent to a + b; <c + bh. 


7 The statement that this law (or other similar laws) holds is to mean that it holds for 
all elements a, b, and c of the lattice. 





ly 
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These three point-free laws do not, like the exchange axiom (E)), hold trivially 
in any lattice without points (as for instance in the lattice of all real numbers 
between 0 and 1, where a < b has its usual meaning). The rdéle of these laws 
can be stated thus: 

THEOREM 13. In any lattice, (Es) implies (Es) and (E¢) is equivalent to (Ez). 

THEeorEM 14. In a lattice satisfying the point-existence axiom (G,), the ex- 
change axiom (E,) is equivalent to (Es) and also to (Es). Hence (Es) (or (E¢)) 
can replace (E,) in the definition of an exchange lattice. 

THeoreM 15. In any lattice, (Ez) (and hence (Es) or (Es)) implies the covering 
law (E;). Therefore a dimension function p(a) can be defined in any complete 
lattice of finite dimensions satisfying (Ez); in other words, the conclusions of Theo- 
rem 9 hold for such a lattice. 

Proof. (Es) — (Es) — (Ez) is immediate. Conversely, to prove (E;) — (Es), 
let be <a <e <b+casin (Es). Ifa +b >, then the hypothesis of (Ez) 
holds and yields the desired conclusion. If a + b = c, then’ S c,b +c = 
ec <b+c,acontradiction. In the remaining case, (a + b)c < c, which states 
that the conclusion of (Es) holds with b} = b. This gives Theorem 13. 

For Theorem 15 we need only prove (E;) — (E,). Given the hypothesis of 
(E,), the conclusion could be false only if a + b > c > a for some c. Then 
d = be S b, whence be = b or be = d. In the former case,b S c,a+bs 
a+e=c<a+b,a contradiction. Therefore bc = d. Omitting the trivial 
case d = a, we have be < a < ¢c < a + b, as in (E;), so that (a + be < ¢ for 
be <b, S b. Because b covers be, b} = b and c = (a + b)e = (a + be < ©, 
a contradiction. 

Since (E;) — (E,), Theorem 14 now needs only a proof that (Es) holds when- 
ever (E,) and (G,) do. Let be <a<c<b+e. Since b < ec, the property 
(Ge) of §2 furnishes a point p with p S b, p £ c. Hence p £ a+ c = ¢, 80 
that (a + p)c = ac by the exchange axiom (E;), which is known to hold (Theo- 
rem 8). If we set b; = be + p, then be < bh; S b, while (a + bc = (a + be 
+ p)e = (a + p)e = ac = a, as in the conclusion of (Es). 

Any one of these three point-free axioms can be viewed as a weaker form 
of the modular law (D,), for in any lattice this modular law is equivalent to 
the following assertion, of a form similar to (Es), 

(D2) be <a <c < b+ implies (a + b)c = a. 

This is a direct consequence of the modular law. Conversely, the modular 
law requires that c’ = c(b + a) be equal toa’ = ch + aforanye 2a. In any 
event, c’ 2 a’ and be’ S a’. If either be’ = a’ orb + c’ = c’, the conclusion 
c’ = a’ will follow readily. Hence the conclusion can be false only with be’ < a’ 
<c’ <b+’, exactly as in the hypothesis of (D2), whence we obtain the con- 
clusion 


cb+a=a' = (a’ + bd)’ = (b+ a + b)c(b + a) 
(a + b)c(b + a) = c(b + a), 


which is the modular law. 
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The complexity of the axioms (Es) to (E;), attendant on the existence asser- 
tion for b; , is unavoidable. Specifically, suppose that an axiom (Ey) could be 
found which, like (Es), is equivalent to the exchange axiom (E;) in the presence 
of the axioms (F;) and (G,), but which, unlike (E;), contains no existence asser- 
tions. In other words, (Es) is built up from certain elements a; , --- , @, of 
the lattice L by any combinations using <, =, +, -, “and”, “implies’”’ and 
‘“not’’, and is to be asserted for all choices of the elements a;. Any such axiom 
(Ey) true in a lattice L is automatically true in any sublattice L’ of L, for <, +, 
and - have the same meaning in L’ asin L. But then (Ey) cannot be equivalent 
to (E,). For the non-modular lattice Ly of §4 contains four points p, g, r and s 
and has a sublattice L’ composed of 0, p, r, p + r,q + sand 1. In L’ axioms 
(F;) and (G,) hold, but axiom (F,) fails, because in L’ p and q’ = q + s are 
points, p S r+ q’,p £ r, so that, according to (E,), qd’ = q +s Sr + pshould 
hold, contrary to the construction of L»,. But (Ew), true in JZ, is also true in 
L’, and so is not equivalent to (E,) in the presence of (F;) and (Gi). 


8. Transposition axioms and modularity. The point-free exchange axiom 
(KE) states in part that the chain in its hypothesis can be subjected to the follow- 
ing successive transpositions, 


(5) b<a<c<b+e, 
(6) b <a<a+bh <b+e, 
(7) be <b <at+h < b+. 


Note that the inclusions in (6) are all proper inclusions, for a + b: = a would 
give b; < a, be < b; S ab S cb, a contradiction to (Es), while a + b} = b+ c 
implies (a + be = (b + c)e = c, although (a + b))c = a in (Ks). Similarly 
b} < a + b, in (7). 

To investigate the relations of the exchange axiom to the possibility of such 
transpositions, consider any chain of length n, 


(8) C:a9 <a < a2 < +++ Ka. 


A transposition of C is the operation of replacing an element a, by a new element 
a, between ay_1 and dps, (axa < ai < Qys1). We call the transposition primary 
if a,-a, = dy, proper if ay-a, < a, and a,-a, < ay. A primary transposition 
is always proper, but not conversely. In these terms can be stated the following 
alternative modular and exchange axioms: 

(T;) If C isa chain of length n = 2 and if a < b < a, and ab = a, then*® 
one can find n — 1 or fewer successive primary transpositions of C which yield 
a chain ay) < b) < --- < a, with second term b; S b. 


8 The hypothesis a;b = ao is not highly restrictive, since in the contrary case a; = a,b > 
ao, 80 asimple insertion of b; = a,b in C yields a new chain of the desired form. If in (Ts) 
the hypothesis a,b = ao were replaced by a,_1:b = ao, and the conclusion ‘‘n — 1 or fewer”’ 
by “exactly n — 1’’, the resulting statement is equivalent to the original (T;), by the argu- 
ments used for Theorem 16. 
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(Ts) Statement as in (T;), with “primary” replaced by ‘“‘proper’”’. 

(To) If C isa chain of length n 2 2 and if aj < b < a, and a,_,b = ap, then 
one can find n — 1 successive primary transpositions of C which yield a chain 
a <b <.--- < a, with second term b. 

THEeoreM 16. In any lattice L, the Dedekind law is equivalent to (Tp), while 
the exchange axioms (Es) and (E¢) are equivalent respectively to (Ts) and (Ts). 

We prove (E;) — (Ts) by induction. If n = 2, C is ay < a, < ay, and the 
transposition to ad) < b < a is primary by the hypothesis ab = ay. Let (Ts) 
be true for all chains in L of length k <n. If a,b > ap in the given chain C, 
then @,1 > a,b > ao, so we apply the induction assumption to b’ = a,b 
and the chain a@ < --- < a,_, of lengthn — 1. In the remaining case, a,_,b = 
a,b £ a,1., so the four-element chain do < Gn-2 < Qn) < Gn, + 6 has the 
form of the hypothesis of (E;). There exists a b; , ag < b; S b, with (an. + b,) 
Gn. = Gn-2, Which is to say that the transposition a,_; — (a,-2 + b;) in C is 
primary. The induction assumption applied to the chain ay < a; < --- < @y2 
< dn-2 + 6; and to the element b, therefore gives n — 2 more transpositions 
leading to the desired type of chain. 

As to the converse, (T;) — (Es), the chain (5) in the hypothesis of (E;) is by 
(Ts) reducible by one or two primary transpositions to the form be < by < 
<b+c, with b; < b. The first of these transpositions could not have intro- 
duced b; , for then b; < c, which entails the contradiction b; = bb; S be < db, . 
The first transposition is therefore c — c, ; it is primary, soce, = a. Buta <¢, 
bh <a,a+bh S co soc(a + b) S a, and therefore c(a + b,) = a, which is the 
conclusion of (E;). This argument depends essentially on the circumstance 
that (T;) allows only two transpositions on the chain (5). 

An analogous proof that (Ts) <> (Es) is possible because (Es) again gives two 
transpositions (5) — (6) and (6) — (7) in the chain (5) of length 3. The second 
transposition is primary, hence proper. The first transposition is proper because 
(Es) asserts that (a + b,)c < c and because (a + b)e < a + b,, for otherwise 
a + b; S c would give the paradox be = b; > be. 

To show that the Dedekind iaw implies (Tp), observe that the chain (8) can 
be subjected to the successive transpositions a, — (a, + b) (k =n —1,--- ,1). 
Each one is primary, for by the Dedekind law, (a,_, + b)ax = ax_4 + bax S ayy + 
ban = Qr1 + A = a. The final chain a <b<a+b<.--- <a, has 
the specified form. The converse assertion that (Tp) — (D,) can be readily 
checked as above by using the Dedekind law in the form (De) of §7. 
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PROOF OF A GAP THEOREM 


By J. MARCINKIEWICZ AND A. ZYGMUND 


Using the theory of Fourier transforms, Wiener’ proved the following 


THEOREM. Let us suppose that the trigonometrical series 


(1) 5% + p oe (a, cos yx + by sin yz), 
k=1 


where 0 = X < ry < Ae < ---, ts quadratically bounded over an interval (a, b), 


that is, that there exists a number M such that 


(2) [ s(x) dx < M’, 


a 


where 


forn =1,2,---2 Let 

(3) An — Ani Z2A>DO 
We writeb —a= 56. Then, if A is sufficiently large, 
(4) A 2 Ay = Ad(5), 


the series >> (ai + bj) converges, and 
(5) sai + > (ai +b) < A@M’, 
2 i=1 


where A(é) is a constant depending only on 6.° 


The object of this note is to give a new and elementary proof of this theorem. 


Received March 1, 1938. 


1N. Wiener, A class of gap theorems, Annali di Pisa, vol. 2(1934), pp. 367-372. 


2 We may restrict ourselves to the case of real coefficients. 


3 The numbers }; need not be integers. If 1, A», --: are integers, the theorem may 


also be stated as follows: 


Under the conditions (2), (3), (4), the series (1) converges in mean to a function f(x) such 


that 


T 


1 20 b 
I | f(x) Pdz = ae [ | f(x) |? dz. 
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Without loss of generality we may assume that (a, b) is of the form (— 44, 36). 
We write the polynomial s,(x) in the form 


8,(2) = + > oe™, 
=—n 


where 
Ce = Aa — iby, Cc. = Ck y Ak = —Xx 


for k > 0, and consider the integral 


t= [Aa Borla Zoe} 


= 5h - lc, |? +5 { bo e200 dr, 
—h 


k=—n k,l=—n 
k#l 


(6) 


Here h is any positive number not exceeding 36. The last integral on the right 
side of (6) we denote by J a Hence 


— ADA 
I h z , sin (rz AD 
@) = 5 ae MoM 


* ww | Cx Cr | 
hh yan] = 3" ih — 


1 lar tial? n a .. 1 
< he 3 Mle oD cx | en 
~ Qeim—n (Ax — Az)? p>, | | mon (Ae — a)®’ 


where the bq indicates that the terms with 1 = k are omitted. From (3) we 
see that the coefficient of | c, |? does not exceed }4°A~*. This and formula (7) 


give 
[ I(h) dh| < 4 Cie 
38 


(8) 
If I(h) is.of constant sign in the interval (36, 36), the inequality (8) shows that 
this interval contains a number é such that 





- ee 





(9) io \1(é)| < * + lex |’. 


3a 42 


If I(h) is not of constant sign in the interval (46, 36), then J(A) vanishes at a 
point h = é of the interval, so that we have (9) again. Make h = € in (6). 
On account of (9) we obtain 


33 F - 
[s@a = [seas = G E- is) 2 yy | cx |? 


(10) : 
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If we assume that 


4 2 1 : 2r 
a. ee F s ~ Rant 
3a% = 3°8” that is, A = 2-—, 
we see from (10) that 
(11) > lals = s(x) dx < a M’. 
k=—n 6 —4}s 6 


On allowing n to become infinite, we obtain the inequality (5) with A(é) = 12/6 
and Ay = 44/5. This completes the proof of the theorem. 

Remarks. (i) It is plain that for the proof of the convergence of the series 
> (ai + b;) it is sufficient to suppose only that the condition (3) is satisfied for 
all sufficiently large values of n. For then, omitting a finite number of terms 
of the series (1) (which may only influence the value of the constant M), we 
obtain a series for which the condition (3) is satisfied for all n. 

(ii) Wiener proved his result in a slightly more general form, viz., for the 
validity of (5) it is sufficient to suppose instead of (2) that the Abel means of the 
series (1) are quadratically bounded over the interval (a, b), that is, that 


b 
[ re, a)dx <M for0<p <1, 
where 


S(e, x) = 5° + D (ay cos ex + by sin Ae z)p™. 
k=1 


For the proof of this theorem it is sufficient to observe that the series defining 
f(p, x) is absolutely convergent for 0 < p < 1, and so, arguing as above, we ob- 
tain instead of (11) the inequality 


pe | Ce ? prldel < 24 yy? 
k=—oo 6 


Allowing here p to tend to 1, we obtain (5). 

(iii) In his paper cited, Wiener gave a number of applications of the theorem 
we have established. We shall give here one more application, viz. 

The entire function 


f@ = de cee", 


where i — Axa — ~, ts of the same order and of the same type in every angle 
a S argz Sb. 
For let us suppose that 


| (re) | = O(e*") (a S08 5b). 
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: 6 = 
This inequality holds if we replace | f(re"’) | on the left side by ( I | f(re”) as) ; 


and so, in view of Wiener’s theorem, 


( [see rao) = oe"). 


Let F(z) = U(z) + iV(z) be the integral of f(z) vanishing at the origin. Since 
the integrals of the functions U and V over the interval 0 S @ S 2z are equal 
to 0, we have U(re"') = V(re?) = 0 for some 6, and 62 , and so 


6 6 
I @ U(re'*) do +| i 2 V(re) do 
6, dé 92 


dé 
Qe Qe 4 
< 2r [ \f(re") | de < 2v2er( | | f(re’*) ‘ao) = O(re*") = O(e*"”) 


for 0 S 6 S 2rand 6, > 8. On comparing the extreme terms of these inequali- 
ties and making use of the well known fact that neither the order nor the type 
of an entire function is changed by differentiation, we obtain the required 
result. 


| F(re”)| 
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A THEOREM OF LUSIN 


By J. MARCINKIEWICZ AND A. ZYGMUND 


Part I 
1. Let 
(1) fe) =D a2” 


be a function holomorphic in the circle | z | <1. The function f(z) is said to 
belong to the class H*, \ > 0, if the expression 


(2) Iie) = Br, S) = 3 J Lstoe") Pa 


is bounded for r < 1. It is well known’ that, if f(z) belongs to H’, then for 
almost every @ the limit 


(3) f(e®) = lim f(z) 


exists, where z tends to e” along any non-tangential path. Hence, if C denotes 
the upper bound of the expression (2) for 0 S r < 1, we have 


(4) [Po inenpan 


In the sequel we shall also use the fact that the expression J,(r) is a non-decreas- 
ing function of r, and so in particular 


C. 


IIA 


6) 10) sg [ise ao (07 <1). 


If X = 1, the real part and the imaginary part of the power series (1) on the 
circle | z | = 1 are both Fourier series of functions of the class L*. 
Let 2 denote the interior of a simple closed curve [' given by the equation 


(6) p = ¥(8) (-x S07) 


and possessing, among others, the following two properties: 
(i) T passes through the point z = 1, but otherwise lies entirely in the circle 
[z| <1; 
(ii) TI is not tangent to the circle | z | = 1 at the point z = 1, that is, there 
Received March 1, 1938. 


1 See F. Riesz, Uber die Randwerte einer analytischen Funktion, Math. Zeitschr., vol. 18 
(1922), pp. 87-95. 
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exist two positive numbers ¢ and 6 such that, for every point z belonging to I 
and satisfying the inequality | z| = 1 — «, we have 


| arg (1 — z)| S 4e — 6. 


We shall also suppose for simplicity (which will in no way cause any restriction 
of generality of our considerations) that 

(iii) T is symmetric with respect to the real axis, 

(iv) (6) is a decreasing function of 6 in the interval 0 S 6 S fz. 

Let T,, denote the curve IT rotated about the point z = 0 through an angle u. 
Hence I, has only the point z = e'“ in common with circle | z | = 1. We 
shall denote the interior of the curve [, by @,. 

The following theorem has been established by Lusin.” 

TureoreM A. If f(z) belongs to H’, then for almost every u the integral 


(7) S(u) = S(u,f) = If \f'(z) P dx dy (z = x + ty) 
is finite. Moreover, S(u) is an integrable function of u satisfying an inequality 


[ S(u)du S A [ | fle”) | dd, 


where the constant A depends only on the curve T. 
Besides S(u) we shall also consider the function 


s(u) = s(u, f) = S'(u, f) = (| [. | f’(z) Pazdy) 


The main purpose of Part I of this paper is to establish the following propo- 
sition. 

TuEoreM 1. If f(z) belongs to H*, \ > 0, the function s(u) is finite for almost 
every u and belongs to L*. More precisely, 


(8) ( I "ew du) < Ans ( I gle") do) 


where A,,r depends only on d and IY. 

2. The argument which follows is based mainly on certain results of Hardy, 
Littlewood and Paley. 

Lemma 1. Let f(z) belong to the class H*, » > 1, in the circle | z | < 1, and let 


} 


IIA 


(9) f(0) = 0. 
We write 

1 . } 
(10) 9(0) = ( I (1 — p) Is"(oe" Pde). 


2N. Lusin, Sur une propriété des fonctions a carré sommable, Bulletin of the Calcutta 
Mathematical Society, vol. 20(1930), pp. 139-154. 
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Then the function g(@) belongs to the class L* and satisfies an inequality 


({" g (8) io) aad ([" te" a) 


where B, depends on X only. 
This result is due to Littlewood and Paley. 
Lemma 2. Let f(z) belong to H*, > 0, and let 


M(u) = M(u, f) = max | f(z) | 
for z belonging to 2,. Then 


Qe 1/A Qn ; 1/d 
([ M*(u) du) < Cyr ([ fle") ao) ; 


where Cy; depends only on d and YT. 
Lemma 3. Let h(@) be a function of period 2x, belonging to the class L” over 
the interval (0, 27), wherep > 1. Let 


1 s | 
ert [ h(u) du : 
Then 


(11) [ {h*(0)}? do < o(—P i | h(8) |” do. 
0 _ 1 0 


4 
Lemmas 2 and 3 are also known. 


h*(0) = max 


6: <0< 02 








3. We now pass on to the proof of Theorem 1. We begin with the case \ > 2 
and suppose first that the condition (9) is satisfied. Let » denote the exponent 
conjugate to 3A, that is, 


1 
(12) D +-=1. 
We then may write 


(13) ty s\(u) au) = ([° S(u) au) = max ([° S(u)h(u) au), 


where X, denotes the class of functions h(u) such that 


lA 


(14) [ | h(u) * du 


8 J. E. Littlewood and R. E. A. C. Paley, Theorems on Fourier series and power series, 
II, Proc. London Math. Soc., vol. 42(1937), pp. 52-89. 

*G. H. Hardy and J. E. Littlewood, A mazimal theorem with function-theoretic applica- 
tions, Acta Mathematica, vol. 54(1930), pp. 81-116. 
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We take for h any fixed function of the class X,. Then 


i S(u)h(u) du = ia h(u) (Jf. f'(2) Pde iy) in 
- - [ma(f fire Pdedy) du 
¥ § OGRE fi’ Pdedy) du=P+Q 


say, where P and Q denote the parts of 2, situated inside and outside the circle 
|z| = 1 — «, respectively (cf. condition (ii) above). 

We first shall evaluate the integral Q. Let us denote for this purpose by 
+&, , where 1 — ¢ S p < 1, the arguments of the points where the circle | z | = p 
meets the directions 


arg (1 — z) = +(e — 8). 
It is easy to see that 
(16) & = K(1 — p), 


where K = K; depends only on 6. Let, moreover, x(u, 6), 6 < 2, denote the 
characteristic function of the interval (—4, 5), that is, the function equal to 1 
for —5 S u S 6 and equal to 0 otherwise (mod 27). We may write 


a= [mw (ff, ree" odode) 
2r 1 ett, p ny 2 
[Ow (fede roe) a0) at 
. [ * hw) ( [ode [ "1 f'(pe'*) |? x(0 — w, &) a) du 
= [ pdp [ “ £, | f’(pe™) |? de (2 [ ‘ h(u)x(u — @, &) iu). 


Hence, using Lemma 3, we obtain 


Q<2 [ i [ "gL g"(pe) (2 h*(0) a8 


IIA 


< 2K [ po | (1 — p) | f’(pe"*) |? h*(0) do 


< 2K [ “1(0) ( [ (1 — p) | f"(pe") dp) ao 


= 2K [ ¥ h*(6)g°(0) da. 
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To the last integral we apply in succession Hélder’s inequality, Lemma 3, 
inequality (14) and Lemma 1. This gives 


Q< 2K ( [ F: iie(@*ao) ( [ “4 g*(0) ‘) 
Qe 2/d 
4KB (. “ i) f | fle®*) ao) 


As regards the integral P, its definition and inequality (14) give 


(17) 


IIA 





(18) P< max |{f'(z) r-[" h(u) du < r(2r)""*. max |f’(z) *. 


jz|<l—e ” |z|S1—e 


On the other hand, for | z | < 1 — e€ we have (ef. (5)) 


u fo) | 2 i | 
Qi pa t| Sze dé 
2mt (¢ = z)? “ we” J\g\=1—he IS) ' 
al 1/d 
é @\2n | ' 
Substituting this into (18) and taking account of (12), we obtain 


(19) Ps tt([" ise a) 


From (13), (15), (17), and (19) we obtain (8). The latter is therefore established 
in the case \ > 2, provided the condition (9) is satisfied. 








If = 


4. That the condition (9) is superfluous may be seen from the following 
remarks. Since the function f(z) — ao vanishes at the origin, and since 
s(u, f — a) = s(u, f), inequality (8) is certainly true for \ > 2, provided we re- 
place f(z) on the right side by f(z) — a9. Minkowski’s inequality gives 


(g- [ iste”) - asda)” s (2 [ste a0)” + | 


, } F’ > sa 1 
s(i [ se) Nao) +2 [ ine") ao 5 2(2- [ ste") a) 


Hence, in the case f(0) ¥ 0, the constant A,r in (8) is merely multiplied by 2. 
We shall now extend our theorem to the general case \ > 0. Let K* denote 
the upper bound of the integral (2) forO < r <1. That is, 


(2 | ine pa)” = x. 


S) = fi) + A), 


’ See F. Riesz, loc. cit., or Hardy and Littlewood, Some new properties of Fourier con- 
stants, Math. Annalen, voi. 97(1926), pp. 159-209. 


It is known’ that then 
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where the functions f; and f2 are without zeros in | z | < 1, and 
I(r, fi) $ (2K), I(r, fo) S (2K)’, (0<r1). 
Since, by Minkowski’s theorem, 
s(u, f) S s(u, fi) + s(u, fr), 


it is sufficient to prove Theorem 1 for f; and fe. In other words, we may assume 
that the function f has no zeros for | z| < 1. 

It should also be observed that the value of the constant A,,r which we 
obtained for \ > 2 tends to ~ as \ tends to 2 (ef. (7)). For A = X» > 2 that 
constant is bounded. The argument which follows will incidentally show that 
the least value which we may take for A,,r is bounded for X = X\» > 0. We 
may restrict our considerations to the case 0 < A S 3. 

We write® 


(20) F(z) = {f(e)\”. 
The function F(z) belongs to H*. Hence 


(21) ( [ : s‘(u, F) au) S Ar ( i % | F(e"*) ao). 


On the other hand, f(z) = {F(z)}**, and so 
s@) = 5 (F@\F'@, 


s(u,f) SS {M(u, P)}8(u, F) 


(cf. Lemma 2). An application of Hélder’s inequality gives 


Qe 4 r Qe 
[ s\(u, f)du < () I s\(u, F)M*(u, F) du 
0 0 


4 d 2x ad 2r 3(4—A) 
< () (/ s‘(u, F) au) ([ M‘(u, F) au) ; 
nN 0 0 


Hence, in view of (21), of Lemma 2, and of (20), we obtain 


2r V/A 4 : 2r WA 
(/ s\(u, f) au) < - AarCur ([ \F(e’*) ao) 
0 0 


a 4, Cw ae dd - 
=) AarCar : |f(e") |° do) . 


This completes the proof of Theorem 1. When 0 < \ S 3 we may take 


4 m 
Ayr = x Aa Cir . 


6 The argument is modeled on a similar argument of Littlewood and Paley, loc. cit., 
p. 69. ; 
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5. It may be of some interest to investigate the relations between the func- 
tions s(u) and g(u). If, for example, we had an inequality 


(22) s(u) S ag(u), 


where a would denote a constant (depending possibly on I), Theorem 1 would 
then be a simple corollary of Lemma 1. The inequality (22), however, is not 
true. A simple example is given by the function 
fle) =, 

for which g(0) is finite, and s(0) is infinite, if only the angle between the curve T 
and the circle | z | = 1 at the point z = 1 is less than jr. On the contrary, 
the theorem which follows shows that the inequality opposite to (22) holds 
for every u. 

THEOREM 2. Let 2 denote the interior of a curve T satisfying, besides conditions 
(i), (ii), (iv) stated above, the following condition: 

(v) I meets the real axis at the point z = 1 at an angle greater than 0. 
Then, 


(23) g(u) S Bs(u), 
where B = B(T) depends only on YL. 

This theorem is not very deep. It is sufficient to prove it for u = 0. Let 
us consider the values of the function | f’(p) | on the interval 1 — 2" < p 
<i-—2-"'(n = 0,1, 2, ---), and let r, denote a point of that interval where 
| f’(p) | attains its maximum. Plainly 





a) gos Lirwef a-rdes LOY, 








We now observe that 





rol=|a [PO arl, 


—r|=p c ooh 


and so 
(25) SOP SE [te + ve") Pa, 


Let C(r, R) denote the circle |z — r| S R, whereO Sr<r+p<1. We 


suppose R so small that C(r, R) lies in | z| < 1. We multiply the inequality 
(25) by p and integrate over the interval 0 < p S R. We then obtain 


(26) 5K f(r)? < z= hoe | f’(z) |? da dy. 


Here we substitute r = r, , R = 2°", where 7 is a constant. If we use condi- 
tion (v), it is not difficult to see that, if » is small enough, all the circles C(rex, 
n2-*) are contained in @, and no two of them have points in common. Hence 








(27) vf YP! s | [ire Para. 
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This inequality holds if we replace the even indices 2k by the odd indices 2k + 1. 
Adding the new inequality to (27) and taking account of (24), we obtain (23). 


6. In the case \ > 1, the inequality opposite to (8) is also true. More pre- 
cisely, we have 
TuEoreM 3. [If f(z) is of H*, \ > 1, if f(0) = 0, and if T satisfies conditions 


(i)-(v), then 
ff” isle”) man)” 7 {[” Nu) an} 


where A,r depends only on d and I. 

This result is an immediate consequence of Theorem 2 and of the following 
known proposition. 

Lemma 4. The inequality opposite to (11), that is, the inequality 


{f fle’) ‘a < Bat | Xu) iu} 


is true for > 1, provided f(0) = 0. 


Part II 
7. THeoreM 4. Let f(z) be a function holomorphic in the circle z | < 1,and let E 
be a set of positive measure situated on the circumference | z | = 1 and having the 


following property: 
The limit 


fle) = lim f(z) 


z—etu 


exists and is finite when z tends to any point e™ of E along any non-tangential path. 
Then, for almost every point of E, the integral (7) is finite. 
Let A denote the curvilinear triangle 


|arg(l1—z)| Sie, |z| 22°, |argz| <r. 


By A, we shall mean the triangle A rotated about z = 0 through an angle u. 
To every point e™ belonging to EZ, there corresponds a number N, such that 


| f(z) | Ss Nu for z belonging to A, . 
There exists a perfect subset P of E and a number N such that 
NusNn for e™ belonging to P. 


The measure of P may differ as little as we please from that of EZ. 
Let R denote the sum of the circle | z | S } and of all the triangles A, , for 


e™ belonging to P. It is not difficult to see that R is a closed set (of a star-like 


? Littlewood and. Paley, loc. cit. 





he 
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shape), whose boundary is a simple Jordan curve J. The only points which J 
has in common with the circumference | z | = 1 are those of P. What is im- 
portant is that the curve J is rectifiable.* 

Let z = x + iy, § = & + in, and let 


(28) z = of) 


be the function mapping conformally the unit circle | ¢ | < 1 into the interior 
of R. Let 


(29) f = ¥(2) 


be the inverse transformation, defined for z belonging to the interior of R. It 
is well known that the one-to-one transformation defined by (28) and (29) may 
be extended in a continuous manner to the boundaries | ¢| = land J. The 
function 


#(5) = f(e(s)) 


is plainly bounded for | ¢ | < 1. 

Let W* denote the point set analogous to Q, that is, let the boundary C* of 
W* satisfy conditions (i), (iii), (iv) of §1. We shall suppose, instead of condi- 
tion (ii), that C* possesses at the point ¢ = 1 two one-sided tangents, and that 
each of these half-tangents makes with the circumference | ¢ | = 1 an angle 
45 > 0. By We we shall denote the set W* rotated about ¢ = 0 through an 
angle @, and by W, the image of W; defined by the function (28) and situated 
in R. 

In view of Lusin’s Theorem A, the integral 


(30) / [120 Pacer 


is finite for almost every 6. We may write 


an) | [jew taa = [fs S\aedy = [ [| ise Pardy. 


In the sequel, we shall use the Tae well-known facts concerning the 
conformal mapping of the circle | ¢ | < 1 into the interior of a simple closed 
curve J of finite length. 

(a) The sets of measure zero situated on the circumference | £ | = 1 are trans- 
formed into sets of zero length on J, and conversely, the sets of zero length situated 
on J are transformed into sets of measure zero on | ¢ | = 1.° 


1S) 











Erg oF 


8 The argument by means of which we deduce Theorem 4 from Lusin’s Theorem A is 
known and has already been used in similar problems. It seems, however, that Theorem 4 
has never been stated explicitly. 

* See F. and M. Riesz, Uber Randwerte einer analytischen Funktion, Quatriéme Congrés 
des mathématiciens scandinaves, 1916, pp. 27-44. The result was found independently 
by N. Lusin. Cf. Privaloff, The Integral of Cauchy (in Russian), Saratoff, 1919, pp. 1-94. 
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(b) At almost every point e", the transformation preserves angles, that is, if C* 
is any curve approaching the point ¢ = e”, and making an angle a with the cir- 
cumference | § | = 1, the angle which the image C of C* makes with the tangent 
to J is also equal to a." 

Let us now assume that Theorem 4 is false, that is, that the integral (7) is 
infinite for e™ belonging to a subset of E of positive measure. Without loss 
of generality, we may assume that this subset coincides with P, so that S(u) = 2 
for e™ belonging to P. 

The set P is situated on the curve J and is of positive length. Let P* be 
the image of P on the circumference | ¢ | = 1. In view of (a), P* is of positive 
measure. 

Let P> be a subset of P* of measure zero and such that, for e” belonging 
to P* — Pi, 

(A) the integral (30) is finite; 

(B) condition (b) is satisfied; 

(C) at the point on J corresponding to e”, the tangent to J exists and coincides 
with the tangent to the circumference | z | = 1. 

The set P> is of measure zero, so that the measure of P* — P is positive. 
Correspondingly, if Po is the image of P> on J, the length of P — P» is positive. 

Let @ be any number such that e” belongs to P* — P9 , and let 


e™ = o(e”). 

In view of conditions (B) and (C), the frontier C, of Ws has also half-tangents 
at the point e™ and the angles between those half-tangents and the circumfer- 
ence | z | = 1 are also equal to 36. In particular, in the neighborhood of the 
point e™ the set @, is contained in Wg (cf. condition (ii) of §1). Since the 
integral (31) is finite, S(u) must also be finite, contrary to assumption. This 
contradiction proves the theorem.” 

The theorem holds in the case when f(z) is not holomorphic, but meromorphic 
in the circle | z | <1. The proof undergoes but little change. 


8. As an immediate corollary of Theorems 2 and 3, we obtain 
TuHeoreM 5. Under the hypothesis of Theorem 4, the function g(u) defined by 
(10) is finite for almost every e™ belonging to E. 


Part III 


9. By means of Theorems 1 and 2, we may obtain generalizations of certain 
inequalities of Littlewood and Paley. 
Let r, p, q denote real numbers satisfying the conditions 


(32) r>l, 1<petse. 


10 Privaloff, loc. cit., p. 36. 

11 Starting from Theorem 4, as it is actually established, it is possible to show that it 
holds for some curves I tangent to the circle |2| = 1 at the point z = 1. Cf. also Lusin, 
loc. cit., p. 141. 
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Let F(6@) be a function of period 2x7 and of the class L’. We shall suppose 
throughout that the mean value of F(6) over the interval (0, 27) is equal to 0. 
By ¢(z) = $(z, F) we shall mean the analytic function whose real part is the 
Poisson integral of F and which vanishes at the point z = 0. We write 


1 : I/r 
140) = 540, F) = ([  - eyo") av) 
0 
so that J2(@) = g(@). Littlewood and Paley have shown that 


2r Qr 
(33) [ J*(0) do < A’ [ F@) |" a8, 
0 0 


(34) I "| p@) |? ae < A? [ ” 72(0) do, 


where A, depends only on r." We shall prove the following proposition which 
contains (33) and (34) as special cases. 
THeorEM 6. If the numbers p, q, r satisfy (32), and if F(@) belongs to L’, then 


(35) ( [ “TO a) < K, ( i "1 F@) rae), 
(36) ( [ " @) rao) < L, ( [ " 7506) ao), 


where K, and L, depend only on r. 
We begin by proving (35). Let 
un(0) = max | ¢'(pe) |, 


1—2-"<ps1—2-"~—! 

oo 2 4 
n(0) 

g*(0) = (x . @ : 
n=0 2 J 


Let s(u) have the meaning of Theorem 2. The formula (24) may be written 
as g(@) < g*(@), and from the proof of Theorem 2 it follows that 


(37) g*(0) = Bs(8). 


If we fix the curve I, the constant 8 of this inequality is an absolute constant. 
From (37) and (8) it follows that 


ia . u..(0) ¥ r ‘ag i@\ ir r - + ir 
(38) I (252) dos A: | ie") "do < Cr | | FO) {'as, 


n= 





where A, and C, depend only on r. (The last inequality is a consequence of 
the well-known M. Riesz inequality concerning conjugate functions.) On the 
other hand, 


(39) (E5Py a(ELY am 


The inequality (35) follows from (38) and (39). 


12 Littlewood and Paley, loc. cit., p. 54. 
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10. The inequality (36) requires a different treatment. It is, in a sense, a 
consequence of the inequality (35), but the proof of this fact is by no means 
trivial. The argument which follows is, with slight changes, a repetition of 
the argument by which Littlewood and Paley deduced (34) from (33). 

We observe first of all that it is sufficient to prove (36) in the case when ¢(z) 
is holomorphic in the closed circle | z | S 1. For otherwise, instead of F(@) 
and ¢(z), we may consider F,(@) = U(R, 6) and ¢(Rz), where U(R, 6) denotes 
the Poisson integral of F(@), and R < 1. It is easy to verify that J,(0@, Fr) 
< J,(0, F). Hence, if (36) is true in the special case just mentioned, we 
may write 


Qn I/r 2x I/r Qn I/r 
( [ | U(R, @) rao) ct ( i J’,(0, Fe) is) <L, ( [ J',(0, F) ao) 
0 0 0 


Hence the inequality (36) follows on making R — 1. 

We shall require the following lemma. 

Lemma 5. Let $(z) be holomorphic in the circle | z | < 1, and let H(@) be defined 
by the equation 


(40) HQ) =|FO\"agnF@ +e (¢ [ * Pe) wo)" 


the constant c being chosen to make [ H(6)d@=0. If (z) is the function o 
0 
corresponding to H(@), then 


I "| RC) |" a8 
(41) Qn 1 1 
<M [ I (1 — ») {1c Woe" + © | 6 oe" Woe" } db, 


where M, depends only on r."* 
From the definition of c, we deduce that | ¢ | < 1, and so 


(42) I " H@ \" a0 < 2" [ "| PO) | a8, 


where r’ = r/(r — 1) is the exponent conjugate to r. Let J*(0) denote the 
function J,(@) corresponding to H, and let 


¥(@) = max p | ¥(pe™) |. 
O<p<l 


We may write 


[ ‘ [ (1 — p) | 6"(oe"W'(pe"*) | dodo 


Qe 1 l/p 1 ; : l/p’ 
[ao( [a = or \6oe do) "( [a - ive ao) 
2x 2x l/r 2r l/r’ 
< [ J ,(0)J*.(8) do < ([ J’,(8) io) (| J*'(6) i) 


18 Littlewood and Paley, loc. cit., p. 71. 


(43) 


IIA 
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Since p’ > 2, inequalities (33) and (42) give 


2r \/r’ Qn Wr’ os te" 
(44) ([ Je) a) = K.([ | H(6) do) < 2K.-( [ | F(6) rao) 
0 0 F 


Similarly, 


[O° [a ne eee Hee | doao s [vo [0 ~ oie | doa 


. i wo( | (1 — a)?" | 6"(oe") |? w) (J ois de)” 
. [ v(0)J ,(6) dé < (fs w) (["v'@ a)” 
site (| JO) io) "( [ "1 Ho) |" a) 


on account of Lemma 2. Hence, in view of (42), 


Qr 1 
[ [ (1 — pp | 4'(ee" Woe") | dodo 


2C,, ( [ ” 75(0) a)" ( [ "| PO rae) 


From (41), (43), (44), and (45) we obtain 
[ "| P(e) |" do < 2M%C,. + K.)( [ ” 7500) aw) ( [ "| F@) rao) 


and so 


([" irra)” samc. + Ka" sya)" = 1( [" sae) | 


This completes the proof of (34). 
Remark. It is not difficult to see that if we write inequality (35) in the form 


(46) (fs w)" = x.( [leer an)”, 


then the inequality remains valid for any r > 0. The condition ¢(0) = 0 is 
superfluous both for (35) and for (46). For the validity of (36), this condition 
is plainly indispensable. 


(45) 


IIA 


UNIVERSITY OF WILNO. 


4 We observe that | W(z)/z | does not attain its maximum in the circle |2| < 4, and 
for |z| = 4 we have | ¥(z)/z| < 2] y(z)|. 








SUBRINGS OF INFINITE DIRECT SUMS 
By Neat H. McCoy 


1. Introduction. In an attempt to find, for arbitrary rings, analogues of the 
ordinary direct sum decompositions for rings in which a chain condition is satis- 
fied, one is led at once to the necessity of generalizing the notion of direct sum. 
If we have a set of rings S. (a C YX), where A is an arbitrary set of indices, 
we shall understand the direct sum of the rings S, (a C Y%) to be the ring of all 
functions defined on % such that on a the functional values are in S,. Other- 
wise expressed, this direct sum is the set of all formal sums > aot € Be, 

acu 
with addition and multiplication defined as follows:' 


D aa + D ba = DX (aa + ba), 


acwt acy acw 


(> aa)(X ba) = DX aabe- 
acw acw act 


An interesting application of this notion of direct sum has been made in the 
study of Boolean rings as defined by Stone.” One of Stone’s results is equivalent 
to the statement that every Boolean ring is isomorphic to a subring of a direct 
sum of two-element Boolean rings, i.e., Galois fields GF(2). This result has also 
been generalized as follows. Let R, denote a commutative ring in which for 
the fixed rational prime p, we have a” = a, pa = 0 for every a in R, , a Boolean 
ring thus being an R:. In a joint paper with Montgomery,’ it was shown that 
such a ring R, is isomorphic to a subring of a direct sum of fields GF(p). We 
note also that Kéthe* has stated that a commutative regular ring, as defined by 
von Neumann,’ is isomorphic to a subring of a direct sum of fields. 


Received January 12, 1938. 

1Cf. G. Kéthe, Die Theorie der Verbdnde --- , Jahresbericht der Deutschen Mathe- 
matiker Vereinigung, vol. 47(1937), p. 139. 

2M. H. Stone, The theory of representation for Boolean algebras, Transactions of the 
American Mathematical Society, vol. 40(1936), pp. 37-111. A Boolean ring is a ring with 
the property that a? = a for every element aof R. It follows that R is a commutative ring 
and that always a + a = 0. 

3N.H. McCoy and Deane Montgomery, A representation of generalized Boolean rings, 
this Journal, vol. 3(1937), pp. 455-459. An extension to an even more general class of rings 
has also been obtained. See N. H. McCoy, Subrings of direct sums, abstracted in the Bul- 
letin of the American Mathematical Society, vol. 43(1937), p. 467; published in full in 
the American Journal of Mathematics, vol. 60(1938), pp. 374-382. 

4 Kéthe, loc. cit., p. 139. See also Kéthe, Abstrakte Theorie nichtkommutativer Ringe 
--+ , Mathematische Annalen, vol. 103(1930), pp. 545-572, particularly p. 552. 

5 J. von Neumann, On regular rings, Proceedings of the National Academy of Sciences, 
vol. 22(1936), pp. 707-713. A ring R is regular if it has a unit element and if for every 
element a of R there exists an element z such that ara = a. In particular, the Boolean 
rings with unit element are obviously regular, as are also the generalized Boolean rings R, . 
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In §2 of the present paper we point out that the question as to whether a ring 
R is isomorphic to a subring of a direct sum of rings of some specified kind is 
equivalent to determining whether the intersection of a certain class of ideals* 
in R is the null ideal. The method is essentially one previously used by Krull,’ 
and was discovered independently in the joint paper with Montgomery re- 
ferred to above. In §3 we apply a theorem of Krull,” also previously over- 
looked in this connection, to obtain almost immediately the general result that 
any commutative ring without nilpotent elements is isomorphic to a subring of a 
direct sum of fields. This is seen to be an analogue of a well-known theorem 
to the effect that if the descending chain condition is satisfied,’ a commutative 
ring without nilpotent elements is actually a (finite) direct sum of fields.” It 
may be remarked that the analogy is not complete as in general there does not 
exist an isomorphism with a direct sum of fields, but only with a proper subring 
of such a direct sum. This is true, even for the special case of Boolean rings, 
as pointed out by Stone.” 

It is now natural to inquire whether other direct sum decompositions, valid 
under “finiteness” conditions, have similar analogues for general rings. It is 
obvious, for example, that a ring in which the descending chain condition is 
satisfied is a finite direct sum of irreducible rings. If the chain condition is not 
satisfied, the situation is not quite so clear. However, we show in §4 that an 
arbitrary ring, not necessarily commutative, is isomorphic to a subring of a 
direct sum of irreducible rings. Thus, again, we have an analogue of the desired 
kind. 

We may now turn to the known theorem that a commutative ring R, in which 
both ascending and descending chain conditions are satisfied, is a direct sum of 
primary rings,” and ask whether this theorem has an analogue, of the type dis- 
cussed above, for the case of an arbitrary commutative ring. In §5 we shall 
obtain a theorem on ideal arithmetic and then be able to show that such an 
analogue only exists if R is suitably restricted. 

In §6 we make some miscellaneous applications to commutative regular rings. 
Two different characterizations of these rings are obtained, of which perhaps 
the following is the more interesting: A commutative ring R, with unit element, 


6 Throughout this paper the word ‘‘ideal’’ always means “‘two-sided ideal’. Of course 
no distinction is necessary in case multiplication is commutative. If an ideal 6 is a divisor 
of the ideal a (that is, all elements of a are also elements of 6), we shall sometimes indicate 
this relation by the notation a C 6 instead of using the classical notation a = 0 (6). 

7W. Krull, /dealtheorie, Berlin, 1935, pp. 23-24. 

8 Op. cit., p. 9, or Mathematische Annalen, vol. 101(1929), p. 735. 

® That is, any sequence of ideals, a; , a, --- , where a; is always a proper divisor of 
Qi, can have only a finite number of terms. Similarly, the ascending chain condition 
requires that any sequence, with a;,; a proper divisor of a; , has only a finite number of 
terms. 

10 See, e.g., van der Waerden, Moderne Algebra, vol. II, p. 163. References to the first 
volume of this work will be to the first edition. 

11 Stone, loc. cit., p. 88. 

12 van der Waerden, op. cit., vol. II, p. 163. 
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is regular if and only wf every ideal in R is the intersection of all its prime ideal 
divisors. 


Finally, in an appendix, we sketch an independent proof that in a commutative 
ring without nilpotent elements, the intersection of all prime ideals is the null ideal. 
This is the part of Krull’s structure theorem which is essential for the applica- 
tion in §3. 


2. Subrings of direct sums and intersection of ideals. The following theorem 
is fundamental in the study of direct sum decompositions: 

THEorEM 1. Let R be an arbitrary ring, and nq (a C A) a set of ideals in R 
whose intersection is the null ideal. Then R is isomorphic to a subring of the direct 
sum of the rings R/ta (a C A). 

Denote the homomorphism Rk — R/n, by Aa , and the image of a under this 
homomorphism by h,(a). To the element a of R we now make correspond the 
function 


Yala) = h(a) (a Cc A). 
Since h, is a homomorphism, it follows at once that 


Yala) + yo(a) = Yass(a), 
and 


Yala)yo(a) = Yar(a). 


Thus the set of functions y. (a C R) is a ring, and the correspondence a — Yq 
defines a ring homomorphism. Furthermore it is actually an isomorphism, 
for if a + 0 there exists, by hypothesis, an ideal ng not containing a, and 
thus hs(a) ¥ Oso that y.can not vanish identically. Thus R is isomorphic 
to a ring of functions defined on % such that on @ the functional values are in 
R/n.. The proof of the theorem is completed by noting that the set of all 
such functions is, by definition, the direct sum of the rings R/n, (a C Y). 


3. Commutative rings without nilpotent elements. In this section we shall 
consider an arbitrary commutative ring R without nilpotent elements. . If a is 
an arbitrary ideai in R, the radical r of a is defined to be the ideal consisting of 
all elements of R of which a power belongs toa. In particular, if a = (0), then 
rt = (0) since R has no nilpotent elements. A general structure theorem of 
Krull’* then yields at once the following result. 

THEOREM 2. In a commutative ring R without nilpotent elements, the inter- 
section of all prime ideals is the null ideal. 

Another proof of this theorem is to be found in an appendix to the present 
paper. 

We may now appiy Theorem 1 as follows. Let pz (a C Wf) denote the set 


13 Cf. Krull, op. cit., pp. 23-24; also McCoy and Montgomery, loc. cit., p. 455. 
14 Op. cit., p. 9. 
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of all prime ideals in R. It then follows that R is isomorphic to a subring of a 
direct sum of rings R/pa (a C A). Now a ring R/p, contains no divisors of 
zero, and can therefore be imbedded in a field. We thus have the following 
general result. 

THEOREM 3. A necessary and sufficient condition that a commutative ring R be 
isomorphic to a subring of a direct sum of fields is that R contain no nilpotent 
elements. 

We may remark that if R is given, this theorem gives little or no information 
about the structure of the fields which appear in the direct sum, except in special 
cases. If, however, R is a generalized Boolean ring R, as defined above, it is 
easy to show that the ring R/p, is actually a GF(p) for every a. 


4. Subrings of direct sums of irreducible rings. We shall now let R be an 
entirely arbitrary ring, not necessarily commutative. If a and 6 are ideals in 
R, we may denote their intersection by a f) 6 and their sum by a YU b. If 
as (8 C 9%) is an arbitrary, finite or infinite, set of ideals in R, we shall mean 
by the sum of the ag the intersection of all ideals containing all ag (8 C B), and 


shall denote thissum by S as. Itisclear that S ag consists of all finite sums 
bcB 8cB 


a3, + as, + --- + ag, , where as, C ag, , 8; C B. 

We may recall that a ring R is said to be irreducible if it cannot be expressed 
as the direct sum of two of its ideals. In this section we shall prove the 

THEOREM 4. Any ring is isomorphic to a subring of a direct sum of irreducible 
rings. 

In view of the fact that a ring R without unit element can be imbedded in a 
ring with unit element,” there is no loss of generality in assuming henceforth 
that PR has a unit element 1. 

An ideal a in R is said to be irreducible if it cannot be expressed in the form 
a = a; f) a, where a, and ae are proper ideal divisors of a. Also a is (direct) 
indecomposable if there do not exist two proper divisors a; , a: of a such that 
a = a f) a, a U ae = (1). It is obvious that an irreducible ideal is also in- 
decomposable. Now we have the known result” that if a is an ideal in R, the 
ring R/a is irreducible if and only if a is indecomposable. Our theorem will 


18 One may, for example, consider the ring S for all pairs (r, n), where r is an element of 
R and n arational integer, with addition and multiplication defined as follows: 


(ry, ™) + (r2, M2) = (ri + T2, Mm + 2), 
and 


(ri: , M)(r2, Me) = (Tire + Mer: + Mr, T1172). 


Then S is seen to be a ring with unit element (0, 1) and the subring of all elements of the 
form (r, 0) is isomorphic to R. For this construction, see J. L. Dorroh, Concerning adjunc- 
tions to algebras, Bulletin of the American Mathematical Society, vol. 38(1932), pp. 85-88. 

16 The corresponding theorem for the case of one-sided ideals was proved explicitly by 
E. Noether and W. Schmeidler in the paper, Moduln in nichtkommutativen Bereichen, --- , 
Mathematische Zeitschrift, vol. 8(1920), pp. 1-35. The method is readily applied also to 
two-sided ideals. 
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then be established by Theorem 1 if we can show that the intersection of all 
indecomposable ideals in R is merely the ideal (0). This will be established by 
proving the following 

Lemma. If aisa fixed element of R other than zero, there exists in R an irreduci- 
ble, and therefore indecomposable, ideal not containing a. 

It is fairly obvious that the desired irreducible ideal may be constructed by 
transfinite methods by forming a “largest” ideal not containing a. However, 
we shall give the construction in some detail as it will also be needed in a different 
connection in the appendix. It will be noted that the following is an almost 
trivial adaptation of one of Stone’s proofs of the existence of prime ideals in 
Boolean rings.” 

Let C be the class of all ideals in R. We assume that the elements of C can 
be put in a one-to-one correspondence with the ordinals y < w for a suitably 
chosen ordinal w. The elements of C may thus be denoted by a, (y < w) and, 
in particular, we shall suppose that a, = (0). We now define a sequence of 
ideals 6, as follows. Let b; = a, = (0). If now b, has been defined for all 
ordinals a such that a < 8 where 8B < w, we define bg to be . b.ifaCasU 

a< 


S 6b. ; otherwise we set bs = ag U S ba. We now assert that the ideal 
a<p a<p 


m= S 6, is an irreducible ideal not containing a, as we proceed to show. 


a<a 
We first show that m does not contain a. If a < 8, we note that 6. C bs by 
definition. If we assume that a is in m, it follows that a = bg, + --- + bg,, 
where bs, C bs, , and Bi < Be < --- < B, <w. That is,a C bg,, Br < w. 
Suppose that 8 is the first ordinal such that a C bs. If B ¥ 1, it follows from 
the definition that bs = a b. , and a repetition of the preceding argument 
a< 


shows that a C 6; for some ordinal 6 < 8, a contradiction. Thus, if a C m, 
a C bh, = a, = (0), which is clearly impossible as we assumed that a # 0. 
Suppose that m is reducible, and that m, and mz: are proper ideal divisors of 
m such that m = m, f} m. Then, since m does not contain a, at least one 
of the ideals m, , me does not contain a. Let us assume that m, does not con- 
tain a. Suppose by the well-ordering of elements of C that m, = a,. Thus 


m =a, m> S 6,. Now, by definition, we must have 6b, =a, U S ba 
a<y a<y 


since a is not contained ina, U S b,=a,. ThusmDb,=a,U S b= 
acy a<y 


a, = m, and we have m = m,, which contradicts the assumption that m, is a 
proper divisor of m. The lemma and the theorem are therefore established. 


5. Ideal arithmetic. Subrings of direct sums of primaryrings. Let abe an 
ideal in the arbitrary ring R, and 6 an ideal in the quotient ring R/a. The set 
of all elements of R whose images are in 6 by the homomorphism R — R/a, 
is an ideal 6 in R which corresponds to the ideal 6 in R/a. Let P denote some 


17 Stone, loc. cit., p. 101. 
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property of ideals such that for all choices of R, a and 6 it is true that if 5 has 
property P, then the corresponding ideal 6 has property P. Since R/b = 
(R/a)/b,” it is readily seen that this condition is satisfied in the following cases 
which will be used in the sequel. (1) If R is commutative, P may be the property 
of being prime; (2) if R is commutative, P may represent the property of being 
primary; (3) if R has a unit element, P may stand for indecomposability. An 
ideal having property P may be said to be of type P. We now prove the follow- 
ing theorem:” 

TueoreM 5. If for every ideal a in a ring R it is true that the intersection of all 
ideals of type P in the ring R/a is the null ideal, then every ideal in R is the inter- 
section of all its divisors of type P. 

We first establish the 

Lemma. Under the hypotheses of the theorem, let ¢ be an ideal in R not containing 
the ideal d. Then there exists in R an ideal of type P containing c but not d. 

Let d be an element of d not also in c, and suppose d > d by the homomorphism 
R— R/c. Then d # 0, and by hypothesis there exists in R/c an ideal m of 
type P not containing d. This implies, by our assumptions on P, that the 
corresponding ideal m in B is also of type P. Clearly m contains ¢ but not d, 
so that m satisfies the requirements of the lemma. 

Now let ¢ be any ideal in R other than the unit ideal and apply the lemma 
with d as the unit ideal. Thus there exists in R at least one ideal of type P 
containing ¢c. If f denotes the intersection of all ideals of type P which contain 
c, then clearly fc. Supposec does not contain f. Then, if we again apply the 
lemma, there exists an ideal of type P containing ¢ but not f, contrary to the 
definition of f. Thus we must havec > f, and therefore c = f as required. 

As a first application of this theorem we let P denote indecomposability and 
then obtain at once from the lemma of §4 the following 

Coro.tuary. In an arbitrary ring with unit element, every ideal is the inter- 
section of all its indecomposable ideal divisors. 

We may now discuss the question as to whether every commutative ring is 
isomorphic to a subring of a direct sum of primary rings. Suppose this were 
true, and let R denote an arbitrary commutative ring. Then it is easily seen 
that if @ is an arbitrary element of R other than zero, there exists a homo- 
morphism of R into a subring of a primary ring taking a into an element other 
than zero. But a subring of a primary ring is also primary, so that there exists 


18 E. Noether, Hyperkomplexe Grissen und Darstellungstheorie, Mathematische Zeit- 
schrift, vol. 30(1929), p. 657. 

An ideal q in a commutative ring R is primary if whenever ab = 0 (q), a # 0 (q), then 
b" = 0 (q) for some positive integer n. Otherwise expressed, this means that in the quo- 
tient ring R/q, every divisor of zero is nilpotent. A ring is primary if the null ideal is 
primary. Thus a quotient ring R/q is primary if and only if q is a primary ideal in R. 

2” The proof is a simple generalization of the method used by Stone (loc. cit., p. 105) to 
establish the ‘‘fundamental proposition of ideal arithmetic’’ for Boolean rings. To avoid 
trivial special cases we may assume that, in the statement of the theorem, the unit ideal is 
excluded from consideration. 
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an ideal q in R, not containing a, such that R/q is primary. This means, how- 
ever, that q is a primary ideal, and thus the intersection of all primary ideals in 
R is the null ideal. If, now, this is true for an arbitrary commutative ring, 
Theorem 5 shows, with P the property of being primary, that every ideal in R 
is the intersection of all its primary ideal divisors. But it is known” that there 
exist commutative rings in which this is false, and thus not every commutative 
ring is isomorphic to a subring of a direct sum of primary rings. 

If, however, in the commutative ring R, every prime ideal is divisorless,” 
then a result of Krull” shows that the intersection of all primary ideals is the 
null ideal and we have at once from Theorem 1 

THEOREM 6. A commutative ring R in which every prime ideal is divisorless is 
isomorphic to a subring of a direct sum of primary rings. 


6. Some applications to commutative regular rings. A commutative ring 
R with unit element is regular if for every element a of R there exists an element 
z of R such that a’x = a." It follows that a commutative regular ring has no 
nilpotent elements. Also a field or a direct sum of fields is seen to be regular. 
Theorem 3 then yields at once the following result: 

THEOREM 7. Any commutative ring without nilpotent elements can be imbedded 
in a commutative regular ring. 

If S is any commutative ring with unit element, let us denote by S(D), S(P), 
S(1), respectively, the classes of divisorless, prime and indecomposable ideals in 
S. Now S(D) C S(P).” Also it follows readily that S(P) C S(I). For if p 
is a prime ideal in S, S/p can not be reducible as it would then contain divisors 
of zero. Thus » is indecomposable and therefore in S(J). We then have the 
inclusion relations, S(D) C S(P) C S(J). 

THEOREM 8. For a commutative regular ring R, we have R(D) = R(P) = R(J). 

We need only to show that an indecomposable ideal is divisorless. Let a be 
an arbitrary indecomposable ideal in R. Then R/a is an irreducible commuta- 
tive regular ring and is therefore a field.” This implies, however, that a is 
divisorless. 

The following theorem gives an interesting characterization of commutative 
regular rings. 

THEOREM 9. A commutative ring R, with unit element, is regular if and only 
if each ideal in R is the intersection of all its prime ideal divisors. 


21 This is the case for certain rings which appear in the general evaluation theory. See 
W. Krull, Allgemeine Bewertungstheorie, Journal fiir die reine und angewandte Mathematik, 
vol. 167(1932), p. 167. 

22 That is, has no proper divisor except the unit ideal. 

23W. Krull, Jdealtheorie in Ringen ohne Endlichkeitsbedingung, Mathematische An- 
nalen, vol. 101(1929), p. 738. 

24 J. von Neumann, loc. cit. 

2% See van der Waerden, op. cit., vol. I, p. 59. 

26 yon Neumann, loc. cit., p. 712. 
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We first show that a regular ring R has the desired property.” If a is any 
ideal in R, then clearly R/a is also regular and hence contains no nilpotent ele- 
ments. Theorem 2 together with Theorem 5 (with P the property of being 
prime) then yields at once the desired result. 

Suppose, now, that R is a commutative ring with unit element, and that every 
ideal in R is the intersection of all its prime ideal divisors. Let a be any element 
of R other than zero, and consider the principal ideals (a) and (a’). Now a 
prime ideal contains a’ if and only if it contains a and hence divides (a’) if and 
only if it divides (a). Thus, by hypothesis, it follows that (a) = (a’), and there 
therefore exists an element x of R such that a’x = a. Hence R is regular. 

We may now obtain another characterization of the commutative regular 
rings as follows. 

THEOREM 10. A commutative regular ring R, with unit element, is regular if 
and only if R(P) = RJ). 

The necessity of the condition follows from Theorem 8. Let R be a com- 
mutative ring, with unit element, such that R(P) = R(J). By the corollary 
to Theorem 5 it follows that in R each ideal is the intersection of all its prime 
ideal divisors and thus, by the preceding theorem, RF is regular. 


Appendix 


We shall indicate briefly an independent proof of Theorem 2 along entirely 
different lines from those used by Krull in the proof of his more general structure 
theorem.” Let R denote an arbitrary commutative ring without nilpotent 
elements, and a any fixed element of R other than zero. We wish to show the 
existence in R of a prime ideal p not containing a. 

If R does not have a unit element, we imbed it in a commutative ring S with 
unit element in such a way that S contains no nilpotent elements.” Now let 
x be an indeterminate, commutative with elements of S, and consider the ring 
S[x] of polynomials in x with coefficients in S. In this ring, the principal ideal 
6 = (ax — a) contains no element of S except the zero. For suppose s is an 
element of Sin b. Then we have a relation of the type 


8 = (agz" + a,2"' +--- + ,)(@'2 — a) (a; C 8). 


Equating coefficients of x"*’ on both sides, we find that aca” = 0. Now (aoa)* = 


a(aa’) = 0, so that we must have aga = 0 as otherwise aoa would be a nilpotent 
element of S. Thus aox"(a°x — a) = 0, and a repetition of the argument shows 
that s = 0. From this result it follows that the ring T = S[zx]/6 contains a 


27 As a matter of fact, this result can also be obtained as a corollary to a theorem of 
Krull (see footnote 23). It is only necessary to observe that in a commutative regular 
ring the class of primary ideals coincides with the class of prime ideals. Since also every 
prime ideal is divisorless, Krull’s theorem shows that every ideal in R is the intersection 
of all its prime ideal divisors. 

28 Krull, Idealtheorie, p. 9. 

29 See footnote 15. 
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subring isomorphic to S which, for convenience, we shall identify with S. Fur- 
thermore, in 7’, there exists an element c (in fact, the polynomial z itself) such 
that a’c = a. We shall now make use of this fact to prove the existence of a 
divisorless ideal in T not containing a, and from this our desired result is readily 
obtained. 

Let a, denote the principal ideal (1 — ac) in T. If y is in a,, then clearly 
ay = 0. Therefore, since a is neither zero nor nilpotent, a is not an element of 
a,. We now construct the ideal m exactly as in the proof of the lemma in §4 
with the single exception that we take a; = (1 — ac) rather than (0). By a 
repetition of the argument used there, it follows that m does not contain a, 
and that further if n is an ideal containing m but not a, then n = m. We now 
show that if n contains both m and a, then n = (1). For, if n contains a, it 
also contains ac, and alson D m D q, = (1 — ac). Therefore n D ac + 1 — ae 
= 1l,andn= (1). This shows that m is a divisorless ideal in T not containing a. 

Since 7 has a unit element, the divisorless ideal m is also prime. But then it 
follows that p = m ff) Ris a prime ideal in R which does not contain a, and the 
theorem is established. 


INSTITUTE FOR ADVANCED STupDY AND SMITH COLLEGE. 

















TENSOR PRODUCTS OF ABELIAN GROUPS 
By HassterR WHITNEY 


1. Introduction. Let G and H be Abelian groups. Their direct sum G @ H 
consists of all pairs (g, h), with (g, h) + (g’,h’) = (g+9',h +h’). If we con- 
sider G and H as subgroups of G @ H, with elements g = (g, 0) and h = (0, h), 
then we may form g + h, and the ordinary laws of addition hold. Our object 
in this paper is to construct a group G o H from G and H, in which we can form 
g-h, with the properties of multiplication; that is, the distributive laws 


(1.1) g@t+g)h=g-h+q’-h, g-(h+h'’)=gh+qg-h’ 


hold. Clearly Go H must contain elements of the form >> g;-h; ; it turns out 
(Theorem 1) that with these elements, assuming only (1.1), we obtain an Abelian 
group, which we shall call the tensor product of G and H.’ 

The tensor product is known in one important case; namely, in tensor analysis 
(see §4, (b), and §11), though the definition in the form here given does not 
seem to have been used. Certain other cases are known (see §4). We refer 
to the examples there given for further indications of the scope of the theory. 
A direct product of algebras has been constructed by J. L. Dorroh,’ by methods 
closely allied to those of the present paper. 

As is to be expected, we see in Part I that when we multiply several groups 
together, the associative and commutative laws hold; also the distributive 
laws with respect to direct sums and difference groups. The group of integers 
plays the réle of a unit group.’ The rest of Part I is devoted largely to a study 
of the relation between groups with operator rings and tensor products; in par- 
ticular, divisibility properties are considered. 

In Part II, a detailed study of tensor products of linear spaces is made; we 
now assume rg-h = g-rh (r real). With any element a of G o H are associated 
subspaces G(a) of G and H(a) of H; their dimensions equal the minimum number 
of terms in an expression }> g;-h; for a, and in this expression the g; and h; form 
bases in G(a) and H(a). The elementary operations of tensor algebra are 
derived, and a direct manner of introducing covariant differentiation is indi- 
cated.‘ If the linear spaces are topological, a topology may be introduced into 


Received February 23, 1938; presented to the American Mathematical Society, February 
26, 1938. See Proceedings of the National Academy of Sciences, vol. 23(1937), p. 290. 

1 This is so even if G and H are not Abelian; see Theorem 11. If G and H are linear or 
topological, we use a slightly different definition. 

2 J. L. Dorroh, Concerning the direct product of algebras, Annals of Mathematics, vol. 36 
(1935), pp. 882-885. The author is indebted to the referee for pointing out this paper to him. 

3 In linear spaces, the group of real numbers also is a unit. 

* Some of these results have been derived independently by H. E. Robbins. 
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the tensor product. If the spaces are not of finite dimension, there are of course 
various topologies possible in the product; the one we give is probably at an 
extreme end, in that a neighborhood of 0 in any topology wil] contain a neighbor- 
hood of the sort here given. The topology has certain defects in that the asso- 
ciative and distributive laws seem not to hold in general with topology preserved. 
In the case of Hilbert spaces, there is a natural definition of the topology in the 
product (see Murray and von Neumann, reference in §4, (c)). In the inter- 
mediate case of Banach spaces, probably the norm | a | may be defined as the 
lower bound of numbers >> | g; | | hi | for expressions }> g;-h; of a.° 

In topological groups which contain denumerable dense sets, the product 
may be given a topology, as is shown in Part III; it agrees with that in Part II 
when both are defined. Again, in complicated groups, other topologies are 
possible and perhaps preferable. Finally, for a more complete theory, one 
must allow infinite sums }> g,-h;. 


2. Notations. Write G = H if G and H are isomorphic. The symbol 0 
means the zero in any group, or the group with only the zero element. Af B 
is the set of elements in both A and B. ag (aaninteger > 0) meansg + --- +9 
(a terms); (—a)g = a(—g), 0g = 0. g + A is the set of all g + g’, g’ in A; 
similarly for A + B. g-Bis the set of allg-h,hin B, etc. aA = all ag,gin A. 
Note that 2A C A + A,ete. Write a |g if there is ag’ with ag’ = g;g is then 
“divisible” by the integera. a|Ameansa|gforallgin A. Gis “completely 
divisible” if for every a ¥ 0, a|G,ie., a@ = G. The “nullifier” of H in G 
(of G in H) is the set of all g (all h) such that g-h = 0 for all h in H (all g in G). 

Let D A denote the set of all finite sums a; + --- + a,, a;in A, any k; this 
is a subgroup of G (if A CG). }°>* A; is the set of alla, + --- + a (a;in A;, 


any k). 

Let G @ H and G © G’ denote direct sums and difference groups. There is a 
“natural homomorphism” of G into G © G’. Some particular groups we shall 
use are: J) = group of integers; 7, = Io © uly = integers mod yu (with elements 
a, for integral a); Rt = rational numbers; RI = real numbers. Set G, = 
GC uG. 


I. Discrete groups 


3. Discrete tensor products. Let G and H be groups (not necessarily Abelian), 
with the operation +. Let S be the set of all symbols 


(gi, Ai; +++ 3 Gn, An) (g; in G, h; in H, n any integer > 0). 
We add two symbols by the rule 


(gr, has --- ) + ns, Ang 3 ess) = ry has +++ 3 Gna, Rng j++). 


5 This definition was suggested to me by H. E. Robbins. 
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Clearly + is associative. We may put any element of © in the normal form 
(9: , hi) + --- + Gn, hn); if we write 
gi X hi = Gi, hi), 
we obtain 
(Qi, his +++ 3 Gn, hn) = gi X bn +--+ + Gn X ha. 


Define two equivalence relations as follows: 


G1) ---+@+9) XA+---~---+9Xh+ Gg XA+---, 
(32) ---+g9XRRER)$---~- + gXhtOXW 4. 
Any succession 8; ~ 8 ~ --- ~ 8, we shall call an equivalence sequence between 


s, and s,. If two elements s, s’ are joined by an equivalence sequence, we say 
they are equivalent,s ~ s’. Letalsos~s. The elements of © fall into subsets 
under this relation; these form the elements of the discrete tensor product G o H. 
In case G and H are discrete, we call this the tensor product, in agreement with 
the definition in Part III. Let >> gi-hi = gi-hi + --- be the element of Go H 
containing the element >> g; X hy of S. 

To define the group operation, which we temporarily call ©, in G o H, take 

any a and a’, and let >> g; X hy and >> g; X h; be corresponding elements of 
S; we set 
(3.3) a@e = Ligh + Dgi-hi. 
We must show that this is independent of the choices of s = >> gi X h;and s’ = 
dg: X h;. If we had chosen ¢ and ?@’, then there are equivalence sequences 
joining s to ¢ and s’ to ¢t’; applying these sequences to )> gi X hi + >> gi X hi 
shows that the same element a @ a’ isdetermined. Henceforth we use + instead 
of @. Note that + is associative, and (1.1) holds. 

We prove in succession the following facts. 


9-9= (9 +9 —9)-0 = 9-0 + 9-0 + (—g)-0 = 9-0 + 0) + (—g)-0 
- = 9-0 + (—g)-0 = gg — g)-0 = 0-0; 
similarly 0-h = 0-0. 
(b) gh+00=gh+ 9-0 = 9-(h +0) = Q-h, 
and hence 0-0 = g-0 = 0-h plays the réle of the identity. 
g-h = g-h + 0-(—h) = g-h + g-(—h) + (—g)-(—h) 
= g-0 + (—g)-(—h) = (—g)-(—A). 
Next, we may operate with the product as if G and H were Abelian. For 
g-(h +h’) =g-h+g-h’ = (—g)-(—A) + (-g)-(-h’) 
= (—g)-(—h — h’) =g-(h’ + fh); 


(c) 


(d) 
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similarly (g + g’)-h = (g' + g)-h. Also 
gh +h 4h") = ght gh +h") = Gh + g-(h" +h’) 
= g-(h + h” + h’), ete. 
Finally, the operation in G o H is commutative. For ° 

a= (9+ 9')-(' +h) =g-(h' +h) +9'-(h’ +h) 

=gh'+gh+q'-h’ + Q’-h, 
also 

a=G9+ 9) K+ G+) h=gh' +g h+gh+g'-h, 

and hence 
(e) gh + g'-W = (—9)-W +a t (—g)-h= GW + g-h. 


Remark. We would have obtained the same results if we had replaced the 
elementary equivalence relations by 


> + gt’) Xh+---~--- +9 Xh+GgXh+---, ete. 


THEOREM 1. G o H is an Abelian group; the identity is 0-0 = g-0 = O-h, 
and the inverse of g-h is 


(3.4) —(g-h) = (—g)-h = g-(—A). 


The distributive laws (1.1) hold. 

This follows from the above results. Because of (d), we henceforth assume 
G and H are Abelian, except in Theorem 11. 

THEOREM 2. In any G o H, for any integer a, 


(3.5) a(g-h) = ag-h = g-ah. 


For instance, 


(—2)g-h = (—g — g)-h = —l(9 + 9)-h] = —[g-h + g-h] = (—2)(g-h). 
Using the distributive laws, we may use summation signs as usual ; for instance, 


> ( ai;g;) -hi = > u (a;g)-hi) = x > (g;-aijhi) = u (9-2 aj;h;). 


i 


4. Examples. A system with both “addition” and “multiplication” may in 
general be defined by starting with a system or systems, using addition alone, 


6 For a direct proof, we have 


gh+qQg'-h’ =ght+gh'+ (-g+qQ')-h’ =g- (h+h’) + Q’ —g)-(h+h’) 
+ (g’ — g):(-h) = (9 +g’ — g)-(h +h’) + g'-(—h) + (-9)-(—A) 
=g'(h+h’ —h) + gh = Q'-h’t+g-h. 
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forming a tensor product, and defining new equality relations. Specifically, 
any group pair is an example. 

(a) The Abelian groups G and H form a group pair with respect to the group 
Z if a multiplication g X h = z is given, satisfying both distributive laws. 
Any such group pair may be defined by choosing a homomorphism of G o H into Z. 
Clearly 


(D0 gi-hi) = Doi x hi 


has the required properties. Practically all further examples come under this 
head. 

(b) The most important example of a true tensor product (and the example 
from which we chose the word “‘tensor’’) is probably the following. If G is the 
tangent vector space at a point of a differentiable manifold, then G o G is the 
space of contravariant tensors of order 2 at the point. (Here G o G is not the 
discrete, but the reduced, or topological, tensor product; see Part II or Part IIT. 
The same remark applies to other examples below.) Using also the ‘‘conjugate 
space”’ L(G) and iterated tensor products gives tensors of all orders (see §11). 
Of course these spaces are usually defined in terms of coérdinate systems in G. 

Note that in terms of a fixed coérdinate system, G o G gives: vector times 
vector equals matrix. For a generalization, see (i) below. 

(c) If G in (b) is replaced by Hilbert space, G o G is a Hilbert space,’ except 
for the completeness postulate (which could be obtained by completing the space 
or allowing certain infinite sums in G o G). 

(d) The true tensor product G o H has also been used in case one of G, H has 
a finite number of generators, and has been applied in topology.’ From the 
examples (j) and Theorems 3 and 5 below, we may at once determine G o H 
if both G and H have finite sets of generators. 

The remaining examples are in general not true tensor products, but come 
under the heading (a). The general case G o H — Z does not often occur. 
The case G o G — Z appears in (b). The cases Go H — H andGoG—-G 
appear in (e) and (g) below. 

(e) If G is a group, with “operators” from the group R, i.e., r-g = g’, the 
distributive laws are generally assumed; we have Ro G-—+G. Here one gener- 
ally lets R be a ring (see §6). 

(f) If G is a group and R is a ring, and we wish to form from G a group G* 


7 See F. J. Murray and J. von Neumann, On rings of operators, Annals of Mathematics, 
vol. 37(1936), pp. 116-229, Chapter I. As a bounded operator A in G corresponds uniquely 
to an element f in G: A(g) = (f, g), their space G @ G corresponds to ourG°G. M. H. 
Stone and J. W. Calkin have also considered a direct definition of G ° G such as we give. 
Compare also M. Kerner, Abstract differential geometry, Compositio Mathematica, vol. 4 
(1937), pp. 308-341. 

8 See Alexandroff-Hopf, Topologie 1, pp. 585-586 and p. 233, (15), and H. Freudenthal, 
Fundamenta Mathematicae, vol. 29(1937). The definition of G ° H is indirect. The case 
that one of G, H is a free group has been studied by H. Freudenthal, Compositio Mathe- 
matica, voi. 4(1937), pp. 145-234, Chapter III. 
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which “‘admits” R as operator ring, we need merely use G* = R o G (see Theorem 
12 below). If we wish to replace G by a group G* in which division by any 
integer ~ 0 is possible and unique, we use G* = Rt o G (see §8). 

(g) If Gis a group, any choice of G o G — G makes G a ring (in general non- 
associative), and conversely. 

(h) Let V,, V, and V, be linear spaces (= vector spaces) of dimensions p, 
qgandr. Set G = Chy,(V,) (= group of linear maps of V, into V,), H = Chy, 
(V,), Z = Chy,(V,). Obviously, we have Go HZ. G,H,Z, and Go H are 
vector spaces of dimensions pq, gr, pr, and pq’r. Hence Z = G o H is possible 
only if g = l,ie., V, = Rl. In this case it is true, as shown by (10.7) and 
(10.11) below. If we choose fixed coérdinate systems in V, , V, and V,, then 
G, H and Z may be interpreted as groups of matrices. 

(i) If G = H is the (additive) group of continuous functions g(x), 0 S zx < 1, 
we may interpret G o H as a subgroup of the group of continuous functions 
2(z,y),0 Sx 51,0 S y S 1, with g-h corresponding to 2(z, y) = g(x)h(y). 
As is well known from the theory of integral equations, if we allow infinite sums, 
we may obtain all continuous functions z(z, y). 

(j) Finally, we give some examples of tensor products, using the groups most 
commonly used as coefficient groups in topology. Let Rt, and Rl, be Rt and RI 
reduced mod 1. 


Ino G = G, I,oG=G, (Theorems 7, 8), 
I,0 8, = tus, 
I,o Rt=I,o RL=I1,o Rt = 1,0 Ri = 0 (u > 0), 


Rto Rt = Rt, Rto Rl = Rlo Rl = RI, 
Rt ° Rt, = Rt ° Rl, => Ri, ° Rt, ’ ete., = 0. 
5. General properties. We first consider commutative and associative 


properties. 
THEOREM 3. There is a natural isomorphism Go H = H o G, given by 


(5.1) ¢(>, gi-hi) = Dd hi-gi. 
THEOREM 4. There are natural isomorphisms 
F o (G o A) =FoGoH = (Fo G@)o H, 


where F o G o H is the group of all Df i-gi-hi , using the three distributive laws. 
The isomorphisms are given by 


(5.2) o(>> fi-gi-hi) = : 9 (fi-gi)-hi , WD fi-gi-hi) = > fi: (gi-hi). 


The first theorem is evident; we prove the second, using ¢. The definition 
of @ is unique, as any equivalence relation in the Dfi-gi-hi corresponds to one 
in the DY“ (fi-gs) hy. If o(>fi-gi-hi) = 0, then an equivalence sequence carries 
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Dd (i-g:) hs into 0; a corresponding sequence carries } t fi-gi-h; into 0; hence ¢ is 
an isomorphism into a subgroup of (F o G)o H. Finally, given any 


Deh => (20 fis-9i) “hs = > (fir-giz) “hy 


in (F o G) o H, ¢ carries >of; ;-g:;-h; into it. This completes the proof. 

Next we prove the distributive laws with respect to direct sums and difference 
groups. 

THeorEeM 5. There is a natural isomorphism 


(F@G) H=FoH @GoH, 
given by 
ee 
=(farhi + +++ + Sacha gro + ++ + garha). 


To show that ¢ is uniquely defined, we have, for instance, as (f, g) + (f’, 9’) = 
G+f5,9+9)), 


O--- + (fg) h+(f,9/)-h+---] 
= (.--. +f-h +f'h+t--+,+:: +ght+g-h+---) 
C2 $Y 4+ Sf) ht ---,--- + G4+9)h+---) 
=¢[--- +19 +0, 9)}-h+ ---] 
¢@ maps the first group into the whole of the second; for 
(5.4) f(fi,O)-mi + --- + O,gi-hi t+ --) = Sen $+ geht + ++). 


Clearly ¢ is a homomorphism. Now suppose ¢(a) = 0; let @ be given as in 
(5.3). First, we may transform a@ into the form of the left side of (5.4). For 
each half of the right side of (5.3), there is an equivalence sequence carrying it 
into 0. There are corresponding sequences acting on the left side of (5.4), 
which shows that a = 0. Hence ¢ is an isomorphism. 

TueoreM 6. If G’ is a subgroup of G, there is a natural isomorphism 


(GOG')oH =Gco HO >*(G'-H), 


given as follows. If ~ and W are the natural homomorphisms of G into G © G’ 
and of Go H intoG o H © >-*(G’-H), we set 


(5.5) O[(gi) Ar + +++ + WGn)-An] = YQi-di +--+ + Gn-hn). 


By Theorem 3, there is a similar relation with G and H interchanged. 
To show that ¢ is uniquely defined, suppose first that ¥(g:) = ¥(g:). Then 
i =m+ 9’ (g’ inG’), and 


WGi-hi +--+) = Viki +--+) + VQ'-hi) = VGi-ki + --- ). 
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The rest of the proof is like previous proofs. For instance, if the element (5.5) 
vanishes, then Dogi-hi is in >>*(@’-H ), and hence may be transformed into the 
form do: -h; (g; in G’). The same transformations may be carried out on the 
left side of (5.5); as ¥(g;) = 0, this gives v9) -h; = 0. 

Remark. >*(@’-H) is perhaps “smaller” than G’ o H; for instance, if G = Ip , 
G’ = 2G, H = I1., then G’o H=1]., >>*(@’-H) = 0. But there is a natural 
homomorphism of G’ o H onto the whole of >.*(G’-H), clearly. Compare Theorem 
28, Part II. 


THEOREM 7. There is a natural isomorphism Ip o G = G, given by 


(5.6) ¢(> ai-gis) = Do agi. 


The proof is like previous proofs. Note that we have a normal form for 
elements of Ip o G: if we use Theorem 2, 


(5.7) Dd ag: = DS 1-ag; = 1->0 agi = 1-9’. 


The expression of an element in the normal form is unique, by the theorem. 
TueEoreM 8. There is a natural isomorphism I, 0 G = G, , given by’ 


(5.8) o(D0 aj-g') = Da'g}. 
Using Theorems 6 and 7, we see easily that the following isomorphism is the 
one given by the theorem: 
1,0 G = (Ip © uly) o G =Ih0 G © D* (ulo-G) 
=I1h0 G © >-* (Io-uG) = Ino (G © uG) = G,. 


THEOREM 9. If G is completely divisible and every element of H is of finite 
order, then Go H = 0. 

For if mh = 0, then g-h = mg’-h = g’-mh = 0. 

THEOREM 10. If G’ and H’ are subgroups of the nullifiers of H and G in G and 
H, respectively, then there are natural isomorphisms 


GoH =~ (G0 G’)-H = Go (H’ OH) = (GOG’)- (HOH); 


if ¢ and y are the natural isomorphisms of G into G © G’ and of H into H © H’, 
these are given by 


DVgichi = LVoGi)-hi = Le gi-Wlhi) = LE o(9i)-W(hi). 
First, applying Theorem 6, we find, as G’-H = 0, 
GoH =~GoH © )* (GH) = (G OG) o H, ete. 


Next, for any h’ in H’, ¢(g)-h’ corresponds to g-h’ = 0 in the first isomorphism 
above; hence (G © G’)-H’ = 0, and 


GOG@)cH =GO@)cH © >*((G © G@)-H’) = GOG’)o (HOH). 


* g, is the element of G, corresponding to g in G. 
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We end by showing that the discrete tensor product of any two groups, not 
necessarily Abelian, is isomorphic to the discrete tensor product of the two 
groups ‘“‘made Abelian’. 

THEOREM 11. Let G and H be any two groups, and let G’ and H’ be their com- 
mutator subgroups. Then there is a natural isomorphism 


Go H = (GOG’)o (H © A’). 


Because of Theorem 10, we need merely show that any commutator is in the 
nullifier of the other group; this follows at once from §3, (d). 


6. Sets, groups, rings, operators. If A and B are two sets of elements, we 
may define their (discrete) tensor product as the set of all symbols +a,-b; + -- - 
+a,-b,, with the obvious definition of +, which we assume commutative. 
This is a free group, generated by ail a-b; if A and B have m and n elements, 
respectively, then A o B has mn generators. 

If Gis an Abelian group and A is a set of elements, their tensor product is the 
set of all d9:-a:, with the distributive law as in (3.1), postulating that + is 
commutative, and 0-4 + g-a’ = g-a’. This is the “group of all linear forms 
over elements of A, with coefficients in G”’. An example is given by the groups 
of chains used in topology. 

We shall say an Abelian group G admits the ring R as operator ring, or admits 
R simply, if R has a unit 1, and rg = g’ is defined satisfying 


rg+g9') = +79’, (r+r)g =19 +19, 
r(r’g) = (rr’)g or (r’r)g, lg = g. 


We call R a left or right operator according as we use (rr’)g or (r’r)g in the third 
relation. In the second case, we might write gr in place of rg, obtaining (gr’)r = 
g(r’r). Suppose, for definiteness, we write r[g] instead of rg. Then a ring can 
operate on itself in both ways, using 


(6.2) r{r’] = rr’ and rfr’] = rr. 


(6.1) 


The associative law r[r’[r’’]] = (r[r’])[r’’] holds in either case. 

If G and H both admit R, to left or right, we say an isomorphism ¢ between 
G and H is an operator isomorphism if ¢(rg) = ré(g); we use = again, and say 
¢ preserves the operator. 

TuHeoreM 12. Jf R is a ring with unit, and we define R o G, considering R 
as a group under addition, then R o G admits R to left or right, under the definitions 


(6.3) (SS r-gi) = DEorregis or Yo rir-gi. 


The proof is simple. The following theorem is a generalization. 
THEOREM 13. If G admits R to left or to right, then so does any tensor product 
G o H or H o G, under the definition 


(6.4) (> gichi) = DY rgerhi, (> hig) = ¥ he-rgi. 
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Suppose G and H both admit R, each to one side. Then we define the reduced 
tensor product G o’ H with respect to R as follows. Take the tensor product 
G o H, and define a new relation 


(6.5) rg-h = g-rh. 


G o’ H is the group thus formed; it is the difference group of G o H with the group 
generated by all rg-h — g-rh. 

THEeoreM 14. If G admits R to the left, then there is a natural operator iso- 
morphism 


Ro'G =G, 
letting R act on itself to the right and on R o’ G to the left, given by 
(6.6) (Di ri-g:) = Lrg. 
Here, (6.5) is replaced by 
(6.5’) wg =r [r]-g = r-r'lg] = r-r’g. 
To show that ¢ is uniquely defined, we have for instance 
o(rr’-g) = (rr’)g = r(r’g) = o(r-1’9). 


¢ is a homomorphism into the whole of G; for ¢(1-g) = lg = g. It preserves 
the operator, for 


o(r(Lri-g)) = o(Lerri-gs) = Lidge = Drags) 
ro rgi) = ro(Qo rigs). 
Finally, ¢ is (1-1). For if #(>or;-9;) = Dorg; = 0, then 

: x riegi = ; ® l-rg: = 1.>. rg: = 1-0 = 0. 


The theorem clearly holds with “right”’ and “left’’ interchanged. 
Suppose R and S are rings.” Then we can make R o S aring in four different 
ways, namely, 


(r-s)(r’-s’) = rr’-ss’ or rr’-s’s, ete., 


(DX ris) (Li r5-8)) = LD (re 8(r5-8}). 


The uniqueness of the definition is easily established. The associative and 
distributive laws hold. If R and S have units 1g and 1s, then so has Ro S, 
namely, 1g-1s. 

We shall not discuss the questions of zero-divisors or of fields. 


(6.7) 


7. Rational multipliers and tensor products. 
Definition. For any rational number r, r = a/b, (a, b) = 1, and any A CG 


1% Compare J. L. Dorroh, loc. cit. 
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(including A = g), we let rA be the set of all elements g’ such that bg’ = ag, 
gin A. This agrees with the definition of aA and with the natural definition 
of (1/a)A. Then some of the formal properties of rational numbers as multi- 
pliers hold. In particular, some elements can be divided by certain integers. 
Division by integers, when it exists, is unique if and only if G has no elements # 0 
of finite order. For if g’ and g” are in (1/a)g, g’ # g’’, then a(g’ — g”) = g —g 
= 0, so that g’ — g’”’ is of finite order; if g ¥ 0 is of finite order a, then (1/a)0 is 
not unique. We shall say G has unique division if it is completely divisible and 
has no elements ~ 0 of finite order. Because of Theorem 15 below, we may 
then multiply by rational numbers in such a group, and all formal laws will hold. 

The only theorem we will need in §8 is the following. 

THEOREM 15. The following three statements are equivalent: 

(a) G admits Rt as operator ring; we shall write r{g). 

(b) G has unique division. 

(ce) For each rational r and each g in G, rg is a unique element of G. 

Further, G can admit Rt in at most one way; if it does, then rg = r{g). 

First, if G admits Rt, then G has no elements of finite order. For, note first 
that (for a > 0, and hence for a < 0), 


(*) afg) = (1 + --- + Ig) = 1g) + --- + Ig] = ag. 
Now if ag = 0, a ¥ 0, then alg] = ag = 0 = a0 = a(0]; hence 


g = 110) = (4.0)ial = Mato = taton = 1101 = 0. 


Next, if (a) holds, then for each integer a ~ 0 and each g in G, g’ = (1/a)[g] 
exists, and ag’ = alg’] = g; hence (b) holds. (b) clearly implies (c). If (c) 
holds, then setting r[g] = rg gives (a). 

Finally, if two operations r{g] and r{g} are defined, then they agree; for by (*), 


b (2 iat) = (020) = atol = a9 = 6(% t01); 


as G can have no elements of finite order, (a/b)[g] = (a/b){g}. Also 


b (2 tol) = ala] = ay = (20), 
and hence r[g] = rg. 


Before considering tensor products, we consider some divisibility properties in 
general groups. Let 6, denote the denominator of r; 6, = bifr = a/b, (a,b) = 1. 

Lemma 1. If rg is not void, then 6, | g, and conversely. 

For if r = a/b, bg’ = ag, and pa + qb = 1, then 


b(qg + pg’) = gbg + pag = g. 


The converse is clear. 
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Lemma 2. If (a, b) = 1, then 


(7.1) +A =a (; A) ~ ; (aA). 


To prove the first relation, the elements of a((1/b)A) are all g’, g’ = ag*, g* in 
(1/b)A, i.e., bg* = g in A; then bg’ = ag, and as (a, b) = 1, g’ is in (a/b)A. 
Conversely, if g’ is in (a/b)A, then bg’ = ag (g in A). Choose p, q so that 
pa + qb = 1, and set g* = qg + pg’. Then 


bg* = qbg + pag = g, ag* = qbg’ + pag’ = g’, 


so that g* is in (1/b)A and g’ is in ag* Ca((1/b)A). The second relation is clear. 
Lemma 3. For any integers a and b, 


(7.2) : (; A) = 5 4. a(? A)cA, 1 @A) DA. 
a\b ab a a 


The proof is simple. 
We turn now to tensor products. 
Lemma 4. If 6, |g and 6, | h, then 


(7.3) g’:-h =g-h’ for any g’ in rg and any h’ in rh. 
Set r = a/b, (a,b) = 1. If 
bg’ = ag, g = bg*, bh’ = ah, h = bh*, 
then 
g-h’ = bg*-h’ = g*-bh’ = g*-ah = g*-abh* = abg*-h* = ag-h* 
= bg’-h* = g’-bh* = g’-h. 


Example. If 6, | his false, rg-h may not be uniquely defined. ForifG = H = 
I, ,g = 02, h = le, then Go H = Iy, and 3g-h contains both 02 and 1, . 
TueoreM 16. If 65,| A and 6,| B, then 


7.4) rA-B = A-rB; 


if A and B are single elements, so is rA - B. 

This follows from Lemmas 1 and 4. 

Remark. r(g-h) may be # rg-h. For example, ifG = H=I,,g=h=0%:, 
r = 3, then rg-h = 02, while r(g-h) contains both 02 and 1,. However, 


(7.5) r(A-B) D rA-B; 
for if r = a/b, (a, b) = 1, gin A, hin B, bg’ = ag, so that g’-h is in rA-B, then 
b(g’-h) = bg’-h = ag-h = a(g-h) is in a(A-B), 


so that g’-h is in r(A-B). 
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Lemma 5. If b| A and b| B, then 


yf 1 = e = 1 ° = J = pe = 1 ° 
(7.6) j, (@A)-B = ,4:B=a (; 4) B=A b (aB) A-; B=A.-a (; B); 


if A and B are single elements, so is the above. 
Say (a, b) = k, a = a’k, b = b’k; then (a’, b’) = 1. To prove the first rela- 
tion, we use Lemmas 2 and 3 and Theorem 16, and the fact b | aA: 


a 
5 4:8, 


1 (@A)-B = A-a (} B) = A.a’ (i (; € B))) C Aa’ € B) =? A.B. 


From these the relation follows. The other relations are consequences of this 
one or are easily proved. The last statement follows from Theorem 16. 
TueoreM 17. [Jf 5,6,| A and 6,6, | B," then 


(7.7) r(r’'A)-B = (rr’)A-B = A-(rr’)B, ete.; 


if A and B are single elements, so is the above. 
Say r = a/b, r’ = c/d, (a, b) = (c,d) = 1. As bd | cA, ete., 


r(r’A)-B =a (; ( (c4))).-B - 5, (cA) -aB =e (ih A).B 


= x A-B = (rr’)A-B, ete. 


i ¢, Bee he pane 
5 (aA)-B = 5 ¢ (k(a A)))-B 25 (a’A)-B = 5 A-B= 


8. The tensor product Rio G. First note that, if F is any completely divisible 
group (in particular, Rt), then in studying F o G, we could assume that G has no 
elements ~ 0 of finite order. For otherwise, let G’ be the subgroup of elements 
of finite order of G. As G’ is in the nullifier of F, )-*(F-G’) = 0 (see Theorem 9); 
hence, by Theorem 10, 


FoG=Fo(GoOG’). 


Thus we may replace G by G © G’, which has no elements # 0 of finite order. 
THEOREM 18. In Rt o G, each element may be written in the form (1/a)-g. 

If G has no elements ¥ 0 of finite order, then r-g = 0 if and only if r = 0 org = 0. 
First, 


a; _ aes 3 
Dd rig - La = Lagi == q. 


Next, suppose we have an equivalence sequence reducing r-g to 0-0. In all 
terms occurring, there is a least common denominator c. Multiplying every- 


11 Possibly this hypothesis can be weakened. 
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thing by c gives an equivalence sequence, which may be interpreted as a sequence 
in Ig o G, or again, in G itself. Hence, if r = a/b, we have (ca/b)g = 0. If 
r # 0, then ca/b # 0, and as G has no elements of finite order, g = 0. 

THEOREM 19. Rt o G has unique division. 

This follows from Theorems 12 and 15. 

THEOREM 20. There is an isomorphism G ~ Rt o G, given by o(D-ri-gi) = 
Yr: , uf and only if G has unique division. 

This is an extension of Theorem 15. One half follows from Theorem 19; 
the other half is clear. 

THEOREM 21. If G has no elements ¥ 0 of finite order, then Rt o G is the small- 
est completely divisible group containing G. That is, if H is completely divisible 
and contains a subgroup H, = G, then it contains a subgroup Hz, = Rt o G. 

Let H’ be the subgroup of elements of finite order of H. Clearly H’ is com- 
pletely divisible; hence we may write H = H’ ®@ H”.” For any h = h’ + h”, 
write h’ = $(h), h” = y(h); then ¢ and y are homomorphisms. Set Hi = 
¥(H,); then HY = G. For if ¥(h:) = 0 (h; in H)), then hy is in H’, and hence is 
of finite order; but A; is in H,; = G, which gives h; = 0. 

Let Hz be the subgroup of H” containing all elements with multiples in H,’’. 
Hz is completely divisible. For given h in Hz and an integer a # 0, choose 
h* in H so that ah* = h, and set h; = y(h*). Then h,isin H”, and as his in H”, 


ah, = ap(h*) = Y(ah*) = Yh) = h; 


hence h; isin Hz. As H” has no elements ~ 0 of finite order, neither has He ; 
hence Hz has unique division. 

Let @ be the isomorphism of G into Hy. As rh is uniquely defined for h in the 
group H, (Theorem 15), and clearly obeys (r + 7’)/h = rh + rh, r(h + h’) = 
rh + rh’, we may set 


O(d ri-g:) = DL rigs), 


defining a homomorphism of Rt o G into Hz. Suppose O(a) = 0. Ifa = 
(1/a)-g (Theorem 18), then O(a) = (1/a)@(g) = 0. Multiplying by a gives 6(g) 
= 0, and hence g = 0, and a = 0, as @ is an isomorphism. Hence @ is (1-1). 
For any h in He, we may take a so that ah is in Hy; then for some g, ah = 0(g) 
= O(1-g), and h = O((1/a)-g); hence @ is an isomorphism, and the theorem 
is proved. 


9. Tensor products and character groups. In some cases, the group Cha(G) 
of homomorphisms of G into H can be expressed in terms of the two groups H 
and Ch;,(@), by (9.1). See also Theorem 25 of Part II. We remark in passing 
that Cha(@) and G form a group pair with respect to H, with the definition 


(204-93) = D44(9:) (¢; in Cha(@), g; in G). 


12 See R. Baer, The subgroup of elements of finite order of an Abelian group, Annals of 
Mathematics, vol. 37(1936), pp. 766-781, (1; 1). 
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THEorEM 22." There is a natural isomorphism 


(9.1) Chi,(G) o H = ZC Cha(G), 
defined as follows. For u; in Chi,(G@) and h; in H, 
(9.2) @(Do wiki 5g) = Do ui(g)hc. 


If either G or H is a free group with a finite number of generators, then Z = Chu(G). 

It is clear that the definition of ® is unique, and @ is a homomorphism. We 
must show that it is (1-1). Suppose the element (9.2) equals 0. Say the sum 
contains n terms. Let A = Ip @ --- ® I be the group of all n-tuples (a, , --- , 
a,) of integers, and let A’ be the subgroup of all (a, --- , @,) in A for which 


Yah; = 0. We may choose a base 


Oy, °** Qn} a; = (aa, --- , Qin) 
in A and integers p, , --- , Pm (m S n) such that 
Pig, +++ 5 Dm&m 


form a base in A’."* For each g, let u(g) be the element (u(g), --- , un(g)) 
of A; as Dui(g)hi = 0,u(g) isin A’. Hence, for each g, there is a uniquely de- 
fined set of numbers p;(g), --- , pm(g) such that 


ula) = > oo)piey:; 


j=1 
hence 


m 
= ze Pj Fiji Pj - 
j=l 


As the u;(g) are homomorphisms, so are u(g) and the p;(g); the p,(g) are in 
Chr,(G). Set 


hi = Dd anh, (¢=1,---,m); 
k=1 
then 
pil; = 2D Pidich =0 (i =1,-:-- ,m), 


by the choice of the a;and p;. Hence, using the distributive laws in Ch;,(@) o H, 


Duh = Dy (: , pianos) = > (on > ahs) 
j=l I= i 


i=1 i=1 


= > (9;-pjh;) = > (p;-0) = 0, 
oa f= 
as required. 


13 Compare Theorem 25. 
14 See, for example, Alexandroff-Hopf, loc. cit., p. 566. 
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Now suppose H has a base h,, --- ,h,, so any h may be written uniquely 
ajh;. Let @ be any homomorphism of G into H; then we may write 


o(9) = Lo ui(g)hi, 
and the u,(g) are elements of Ch;,(@). Also 


(>> u;-hisg) = p i ui(g)hi = (9), 


so & maps Ch;,(G) o H into the whole of Chy(G). 

Suppose finally that G has a base g,,--- ,g9,. Let a&(g) be the element of 
Ch,,(@) defined by @,(g;) = 1, &:(G;) = 0 GG ¥ i). Take any homomorphism 
¢of Ginto H. Then for any g = Dag: , i(g) = a;, and 


$9) = LaieG) = XL ao; 
hence, setting h; = $(9,), 
(>> di-hisg) = D algo.) = 9(9). 


This completes the proof. 

Examples. Suppose G = H = I,. Then Chyg(G) has two elements, while 
Chi,(G@) o H has only one. Again, let G be the additive group of triadic rational 
numbers (all numbers of the form a/3’), and set H = I,. There are two ele- 
ments in Chy(G@), determined by ¢(1) = 02 and ¢(1) = 1, ; but there is only 
one element in Ch;,(@) o H. 


II. Linear spaces 


10. Products, finite dimensional spaces. A linear space, or vector space, G, 
is an Abelian” group which admits the real numbers RI as operators (see §6). 
Let G(gi, ---,Gm) be the subspace of G generated by g,, ---,gm, ie., all 
Yagi (a; real). If such a set generates G itself, then let g; , --- ,gm be such a 
set with the least number of elements. Then these elements form a base for G, 
and G is of dimension m. 

In any finite dimensional linear space G, with a base g;, --- ,gm, We May 
introduce a natural topology by defining neighborhoods l’(e) of 0 for each « > 0, 
consisting of all Diag: with vai < &. The topology is independent of the choice 
of abase. In this topology, the operation ag is continuous in both variables. 

In the tensor product G o H, we clearly wish to have 
(10.1) a(g-h) = ag-h = g-ah (a in R1); 
hence we use the reduced tensor product (see (6.4)), but call it the tensor product 
simply. Without this, we would have for instance in RI, +/2-1 ¥ 1-+/2. 
Further, if we assume that g-h is continuous, then (10.1) follows. To show this, 
the last statement in Theorem 15, and Theorem 16, show that bg-h = g-bh for 
any rational b. Letting b — a gives the result. 


15 The group is necessarily Abelian. Compare §3, (e). If @is not linear, it can be made 
so by taking Ri ° G; see Theorem 12, §6. 
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We assume in the rest of §10 that G and H have bases 9, , --- , Jn and h,, --- 
h, , respectively. 

THEOREM 23. An element of Go H may be written uniquely in any one of the 
three normal forms 


, 


For, if 
(10.3) K = y baiGi , hk. = =. ceili , 


then the distributive laws give 
> Je-hy = > (L bids) (2 exjhj) = > > (9-2 buscnsh;) 
- > 0-2 > beicesh;, ete.; 
thus (10.2) holds with 
(10.4) ay = > buick, hy = u aih;, 9 = re Aji9j. 


Given any expression Dogi-hi for a in G o H, the above procedure gives the 
normal forms in a unique manner; we must show that if Dgi-hi = d 9: -hi, the 
two expressions give the same result. It is sufficient to prove this for (g + g*)-h 
and g-h + g*-h, for g-(h + h*) and g-h + g-h*, and for ag-h and g-ah. In 
each case, the proof is simple. 

Let Chu(G) denote the group of linear maps (= continuous homomorphisms) 
of G into H; this is a linear space of dimension mn. In particular, L(G) = 
Chei(G) is the group of linear real-valued functions in G, and is called the con- 
jugate space of G. Here, isomorphism will mean continuous isomorphism = 
operator isomorphism. The following theorem is well known. 

THEOREM 24. L(G) = G. Further, there is a natural isomorphism 


(10.5) L(L(G)) = G, 


defined as follows. For any g in G, $(g) is the element of L(L(G)) which, for any 
u in L(G), has the value u(qg). 

Let a;(g) be the element of L(G) such that @,(g;) = 1, a@(g,) = 0 Gj ¥ 2). 
Clearly a, , --- , i» form a base in L(G); hence L(G) = G. Next, ¢ is linear. 
It is (1-1); for if ¢(g) = 0, then u(g) = 0 (all u in L(G)), which implies g = 0. 
Given any v in L(L(G)), set a; = v(a;); then for any u = dy; , 


u(>_ a; 9) = Z a; p> b; a;(9.) = pe a;b; = } b;v(a,) = v(u), 


so that ¢(>_4,9;) =v. Clearly ¢(ag) = ad(g); hence ¢ is an isomorphism. 
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bl 16 y 2° Md Md 
THEOREM 25." There is a natural isomorphism 


(10.6) Chu(G) =~ L(G)  H, 
given by 
(10.7) O(D wirhs 39) = Do udg)hi. 


¢ is clearly uniquely defined. If we write all elements of L(G) o H in the 
third normal form }°u;-h,;, the properties of ¢ are easily established; for any 


element of Chy(@) can be written uniquely as }>u,(g)h; , and if this is the zero 
element, i.e., it is equal to zero in H for all g, then all u;(g) = 0. 
Coroutuary I. Go H may be written in the form 


(10.8) Go H = L(L(G)) o H = Chy(L(G)). 


The isomorphism of the first group into the last is given as follows. For om gi-h; 
in Go H and uin L(G), 


(10.9) (Dd) gichi;u) = Duda. 
Corouiary II. There is a natural isomorphism 
(10.10) Che(Rl) = G; 


for u in Chg(Rl), o(u) = u(). 
For L(Rl) o G = Rle G=G. (Moreover, a direct proof is obvious.) 
THEOREM 26. Go H isa linear space of dimension mn, with a base gi-hy , --- , 
Gm-hn. If {U} and {V} are neighborhood systems in G and H, respectively, 
defining their natural topologies, then either of the following neighborhood systems, 
if we use p = min (m, n), ‘ 


(10.11) N(U, V) =U-V4+.--4U-V (p summands), 
(10.12) N(U,, Us, «+» 3 Vi, Ve, --:) = L*(Us- Vs) 


defines the natural topology in Go H." The multiplication g-h is continuous. 
The first part of the theorem follows from Theorem 23. Let N, N’, N” denote 
natural neighborhoods and those of (10.11) and (10.12). Given an N = N(e), 
consisting of all dai: hi; with dia}; < ¢, sete = e/(mn)', and let 
U, = U(a/2'), Ve = V(A), (kK = 1,2,---), 
be natural neighborhoods in G and H. Then if g = Dba isin U, and kk = 


Dex jh; is in V;, (10.4) gives, if we use any finite number v of summands in 
(10.12), 


| i; | = X bie; < »» «,/2" <«46= e/(mn)’. 
\ c=] 


16 This holds if at least one of G, H is of finite dimension. Compare Theorem 22. 

17 If we map Rl into a curve everywhere dense on the torus, the topology of the torus 
gives an “unnatural’’ topology in Rl. In Rl° Rl, either type of neighborhood as here given 
then contains the whole space. 
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Hence >> ai; < é, and : ge-hy isin N. Thus any N contains an N”. 
k=1 

Next, given an N”’, take 

UcCULIN:--NU>, VoCVIN-:--N Vo. 
Then clearly N’ = N(U, V) CN”. 

Next, take any N’ = N(U, V). Suppose for definiteness that p = m. Take 
« so that U(2e) C U and V(e) C V, and set « = &. Now take any a of 
Go H in N(e); then we can write a = > 4;,9;-h; , With > a3; < &. Also, 

m n 1 
a=) («a2 dass), O = -. 
i=1 j=l €) 


Asm = pand «eg; is in U(2e,) C U, to show that N(e) C N(U, V), it is sufficient 
to show that >> @a,;h;isin V(e). But 
i 


DL vai; < Lai; <#e =a, 
7 2 


and this proves the statement. 
The continuity of g-h is clear from the relation 


DX (a: + aig Do (6; + By — Y aiGi- DO B;K; = YO (aid; + aid; + a5 d;)gi-Ky. 


If G and H are metric, and hence scalar products g o g’ and h o h’ are defined, 
we may define scalar products and hence a metric in G o H by 


(10.13) ( gx-hy) © (X gi-hi) = > (9x © gi) (hi o h;).” 


11. Tensor algebra. Let G@ be a linear space of finite dimension n; in §12, 
it will be the “tangent space” at a point of a manifold. Any element of G 
we shall call a contravariant vector. An element of H = L(G) we call a covariant 
vector. Any element of the linear space 


(11.1) T(p,q) =Go---coGoHo---oH (p factors G, g factors H) 


we shall call a tensor of contravariant order p and covariant order q. As L(p, q) 
is a linear space, we may add two tensors of the same type, and multiply a tensor 
by areal number. Using Theorems 3 and 4 in Part I, we have 


(Go---coHo---)o(G@o---0 Ho ---) 
dn i060 eS 650.6: So 60s 6 UO a0 


Hence a tensor of 7'(p, q) and a tensor of T'(p’, g’) may be multiplied, giving a 
tensor of T(p + p’,q +’). 
The process of contraction is as follows. To contract the element g-h of 


18 For a study of this metric in Hilbert spaces, see Murray and von Neumann, loc. cit. 
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T(1, 1) = Go H, recall that H = L(G), and set ¢(g-h) = h(g), a real number. 
To contract the element 


a= Ligi---gh-he--- hi of T(p,q) 


with respect to the p-th g and the q-th h, for example, set 
(11.2) (a) = DI ALGE)gL ~~ gF hk --- hE; 


this is an element of T(p — 1, q — 1). 

Let 91, --- , Gn form a base in G, and choose h‘ so that h‘(g;) = 43; then fh’, 
..+,h" form a base in H. By the proof of Theorem 23, we may write any 
element of T(p, q) uniquely in the normal form 


(11.3) a= Do ARieg, --- oR... We; 

trJjs=l 
there are n”** terms in the sum, and the Ap? are called the components of a 
in the codrdinate system of the g;. Let us verify the laws of transformation 
of the components. Suppose we introduce the new base gi, ---, ga. Say 


9: = DL aigi, 9: = Dai j. 
k=1 k=1 
If h’‘(g;) = 4}, then setting h’* = >> di h* gives 
5} = h"(g;) = > bhi (Du a;' gi) = > bia;'s; = > bia;*. 
Hence b} = a}, and h' = Dah”. Putting in (11.3) and using the distributive 
laws gives 
a= yk Aji. ag} pa a‘?.a;) Fant ai?" gi, Wane gi, -h’” ..e Als, 


Calling the new components Ann, we have the ordinary laws of transforma- 
tion. Note that 


h(g) = BRD A’g;) = 2 A’BR'G,) = DL A‘B:, 
‘ 7 2 a 
so that the terms as here introduced agree with the usage in tensor algebra. 


12. Tensor analysis. Let M be adifferentiable manifold.” By a parametrized 
curve C starting at the point x in M we shall mean a differentiable map ¢ of an 
interval 0 < ¢t S 7 into M, with (0) = 2. Let us introduce a coérdinate 
system into a neighborhood of M about 2», i.e., a (1-1) differentiable map 0 of a 
region of the space E of sets of n numbers (z’, --- , x") into M, with non-vanish- 
ing Jacobian; say 0(0, --- ,0) = 2. Then C translates into a curve C’ in E, 

19 See, for instance, O. Veblen-J. H. C. Whitehead, Foundations of Differential Geom- 


etry, Cambridge Tracts in Mathematics, No. 29, 1933, or H. Whitney, Differentiable mani- 
folds, Annals of Mathematics, vol. 37(1936), pp. 645-680. 
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given by @(¢(t)), if » is small enough. We say two parametrized curves 
starting at xz are equivalent if, when translated into E, they have the same 
tangent vector (in both magnitude and direction). Clearly the definition of 
equivalence is independent of the codrdinate system chosen. Hence the classes 
of equivalent curves form a set of elements intrinsically defined in M; we call 
these contravariant vectors at x). Using a fixed coérdinate system, we may 
obtain a (1-1) correspondence between contravariant vectors g at 2 and vectors 
vin E at 0, merely by choosing, as an interval, the line segment of v, parametrized 
so that ¢ = 1 at its end, and mapping it (or a portion of it, if it does not lie wholly 
in the region) into M with 6. We may add two contravariant vectors at x by 
taking the corresponding vectors in FE, adding, and mapping back into M. 
Again the result is independent of the codrdinate system chosen; hence the 
contravariant vectors at x) form an intrinsically defined linear space, the tangent 
space G(x) to M at x. 

We may obtain an intrinsic definition of L(G(2z9)) = H (ao) at x» by considering 
differentiable functions defined in a neighborhood of x», which vanish at 2» , 
and calling two functions equivalent if their partial derivatives at xz» are the 
same in any coérdinate system. To add covariant vectors, we need merely 
add the corresponding functions. 

We shall consider briefly covariant differentiation in M. Suppose that to any 
two sufficiently near points z) and x, of M corresponds a linear map ¥,,,, of 
G(2z,) into G(x), so that certain simple continuity and linearity properties are 
satisfied, which we shall not make precise. This will define an affine connection” 
in M. Now let A(z) be a differentiable tensor field, being, for each x, an element 
of T(p, q; z) (using G(x)). Let g be any contravariant vector at 2» , and let C, 
given by ¢(t), be a corresponding parametrized curve. Then if x, = $(t), we 
may define 


ore 
(12.1) V,A(ao) = lim 7 [W.,2, A(x.) — A(x)]. 

t-—0 
(Of course ¥,,., may be used to translate a tensor at x; into a tensor at x.) For 
each g at 2, V,A(zo) is a tensor of T(p, q; xo), and it depends linearly on g; 
hence we have a linear map of G(z9) into T(p, q; 2). By Theorem 25, there is a 
natural isomorphism 


Chrip.¢.20)(G(xo)) = T(p, 9; to) 0 L(G(xo)) = T(p, a + 1; 20). 


Hence, at each point 2») we have a tensor of T(p, q + 1; x0), of the same contra- 
variant order as A and of covariant order one greater; this is the covariant 
derivative of A at x». Again, the definition is intrinsic. 


20 By using a coérdinate system about 2 and letting xz, — x» , we may use this connection 
to obtain an affine connection in the ordinary sense. Conversely, given an ordinary affine 
connection, we may define geodesics in M, and by following along them, define a connection 
asabove. If we imbed M in a Euclidean space as in Whitney, loc. cit., Theorem 1, we may 
realize the tangent spaces by tangent planes of dimension n, and define an affine connection 
by projecting one tangent plane onto another. 
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13. Products, general linear spaces. A representation >.g;-h; of an element 
a of G o H is minimal if there is no representation with fewer summands. The 
rank p(a) of a is the number of summands in a minimal representation of a. 
We consider 0 = 0-0 as having no summands, and set p(0) = 0. 

We collect some known results (at least for finite dimensional spaces) in the 
following theorem. 

THEOREM 27. Go Hisalinear space. Forany ainG o H there are correspond- 
ing linear subspaces G(a) and H(a) of G and H with the following properties. 

(a) There is a representation > 9:-h; for a with g;inG(a), hi: inH(a). In any 
representation Yogi hi for a, G(a) C G(gi, ---), H(a) C H(hi, --- ). 

(b) dim G(a) = dim H(a) = p(a); G(a) and H(a) are G(gi , --- ) and H(h,, 
.-+ ) in any minimal representation >; -hi of a. 

(c) Dogi-hi is minimal if and only if the sets g, , --- and h,, --- are each in- 
dependent. 

(d) If gi: ,--- ,Gm and h,, --- , h, are bases in subspaces G’ of G and H’ of H, 
and a = Daigi-h, , then p(a) = rank || a;; || . 

(e) If g-h = 0, then either g = Oorh = 0. 

(f) g-h = g’-h’ $¥ O7f and only tf g’ = ag, h’ = (1/a)g for some real a. 

The first statement follows from Theorems 1 and 13. 

Suppose a = Dogi-hi = Dog? «hy, gi in @’, gf inG@”’, hi and hy in H*. Set G* = 
G’ 1) @’, and choose subspaces G, and G2 (possibly containing 0 alone) such 
that 


+G”" =G* OG, Ot, G, Cc G’, G, CG”. 


Choose bases {g;} in G*, {gi} in G,, {g?} in Gz ; then all the g’s form a base in 
G + G@’. By Theorem 23, we may write uniquely, for some hj, etc., in H*, 


a = Dogri hi + Yogi-hi + Yogi-hi. 


Now G’ = G* @ Gj; hence, if we reduce > g;-h; to this normal form, the third 
group of terms will not appear. As the normal form is unique, the third sum 
= 0. Similarly, as G’ = G* @ G,;, the second sum vanishes. Hence a = 
dor -h? can be expressed by using g’s from G’ 11 G” alone. Hence there is a mini- 
mal subspace G(a) which may be used. Find similarly a minimal H(a). Now 
a can be expressed, by using G(a) and H’ D H(a), and G’ > G(a) and H(a). 
Choosing bases properly in G’ and H’ and using the first normal form, we see 
at once that a may be expressed, using G(a) and H(a). This proves (a). 

Next we show that rank || a;; || depends on a alone. Suppose {g;} and {g;} 
are bases in G’, {h;} isa base in H’, and a = doaigi-h; = oat jgu-h;. If gi = 
Lhigh, then a;; = Debeai;, ie., A’ = BA. As B is non-singular, rank A = 


rank A’. Similarly, a change of base in H’ causes no change in the rank. If 
G”’ > G’ and H” > H’, and we choose bases in these spaces containing the 
above g; and h;, then > a;,9;-h; is also a normal form for a, using G” and H”. 
The new |! a;; || is the old || a,; || with extra rows and columns of zeros; the ranks 
are therefore the same. Now given any two representations of a in normal 








TENSOR PRODUCTS OF ABELIAN GROUPS 517 


form, using the pair G’, H’ and the pair G’’, H’’, we may also write a in normal 
form, using G’ + G” and H’ + H”. The above proof shows that all ranks of 


matrices are the same. 
pla) 


if > gi-h,; is minimal, then obviously the sets {g;} and {h;} are independent. 
i=1 


They form bases in spaces G’ and H’, say, and the expression > g;-h; is then in 
normal form. The matrix is the unit matrix, and hence is of rank p(@). This 
proves (d). As G(a) CG’, and dim G(a) < p(a) is clearly impossible, G(a) = 
G’ and dim G(a) = p(a); similarly for H(a). (b) is now proved. If a = 


r 


) gi-h; and the sets {gi}, {hi} are independent, then we have a representation 
t=1 


in normal form, with matrix of rank r; hence r = p(a), and Dogi-hi is minimal. 
This proves (c). 

To prove (e), suppose g ~ 0, h # 0. Then g-h is minimal, by (c), hence 
p(g-h) = 1,andg-h #0. (f) follows from the fact that fora = g-h = g'-h’ ¥ 0, 
G(a) = all multiples of g = all multiples of g’. 

THEOREM 28. If G’ is alinear subspace of G, then there is a natural isomorphism 
Go H = D)*(G’-H). 

Using )-9: X hiin G’ o H, set ¢(2 9: X hi) = DYogi-hs. Clearly ¢ is a uniquely 
defined homomorphism onto the whole of *(@-H ). Suppose o(2_9: X hi) = 
Dogi-hi , D9: Xh: #0. We maysuppose do: X A; isminimal. Then the sets 
{gs} and {h,} are independent, and hence }+g;-h; is minimal, by the last theorem, 
and >.gi-h; ~ 0. Hence ¢ is (1-1), and this completes the proof. 


14. On topological linear spaces. We shall use the following definition. If 
G’ C G*, a projection of G* into G’ is a linear map of G* into G’ such that every 
element of G’ is fixed. 

Definition. We shall call a topological linear space G a linear space with sets 
U, V, --- , ealled neighborhoods (of 0), such that: 

(1) 0 is in every U; 

(2) given U, V, thereisaW CUNV; 

(3) given U, there is a V such that for —- 1 SaS1,aV CU; 

(4) given U, there isa V with V + V CU; 

(5) for every U and every g in G there is an a with g in aU; 

(6) for every finite dimensional subspace G’ of G and every natural neighbor- 
hood U’ in the space G’ (see §10), there is a neighborhood U in G with the follow- 
ing property. If G* > G’ is a finite dimensional subspace, then there is a 
projection of G* into G’ which carries U  G* into U’. 

We shall relate this definition to Definition 2b of von Neumann.” 

Note that (6) implies a separation postulate: If g # 0, then there is a U 
which does not contain g. The reason for using our (6) is that with it one may 
prove the same property, and hence the separation postulate, in tensor products. 


21 J. von Neumann, On complete topological spaces, Transactions of the American Mathe- 
matical Society, vol. 37(1935), pp. 1-20. We refer to this paper as N. 
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THEOREM 29. A topological linear space (even with (6) replaced by a separation 
postulate) is a regular Hausdorff space; g + g’ and ag are each continuous in both 
variables. 

As our definition has all the properties in N, Definition 2b, except his (2) 
and (7), and a separation postulate holds, his proof holds without change.” 
We may now use UU, = closure of U and Ul’; = inner points of U, etc., as in N. 

Preparatory to proving Theorem 30, we note the following facts. 

(a) If a set of sets U satisfies the above properties, then so do the sets U., , 
the sets U’; , and the sets U — U (= allg — g’,gandg’ in U). 

(b) The sets Uy, (Ua)i, and U — U define the same topology (i.e., give the 
same definition of S; for any S) as the sets U’. 

These hold also if N, Definition 2b is used. To prove these facts, first 
note that N, Theorem 3, in particular, (a@S),, = aS,, holds for closures; the 
proof is essentially the same. (a) and (b) now follow easily, using especially: 
U,.zcU+U;V+V CU implies V CU,. ; 

(c) In a convex space as in N, we may suppose that the U’ are convex, and 
either closed or open, and that — U = U. 

For we may use either the U, or the (lU’,);. The Uz are convex, by N, 
Theorem 13. To prove this for (U..); = S;, take g and g’ in S;and0 <a< 1. 
Set g* = ag + (1 — a)g’, and choose V sothatg + V CS,g’+V CS. Then 


g*°+V Cag+V)+ (1 —a)g@ + V) CS8a = 8, 
and hence g* isin S;. Finally, replace each U by U — U = U"; then all former 
properties hold, and — l” = LU”. 

Lemma 6. Let G be a convex topological linear space as in N, satisfying our (c). 
Let gi, --- :9u,9', be independent; let g, , --- ,g, determine the subspace G, of G, 
and the whole set, the subspace G*. Let m be an integer S yw. Let U be a neighbor- 
hood such that 


“ 

(14.1) if > aig; isin U, then |a;| St (¢ = 1, ---, 2). 
i=1 

Then there is a projection of G* into G, such that the projection of U 1" G* satisfies 

the same inequalities. 

It will not restrict the generality if we suppose that ¢; are the smallest numbers 
such that (14.1) holds. As — U = U’, no inequality in (14.1) can be bettered 
now. 

First, suppose we have two elements 


(14.2) gi - Dag + eg’, go = Dd: + cg’, in U; 
then as l' = —U is convex, 
1 — ” = >} Bde. isin U 
3(91 — gz) = Lud(ai — Big: is in U, 


22 In Hausdorff, Mengenlehre, Berlin, 1927, there is an error on p. 229: (5) does not 
follow from (6), as shown by a space in which the only open sets are the null set and the 
whole space. In N, proof of Theorem 6, one should mention that a separation postulate 
holds, as a consequence of Definition 2b, (2). 





| alll 
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and hence 
(14.3) | ay — b; | < 2t; (2 = 1, eee, m). 


Now take any c 2 0 for which there is an element of the form (14.2) in U; 
let ¢:(c) and ¥.(c) (¢ = 1, --- , m) be the greatest lower bound and least upper 
bound respectively of all numbers d such that for some numbers a, --- , 
GQi-t, Gizr,°** , Qh, 


> ajg; + (+ ts + d)gi + cg’ isinU (— for ¢, + for y). 
i7* 


In other words, ¢;(c) and ¥;(c) show how much U sticks out beyond the rec- 
tangle of the ¢; , in the g; direction, at the height c, with respect to the direction 
of g’. By the choice of the t; , ¢,(0) = ¥,(0) = 

By (14.3), ¢:(c) = ¥(c). We now show that 





U 


(14.4) if O<e<c’, then %) < Hl) = vale) & vile’). 
c c c c 


Suppose, for instance, the first inequality is false. Then there are numbers 
a; (j ¥ 1), e, such that 


71 = ° a;gj + (—t; + d)gi + c’g’ is in U, 
7 


a{ue-4 e>0. 
c 


By the choice of the ¢; , there is an element 





g: = Db t+(—t+d@)ginU, a < 5. 
ix ec’ —ec 
As U is convex, 
Sat = 92 = 20595 + (-« : ‘Vo. + eo! 
isin U. But also 
= ¢i(c) < gi(c), 








contradicting the definition of ¢;(c). 
The inequalities show that we may define 


(14.5) g, = lim *, y) = m VA; 


c—70+ i 


then 


(14.6) oe >¢@2Vi2 we (c > 0;i =1,---,m). 
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, 


(14.7) g = + 2 digi; 


we shall show that if we project U along the direction of g’’ into G,, i.e., use 
o(>.agi +a"g")= Day: , then (14.1) will hold for the projection. As —U =U, 
it will be sufficient to consider the part of U’ withe > 0. If this is false, say for 7, 
then there is an element 


(14.8) > a9; + cg” in U, c> 0, a>t; or aj < —k. 
7=1 


Using (14.7), we have 


jm ub 


(14.9) dX (a; + 0¢))9; + Py ajg; + (ai + cbi)gi + eg’ in U. 


ifi =m+ 


Suppose first that a; < —t;. Then 


a; + co; < —t + 2 = 


—t; + ¢i(c), 


contradicting the definition of ¢;(c). Next, if a; > t;, then 
a; + cb; > ti + i Zt + VO), 


contradicting the definition of ¥,(c). This completes the proof. 

THEOREM 30. Any convex topological linear space as in N is a topological linear 
space as here defined, even if his (2) is replaced by a separation postulate. 

We may suppose his neighborhoods satisfy our (c). We must prove our (6). 
Let g:,---,@m form a base for G’, and choose t,, --- ,t, so that all points 

agi,\a,| S t;, liein U’. Let R be the closed region | a;| S ¢;, and let A 
be its boundary. For each g in A, we may choose a U(g) not containing it, 
and a V(g) so that V(g) — V(g) C U(g). As the operations in G are continuous, 

axgx is continuous in the a, , so the (V(g)); M G (S; = inner points of S) are 
open in the natural topology in G’; hence a finite number of the sets g + V(g) N 
G’ cover A. Let U be a neighborhood in the corresponding set V(gi) N --- 
M V(g,). Now U contains no element of A. For suppose g isin AM U. Say 
gisin gx + V(gx). Then asg isin U C V(gx), gx is in V(gx) — Vigx) C U(gx), 
a contradiction. As U is convex, U f G’ is in the complement of A in R. 

Let gsi, ++, Qs form, with gi, --- , gm, a base in G* (if G* ¥ G’), and let 
G; be the space generated by g, --- ,g: (@ = m+1,---,n). We shall prove, 
by induction on 7, that G; can be projected into G’ so that U N G; goes into R; 
as R CU’, the case i = n gives the theorem. There will be elements gmj4i, - 
gn such that g,, --- ,g; also determine G;, and the projection of G; into G’ 
is with respect to gmiiy +++) Git 


? (= a9) = > Ak Gk - 
k= 1 k=1 








ir 
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Suppose we have found the elements gmi:,---,@,- As the projection of G, 
into G’ carries U NM G, into R, (14.1) is satisfied. Hence we may apply Lemma 6 
with g’ = gis, G* = Gy. ; this gives a projection of G,,. into G, such that the 
projection of U NM G4: satisfies (14.1). Let g,4: give the direction of the projec- 
tion; then projecting G,,. into G’ with respect to gmii, «++, Gus carries UN 
Gy+1 into R, as required. 


15. Products, topological linear spaces. We prove 

THEOREM 31. If G and H are topological linear spaces, so is G o H, the topology 
being given by (10.12). (We may use either open or closed neighborhoods in G and 
in H; see §14.) The multiplication g-h is continuous. The topology in G o H 
depends only on the topologies in G and in H, not on the neighborhood systems 
employed. 

First, G o H is a linear space, by Theorem 27. We shall prove the postulates 
of §14. (1) is trivial. To prove (2), take any two neighborhoods N(U,, --- ; 
Vi,---) = N(U;; Vi), and N(U{; Vi). Choose Uf in U; N Uj and V7 in 
Ven Vi; then 

N(U{; Vi) CN(U; ; Vi) N N(UG; Vi). 
To prove (3), given N(U; ; V3), choose Uj so that aU; C U; if |a| 1 = 
1,2,---). Then 
aN(U{; Vi) = N(aUi; Vi) C N(U;; Vi). 
To prove (4), take any N(U; ; V;). Choose U; and V; so that 
U; CUsaf Ua, Vi © Var Va. 
Now take any ).g;-hiand >0g;-h; in N(U;; V2). As gi-hyisin Uy-Vi CU;- Vi, 
gi-hy is in Uy- Vy CUs- Ve, geo-he is in Us. V2 C Us: Vs, ete., we see that Dogi-hi + 
D9: -hi is in N(U; ; Vi). 
To prove (5), take any >> g;-h; and any N(U;; V,). Choose UT and V? 
i=1 
so that 
cu; cui, WCcYi, (jc| S$ 1;4 =1, ---,8), 
take a; and b; so that 
gisinaUZ, hiisindVi, 
and let a be the largest of the |a;| and |b;|. Then 
a;U? = a(a;/a) UZ C aU, etc. ; 
it follows that Dogi-h; is in 


aN(U;; Vi) = N(aU;;aV)). 
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We now prove (6). Let F’ be a subspace of F = Go H, generated by f, , - - - 
f.. Set (see Theorem 27) 


@ =G(fi)+---+ Gf), HH’ = W(fi)+--- +H(f). 


Let gi, --- , Gm and h,, --- ,h, be bases in G’ and H’; set fi; = gi-h;. Then 
the f;; form a base (see Theorem 26) in a space F” > F’. Take a fixed projec- 
tion of F” into F’. Given a natural neighborhood N’ in F’, we may choose a 
natural neighborhood N” in F” which projects into a subset of N’. As any 
projection of an F* into F” combines with the above projection to give a pro- 
jection of F* into F’, it is sufficient to prove (6) with F’, N’ replaced by F’’, N”’. 

Choose « > 0so that any Daifi; with each | a;;| S eisin N”’. Let A andB 
be the sets of elements Dag: and >-biA;inG’ and H’ with | a;| < $e, |b; | <1. 
Choose U, in G by (6) so that any U, NM G* can be projected into A, and choose 
V; in H so that any V; M H* can be projected into B. Choose U2, U3, --- so 
2U; C U.4, andset V2 = V3; = --- = Vi. SetN = N(U;; V,). 

Now take any F*>F”’. Choose a base fi, wee my in F*, and set G* = “acfd), 
H* = DH (ft). Choose projections of G* into G’ and H* into H’ so U,; N G* 
goes into A and V, M H* goes into B. If G, is the subset of G* projecting into 
0 in G’, and gmii, +: ,9, is a base in G,, then g,, --- ,g, is a base in G*; 
choose a base h,, --- ,h, in H* similarly. Now any element of F* can be 
written uniquely in the form 


? 


(m,n) 
$= DL . asfg + D0’ aijgi-hi, 
(4.3)=(,)) 
where in >>’, either i > mor j > n. (Not all such elements need be in F*.) 
Dropping out the second group of terms defines a projection of F* into F”’. 
We shall show by induction that any (U;-V,;) N F* projects into elements 
Dafa with | aw| < €/2'; it will follow that N = hy (U;-V;) projects into N”. 


Take first any a in (U,-V;) M F*; we may suppose a ~ 0. Then a = g-h, 
gin U,,hin V,. As q@is in F*, Gia) C G*. But also G(a) C Gig); hence 
G(a) C G* N Gq@). As a ¥ 0, G(a) contains elements ~ 0, which implies 
that g isin G*. Similarly his in H*. Say 

g = » aigi, h= 2, bjh;. 
i= id 
Then as g projects into A and h into B, g-h projects into 
(m,n) 


axb; fi, |azb;| < }e, 
(i, 7)=(1, 1) 


so that the statement holds for (U,-Vi) M F*. Supposing it holds for k — 1, 
we shall prove it fork. Take any g in U; and h in V;, such that g-h is in F*. 
Then 


2g isin 2U, C Ui, hisin Vin, 





J 


-_ 


~~ 
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so that 2(g-h) is in (U1: Ve) NM F*, and hence projects into Laudu with | a;;| S 
«/2**. Hence the required inequality on g-h holds. This completes the 
proof of (6). 

To show that g-h is continuous, as + is continuous in G o H (Theorem 29), 


and 
(15.1) @tg)h+h)—-gh=ghl+@h+q'-h’, 


it is sufficient to show that g-h’ is continuous in h’ at h’ = 0, g’-h is continuous 
in g’ at g’ = 0, and g’-h’ is continuous in g’ and h’ at g’ = 0,h’ = 0. For the 
first case, given N = N(U;; V;), choose a so that g is in al’, , and choose V 
so that aV C V, (N, Theorem 1, withn = 1). Then 


g-V Cal,-V = U,-aV CUl,-V, CN. 


The second case is similar. The third is clear, as U,-V,; CN. 

Finally, let {U}, {U0} and {V}, |V} be equivalent neighborhood systems in 
G and H, respectively. Given an N(U,; V;), choose 0; C U; and V; C V; 
(i = 1,2,--- ); then N(U,; ; V:) C N(U,; V3). Similarly find an N in any N. 
Hence the {N} and {N} are equivalent. The theorem is now completely 
proved. 


III. Topological groups 


16. The topological tensor product. An Abelian topological group G is an 
Abelian group which is at the same time a Hausdorff space,” and in which 
¢o(9,9') = 9g +g’ and ¥(g) = —g are continuous. If U, U’, --- are the neigh- 
borhoods of 0, we may let the sets g + U’,g + LU’, --- be the neighborhoods of 
the element g, without altering the topology. If we assume that the separation 
postulate in Hausdorff, page 229, (4), holds, then the postulate (5) follows. 

We shall say the space G is sequence-separable if it contains a finite or de- 
numerable set of points forming a dense set.” 

If G and H are sequence-separable topological groups, we define their topo- 
logical tensor product G o H, or tensor product simply, as follows. Let gi, ge, --- 
and h,, he, --- be sequences of points dense in G and H, respectively. Let 
P,, P:, --- be a sequence of pairs of elements, P; = (g,,, h,,), such that each 
pair (g;, hy) occurs infinitely often among the P;. Let 7’ be the discrete 
tensor product of G and H, with elements > 9: Xh;. For each sequence U,, 
Us - of neighborhoods (of 0) in G and each sequence V,, Ve, --- in H, set 


QU, V) =%, XV+tUXKKE,+U XV, 


(16.1) er: ae 2° Qi(U;, Vi). 


Next, call two elements a, 8 of T’ equivalent, a ~ 8, if every a + N contains 8 
or vice versa, or if there is a succession a = ap, a@,-+--,@, = B, with a; and 


23 See Hausdorff, loc. cit. Note that neighborhoods are open sets here. 
*4 For metric spaces, this is the same as separability. 
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a@i+1 equivalent as above. The sets of equivalent elements form the elements of 
the tensor product T = Go H. The neighborhoods N of 0 in G o H are the 
images of the sets N’ in T’; they are obtained by replacing X by - in (16.1). 
Addition in T is the image of addition in 7”. The element Dgi-hi in T is the 
image of da: X hyin 7”. 

THEOREM 32. G o H is a sequence-separable Abelian topological group; the 
multiplication g-h satisfies (1.1), and is continuous. The topology in G o H is 
independent of the sequences {9}, {hi}, and of the neighborhood systems {U}, 
{V}, employed. 

We begin by showing that 7” has all the properties of a topological group, 
except for the separation postulate. First we prove Hausdorff’s postulates 
(B), (C) (loc. cit., p. 228). Given N’(Ui, ---;Vi,---) = N’(Ui; Vi) and 
N'(U1; Vi), take U; CU; N U; and Vi CV; N V; (@ = 1, 2, ---); then 
clearly 
(16.2) N'(U1; Vi) CN'(U.; Vi) A N'(Ui; Vi). 

To prove (C), it is sufficient to show that, for any N’(U;; V:) and any a 
in N’(U;; V.), there is an N’(U;; V;) with 


(16.3) a + N’(Ui; Vi) CN’(U;; V2). 


As a is in N’(U:; V2), it is in > Q:(U; ; Vi) for some s. Choose numbers 
t=1 


¢(1) > 8, ¢(2) > ¢(1), ¢(3) > ¢(2), -++ so that P; - Pow ? and set Us - Use ’ 
V; = Vow. Then 


Qi(Ui, Vi) = Gu, X Vit UE XK, + UE X Vi 
= Dose) X Vow + User X Iigesy + User X Vow = GeoUs@, Vow); 

hence 3>* Qi(U;, Vi) C D2* Qi(U;,, Vi), and (16.3) follows. 

We how that the satel aariaialiian in T’ are continuous. Given N’(U, ; V,), 
take 

U;CU:N(-U), Vic-Vi; 

then 
—Qi(Ui, Vi) = Gus X (—Vi) + (-U) XB, + UE X (-V) CQMU:, Vd; 
hence 
(16.4) N'(Ui; Vi) © —N"(Ui; Vd), 
and —a is continuous in a. To show that a + 8B is continuous, we must find 
N’'(U,; Vi) corresponding to N’(U, ; V:) such that 
(16.5) N’(Ui; Vi) + N’(Ui; Vi) CN'(Ui; Vi). 
Choose in succession integers 


o(1), Wil) >¢1), (2) >I), ¥(2) > (2), 





i)» 


); 


); 
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so that P; = Pei = Pyw. Take 
Us CUM NU, Vi CVon N Vow. 
Then as gyug.;, = Gu; » ete., 
QUE, Vi) CMU seo , Vow) A Qos , Vow). 
Hence 
Qil---) + Q-++) CQwl---) + Mal--+), 
and (16.5) follows. 


We now consider equivalent elements in T’. First we prove 

(*) If a ~ 8B, then for every N’, a + N’ contains 8. 
For suppose there is a succession a = a, a, --- ,@ = 8, such that for each 
i, either every a; + N’ contains aj,;, or every aii, + N’ contains a;. The 
latter condition implies the former. For given an N’, choose Nj C —N’ by 
(16.4); then as a; is in ais, + Ni, ays is in a — NiCa;+N’. Next, given 
an N’, choose N; (using (16.5)) so that 


Ni+Ni+--- +N, CN’ (n summands). 
Setting A, = Ni + --- + Ni (k summands), we have 
e4 I Dat+ADe+ cad: Dacet 338 


as required. 

Next we prove that 7’ is a topological group. Let 6(a@) be the element of 
T containing the element a of T’. We must show that addition in 7 is uniquely 
defined; this is so if a ~ a’ and 8B ~ ps’ implya + B~ a’ + 8’. Givenany N’, 
choose N; so that N; + Ni; CN’. By the property (*), a + Ni > a’ and 
6B + Ni > B’; hence 


(a + B) +N’ D (a+ Mi) + (B+ Ni) Da’ + B, 
anda + B~a'’+ 6’. Further, 
O(a + B) = O(a) + 4(8), 


so that @ is a homomorphism of 7’ into T (which is clearly an Abelian group). 
To prove that T is a Hausdorff space, suppose N, = 6(N1) and N2 = 0(N2) are 
given; take N’ C N; NM No; then N = O(N’) CN, N Ne. Next, suppose 
a* isin N = 0(N’); then a* = 0(a), ain N’. Choose Nj so that a + Nj; CN’; 
then a* + 0(Ni) = 0(a + Ni) CN. To prove the separation postulate, 
suppose a* ~ 0. Say a* = O(a). As 0(0) = 0, ais not ~ 0, and there is an 
N’ not containing a. Set N = 6(N’); then a* is notin N. For if it were, then 
we would have a* = 06(8), 8 in N’ and B ~ a; but taking Nj by (16.3) so that 
6B + Ni CN’, the property (*) gives a C 6 + N; CN’, acontradiction. To 
prove that the operations in 7’ are continuous, given N = 6(N’), take Nj; C —N’; 
then N, = 0(Ni) C —N;also given N = 0(N’), choose Nj so that Ni + Nj CN’; 
then 6(Ni) + 0(Ni) CN. 
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Next, (1) holds, as it holds for X. We shall now show that g-h is continuous. 
First we show that it is continuous in h at h = 0; given N = N(U,; V,), we 
must find Vsothatg-V CN. As the g; are dense in G, we may choose j so that 
g — 9; isin U;. Choose VC V, fN V;; then 


g-VC(g-— 9u;)°V + Gu;-V CUi-Vi + Gu,-Vi CN. 


Similarly g-h is continuous in g at g = 0. Further, g-h is continuous in both 
variables at g = 0, A = 0; for U,-Vi C N(U,; V.). Finally, as addition is 
continuous in 7’, (15.1) shows that g-h is continuous. 

Next we show that T is sequence-separable; in fact, that the set of all finite 
sums 4. -h, is dense in T. As each element of 7 is a finite sum Dgi-hi and + 
is continuous, it is sufficient to show that for any g-h and any N = N(U,; V)) 
there isa g;-h;ing-h +N. As - is continuous, we may choose U and V so that 
(g + U)-(h + V) Cg-h + N; we need now merely take g; in g + U and h; in 
h+V. 

That the topology in T is independent of the neighborhood systems chosen 
is trivial; see the end of the proof of Theorem 31. We must still show that the 
topology is independent of the choice of the g; and h;. By symmetry, it is 
sufficient to show that if {g,} is replaced by the dense sequence {g;}, then any 
N(U,; V.) contains an N*(U;; V;), defined in terms of the g?. Let &;, 7; re- 
place u;, vi. Given N(U,; Vi) = No, choose N,, Ne, --- in succession so 
that Nii + Ninn CN;. As - and + are continuous, we can choose U; and 
V; so that 

Qi = G-Vi + Uiehy, + UWE CNG; 


then for any s, 


Se cw, + :.. 4 Bit 8. CM + «+ Bes HR Ms 


i=1 
CNi + --- + Neat Nee C--- CM +N, CN, 


and hence N*(U;; V;) © No, as required. This completes the proof of the 
theorem. 

TuroreM 33. Let gi, g2, --- and hi, hz, --- be (finite or infinite) sequences 
such that the sets Dag: and Daa? (integral a;) are dense in G and H, respectively. 
Then we may use these sequences in place of dense sequences in defining the topology 
inGo H. 

Let hy , he, --- be either the above sequence ee , or a dense sequence 
in H. Arrange all Dag? in a sequence j , gj, ---. Let N(U,; Vi) be defined 
in terms of the sets {g:}, {hi}, and N*(U,; V,), in terms of the sets {gi}, {hj}. 
It is sufficient to show that these two sets of neighborhoods give the same 
topology in 7. As the g! occur among the g,, it is clear that any N contains 
an N*; we must prove the converse. 

Let Pi = (Gu; , hy;,) and P? = (gf., h,,) define the sequences of pairs defining 
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the N and the N*. If g,, = > 4393, set m(i) = pw jai;|. Then g,,-V is con- 
2 


2 
tained in m(i) terms of the form g} -(+V), and Q,(U; , V;) is contained in m(i) + 2 
terms of forms appearing (except for the +) in N*(U,; V,). For each ¢ we 
may choose m(i) + 2 numbers ¢;(7), --- , @mc42(t) such that ¢(¢) # (J) 
whenever i # j, and the k-th part into which Q; is split corresponds to part of 
Cato . Then if the U; and V; are chosen small enough, we will have 


m(i) 


Q(Ui, Vi) C > Q.0(U ew, Vow), 
and hence N(U;; V;) Cc N*(U, ; V2), as required. 


17. Relation to linear spaces; examples. We shall show that whenever the 
definitions of tensor products in Parts II and III both apply, they coincide. 

Tueorem 34. If G and H are sequence-separable topological linear spaces, 
then their topological tensor product T is the same as their topological reduced tensor 
product T*. 

Let Do: xX A; and Dogi-hi denote elements of T* and 7, respectively. Set 
o(d9: X hi) = Dogi-hi ; we shall show that ¢ is a topological isomorphism. To 
show that ¢ is uniquely defined, we must show that ag-h = g-ah for any real a; 
but this follows from the continuity of g-h ee §10). ¢ is a homomorphism; 
we shall show that it is continuous. Use Ni; ; V,) in T and N*(U, ; V,) in T*. 
Given N(U;; V,), we wish to find N*(U;; V, ) mapping into it. From (10.12) 
and (16.1) it is apparent that we may use U; = U;, V; = Vj. 

Next we show that for any N* = N*(U,; V,), there is an N = N(Ui; Vi) C 
o(N*). Say gi, ge, --- and h,, he, --- are the dense sequences used in G and 
H, and P,, Pz, ---, Pi = (Gu; , 2»;), the pairs. By §14, (5), we may choose 
for each 7 a number a; such that g,, is in a,U3;-2, and a number 6; such that 
h,, is in bsVs;1. By von Neumann, loc. cit., Theorem 1 (with n = 1), there 
is a V; such that a;V; C V3;-2, and a U; such that b.U, C Usy+. Choose 


Us & Us N Us, V: Cc Vi N Vai. 
Now 


Os Vit Usela, + UE VE CaUaa > Vara tp Uva-bi Vara + Un Vo 


= @(Usi-2 X Vai-e + Usia X Vai + Usi X Vai); 
hence N C ¢(N*). 

Clearly ¢ maps 7* into the whole of 7. When we have shown that ¢ is (1-1), 
the proof will be completed. Let 7” be the discrete tensor product of G and H; 
use gohhere. Take any a* = Digi X hi ¥ O in T*; then a’ = doa: © hy is a cor- 
responding element of 7’. There is an N* = N*(U,; V,) which does not con- 
tain a*. Construct 1}, U2, --- and Vi, Wi, <s by the method given above, 
and set 

(= eGo Vit Ulich, + Uj eo Vi). 
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The map ¥().g; © hi) = Ds: x h; of T’ into 7T* is uniquely defined. By the 
choice of the U; and V;, ¥(N’) C N*; hence a’ is not in N’. Therefore, by the 
property (*) in §16, a’ is not ~ 0, so that the corresponding element Dogi-hi of 
T is ~ 0. Consequently a* ~ 0 implies ¢(a*) ¥ 0, and ¢ is (1-1). 

Examples. That the topology in (10.12) cannot be used in the general case 
is shown by the example Ip o Rl. A neighborhood U of 0 in Jy is 0 itself; hence 
U-V = 0-V = 0, and Jy o RI would be discrete; the multiplication a-g would 
not be continuous. However, the sets 1-V form a neighborhood system in 
I,o Rl. In fact, if G has a finite number of generators 9, , --- , Gn , then the sets 


(17.1) aoe ee A (Vi, «++, Vn neighborhoods in H) 


form a neighborhood systeminGoH. This is an easy consequence of Theorem 33 
(compare Theorem 26). 


Harvarp UNIVERSITY. 








THEOREMS ON RIESZ MEANS 
‘By H. L. GARABEDIAN AND W. C. RANDELS 
1. Introduction. We are concerned in this paper with means of the type 
(1.1) a, « BOTT --- TAO 
P, 
where 
Py, = pot Pit <--> + Pn; 

{s,} is a given sequence, and > Pn is a divergent series of positive terms. Since 
means of the type (1.1) were used in the early development of the Riesz typical 
means, they are called Riesz means and are designated by (R, p,).’ It is of 


particular interest to notice that all of the Riesz means of the type under con- 
sideration constitute regular definitions of summation. 


2. Relative inclusion. Let us first consider a theorem relating to the relative 
inclusiveness of these methods. 

THEOREM 1. A necessary and sufficient condition that (R, qn) C (R, px) is” 
that 

1 Py Poa PnQn 

@) P, ~ Q> Qt ndlid mP, ~ ™ 
where N is independent of n. 

This is an improvement on a theorem due to Cesaro® and Hardy.* Cesaro 
proved that (R, q,) C (R, p,) provided that 


(2.2) Fi 
dn Qn+i 


while Hardy proved that the same result obtains when 


(a) Pe < Pen 


(2.3) % Gott’ 
(b) ral = O(1). 


Received March 10, 1938. 

1G. H. Hardy, Proc. London Math. Soc., (2), vol. 8(1910), pp. 301-320. 

2 We understand A C B to mean that every sequence summable by a method A is also 
summable by a method B to the same limit, or that the method B includes the method A. 
Further, we interpret A = B to mean that the two methods are equivalent, that is, each 
method includes the other. 

3 Cesaro, Bulletin des Sciences Mathématiques, (2), vol. 13(1889), pp. 51-54. 

‘ Hardy, Quarterly Journal, vol. 38(1907), pp. 269-288. 
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We observe that (2.3a) implies 


Qn Mn+ 

Po Pov 
and hence, by (2.2), that (R, pn) C (R, qn). Accordingly, (2.3) is a sufficient 
condition for the equivalence of two methods of summation of the type being 
considered. Some examples of the inclusion relations implied by this argument 
and Theorem 1 are’ 





(2.4) (R, 1/(n log n loge n)) > (R, 1/(n log n)) D (R, 1/n) D (R, 1) 
= (C, 1) = (R, n*) = (R, nlog n) D(R,k") (a > —1), (k > 1). 


The case (R, n~'), where one writes P,, = log n, is called logarithmic summability, 
and has been the source of a number of investigations relating to the summability 
and convergence of slowly oscillating series.* 

We start the proof of Theorem 1 by setting 


oe Go8o + Ms + +++ + 9n8n 


(2.5) 0. 


From (2.5) we have 


-_ pQ, xed PaiQs 


8, 
qv 
Then 
lc le Py 
on = P, > Psy = P, > q (p,Q, = p»1Q,-1), 
or 
I > P. em] Pn Qn Pn 

Shes a f mA ra ee « 

(2.6) o P,, > |? Goxt p 2 + anP. 


Now, lim p, = s implies that lim ¢, = s if and only if the transformation from 
the sequence {p,} to the sequence {¢,} defined by (2.6) is regular. Applying 
the Silverman-Toeplitz conditions to this transformation, we find that it is regu- 
lar if and only if 


1 — Pv Poi PnrQn r 
CP. 68. + <N, 
FP. > qv Qv+1 Q Qn re 


where N is independent of n. The remaining conditions for regularity may 
be checked without difficulty. 


3. Range of effectiveness. The theorems which follow throw further light on 
the properties of the methods of Riesz means. 


5’ Hardy, London Mathematical Society, (2), vol. 15(1916-17), pp. 72-80. 
6 See, for example, Hardy, loc. cit., footnote 1. 
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THEoreEM 2. If the sequence {s,} is summable (R, p,) to the value s, then’ 
8, = O(P,/pn) + 8. 


As a result of this theorem we notice that if P,/p, = O(1), then summability 
(R, p,) is equivalent to convergence. For example, summability (R, k"), for 
k > 1, is equivalent to convergence.” 

We notice also that if a sequence {s,} is summable by methods for which 
Pn = 1/(n log n), 1/n, 1/log n, then we have respectively s, = o(n log n logs n), 
o(n log n), o(n). Moreover, it is known that for the Cesaro methods, (C, a), 
s, = o(n*), and that these estimates are the best possible. Therefore, none 
of the methods considered can include summability (C, a) fora > 1. On the 
other hand, it follows from an example given by Hardy’ that summability 
(C, a), for « arbitrarily large, cannot include summability (R, n~'). 

THEOREM 3. A necessary and sufficient condition that a series z. u,, with 
partial sums s, , which is summable (R, p,) to the value s, should converge to s 
is that 


(3.1) > P,.u, = o(P,). 
v=] 
If s, — s, theno, —s,—~O0asn— «x. Thus, 
on = Sn = py + Pam = nie + pete aca Sn = o(1), 
Ps 
or 
(3.2) Zz. Pralsn — 8-1) = O(P,). 


v= 
Reordering the terms in (3.2) we have 
Dd P,u, = o(P,). 
v=] 


Since the steps in this proof are reversible, the sufficiency part of the proof 
is also established. 


4. Certain limitations. In connection with Theorem 3 we observe that, if 
summability (R, p,) implies that 


(4.1) DL pu, = o(P,), 
v= 

the addition of (3.1) and (4.1) gives the relation 

(4.2) > P,u, = o(P,), 
v=] 


7 Hardy and Riesz, The General Theory of Dirichlet’s Series, Cambridge Tracts in 
Mathematics and Mathematical Physics, No. 18, Theorem 21. 

8 Loc. cit., footnote 7, p. 35. 

® Loc. cit., footnote 1. 
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which might be used in Theorem 3. This question is answered in a corollary 
to the following theorem. 

THEOREM 4. A necessary and sufficient condition that a single term may be 
removed from the beginning of an (R, p,) summable series and that the series will 
remain (R, pn) summable is that 


1 . | Dt Pr | Pn Pays 
4.3 — _ P, + ——— <N, 
(4.3) Fa > | Py Pr+t + PntiPn 








where N is independent of n. The series will be related as if convergent. 
We are concerned with the series 


(4.4) te + th + te + ---, 
(4.5) Uy + Ue + Ug + -:- : 
which have respectively the partial sums 


Sx = UW + Utes +, 
8. = Ui + U2 + ee + Uni. 
Let the Riesz means for the series (4.4) and (4.5) be respectively ¢, and o, . 
We have 


’ l< ’ l< 
on = p LPs = = Be Bless ~ Me 


n v=0 P, v=0 


Using the technique employed in proving Theorem 1, we have 


Uo + ws = I = Pr Pridrst — ni nad 








Pa vt Pri 
or 
, 1 — Pa Pe | Pn PasiOnga PoPooo 
4.6 Uu o = —  — Ps v + eee oe . 
( ) ? + " Pe > | Py Pv+t ” PaviPn Pap 


Now, lim ¢, = s implies that lim o/, = s — w if and only if the transformation 
from: the sequence {¢,} to the sequence {o,} defined by (4.6) is regular. Ap- 
plying the Silverman-Toeplitz conditions to this transformation, we find that 
it is regular if and only if 


ly Pea = P| py Pn Pra < N, 

P, =i | De Prt PriiPn 
where N is independent of n. The remaining conditions for regularity may 
be easily checked. 

We notice that the condition of Theorem 4 is satisfied if p,»/payi steadily 
decreases or steadily increases. Thus, all of the special methods thus far con- 
sidered have the property embodied in the statement of Theorem 4. 

We turn now to a consideration of a corollary to Theorem 4. 





n 
~ 
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Corotuary 1. If a series is (R, pn) summable, a necessary and sufficient 
condition that 


p> Pre = o(P,) 


is that condition (4.3) of Theorem 4 obtains. 


We have 
e. = 1 } 3! aS 1 5 8 , — 
¥  * v=0 Py : Pe v=0 ad ‘ale * 
—_ i 5 8 oa - } Uu —1 
P, . Py ” P, or Py r+ Mo y 
or 


, l< 
on = On — Uo + P. g Pottoyi- 


nv 


The proof of the corollary follows immediately from this statement. 
In connection with the conjecture raised after the proof of Theorem 3 let us 
prove that the condition 


(4.7) > Pr Ursa = O(Px) 
implies that 
(4.8) > PU, = o(P,). 


If we require that lim payi/p, = 1, it certainly follows from (4.7) that u, = 
o(P,/p,) and that the difference 


1 n 1 n 1 n—l n Un 
(4.9) P, > Py Ur — P, »» Dry = P, > (p, ate Pry) Urya + = o(1). 


Moreover, (4.7) and (4.9) imply (4.8). 

We conclude that if lim ppy:1/p, = 1, a property fulfilled by all of the special 
methods of summation listed in (2.4), then condition (3.1) of Theorem 3 may 
be replaced by the condition 


FS Pe = AP. 


v=1 


NORTHWESTERN UNIVERSITY. 








SIMPLE LIE ALGEBRAS OVER A FIELD OF CHARACTERISTIC ZERO 
By N. JACOBSON 


The present paper gives a resumé and extension of the theory of simple Lie 
algebras over an arbitrary field ® of characteristic 0 developed in recent papers 
by Landherr and by the author.’ The extension consists in part in dropping 
the restriction of normality. Isomorphisms and automorphisms of simple 
but not necessarily normal simple Lie algebras are considered. We have also 
discussed the problem of cogredience of matrices arising in this connection and 
in the last sections have considered in detail the theory for a real closed field 
and sketched the theory also for p-adic fields. In the latter discussion we have 
confined ourselves to referring to results in the literature that are applicable 
here and have merely supplemented these with the theory of Hermitian and 
skew-Hermitian matrices having elements in a quaternion algebra. 


1. Preliminaries. If % is an associative algebra over a field ®, it is readily 
seen that the elements of % constitute a Lie algebra Y%, relative to the com- 
position [a, b] = ab — ba. Evidently if AY > B, A, > B_, and if a — bis an anti- 
isomorphism between % and B, then a — —6 is an isomorphism between Y%; 
and %,. In particular if S is an automorphism (anti-automorphism) in Y%, then 
S (—S: a — —a’) is an automorphism in %,. It is clear that the elements 
left invariant by an automorphism in a Lie algebra form a subalgebra. Hence 
if S is an anti-automorphism in Y, the set Ss of S-skew elements b (6° = —b) 
form a Lie subalgebra of %, . 

The anti-automorphisms S and T of % over © are cogredient if there exists an 
automorphism G of %& over ®, such that 7 = G'SG. In this case G maps Ss 
on Sr and hence G is an isomorphism between these Lie algebras. If S = T, 
i.e., SG = GS, then G induces an automorphism in Ss. If G@ is inner, say 
a° = g ‘ag, the condition GS = SG is equivalent to gg* € the centrum of Y. 

If % is any (Lie) subalgebra of %, , we define the enveloping ring R of Y in A 
to be the smallest subring of % containing all the elements of ¥%. is clearly 
the totality of elements of the form > is li, --- i, wherel; eX. Since la ¢ & for 
any lin % and any q@in ®, it is evident that ® is an algebra over ®. 

If fis an arbitrary Lie algebra over ®, it is well known that the correspondence 
between the element a in ¥ and the linear transformation A defined by zA = 
[x, a] for x variable in ¥ is a representation, called the adjoint representation, of ¥: 


Received March 11, 1988; presented to the American Mathematical Society, April 15, 
1938. 

1 Landherr [1], Jacobson [1] and [2]. Numbers in brackets refer to the bibliography 
at the end of the paper. 
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ifa— A,b—B, thena + b— A + B, aa — Aa and [a, 6] — [A, B] = AB — 
BA. Let ® be the enveloping ring of the linear transformation A in the ring 
of all linear transformations. If % is simple, it can be shown that the centrum 
of R is an algebraic field = containing and R ~ =,, the m-rowed matrix ring® 
with elements in =.’ & is called the extended centrum of &. & may be regarded 
as an algebra over = and when this is done, it becomes normal simple, i.e., the 
extension (% over ~)g is simple for 2 the algebraic closure of =. Moreover, = 
is the only field of operators > # relative to which ¢ is closed and normal simple. 

If G is an isomorphism between the simple Lie algebras %; and % over ®, 
it induces an isomorphism between their extended centrums 2, and X,. Hence 
if we identify 2, and 22 as = by means of some fixed isomorphism (not necessarily 
G), % and & may be regarded as normal simple algebras over =. Then G in- 
duces an automorphism in = such that (a¢)° = afé® for a, in & and ¢ in &. 
If Q is any over-field of 2, (%; over Z)o > (%2 over Z)g. By identifying & and 
%, as X we note that an automorphism G of % over ® defines an automorphism 
in = such that (at)° = a%°. Hence if G is the group of automorphisms of & 
over 2, Gp» the group of automorphisms of % over Y and ¥ the Galois group of 
> over &, then Gp is invariant in @ and G/G@o > X a subgroup of %. 


2. Simple Lie algebras over an algebraically closed field. From now on we 
suppose that # has characteristic 0 and in this section that ® is also algebraically 
closed. 

It is well known that the associative algebra , of n-rowed matrices (n > 1) 
with elements in # is simple and the derived algebra‘ ®,; of &,; is a simple Lie 
algebra of order n*® — 1 over ®. ;,, may be defined also as the totality of ma- 
trices of trace 0 in ®,;. 1 ¢ &,;, where e’ means “is not an element of’, and 
hence if A,,---,4m, m = n*® — 1, is a basis for ®,;, Ao, ---, Am Where 
Ao = 1 is a basis for ®,; (or ®,). The enveloping ring of $,,in d,is ®,. The 
algebras ®.,, for n = 2, 3, --- constitute Cartan’s class A. It has been shown 
by A. Weinstein’ that if G is an automorphism of @,; over &, then there is a 
non-singular matrix G such that either A° = G "AG or A° = —G"A’G for 
all A in &,; and A’ the transpose of the matrix A. ‘ 

If n is odd it can be shown* that any involutorial anti-automorphism (i.a.a.) 
in ®, over ® is cogredient to the ia.a. A —> A’. The skew elements relative 
to this i.a.a. are the ordinary skew symmetric matrices, and if n = 3, 5, 7, --- 
these form a simple Lie algebra S of order 4n(n — 1) (Cartan’s class B). The 


2 In general, if Y% is a ring (algebra), we denote the r-rowed matrix ring (algebra) with 
elements in & by Y, . 

3 See Jacobson [3] for the results of this paragraph and the next. 

4 The derived algebra Y’ = [Y, 2] of a Lie algebra & is the totality of sums of commutators 
(x, y],z, yin&. The algebras #,, belong to one of Cartan’s classes of simple algebras (cf. 
Cartan [1], Chapter 5). 

5 Weinstein [1]. 

6 The results quoted in this paragraph and the next may be found in Jacobson [1]. 
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enveloping ring of © in ®, is ®,. If G is an automorphism of S over ® and 
n > 5, there exists a matrix G such that GG’ = y ¥ 0in @ and A% = G"AG 
for all A in S. 

If n is even (= 2v), any i.a.a. in ®, is cogredient either to A — A’ or to A > 
Q'A’Q, where 


(1) Q = et mi 


In the first case the skew elements are ordinary skew matrices and for n = 
6, 8, --- these form asimple Lie algebra of order 3n(n — 1) (Cartan’s class D). 
The automorphisms of © if n # 8 have the same form as for the algebras of 
class B. In the second case for n = 2, 4, --- we obtain a simple Lie algebra S 
of order 3n(n + 1) consisting of the matrices A such that Q"A’Q = —A (Cartan’s 
class C). The automorphisms of S over @ have the form A*° = GAG, where 
G is a matrix such that Q'G’QG = y ¥ 0 or G'QG = Qy. In either of the two 
cases the enveloping ring of © is ®, . 

Suppose now that n > 5 for class B, > 2 for class C and > 6 for class D. 
By a fundamental result of Cartan’s’ the algebras enumerated in this section 
and subject to these restrictions are not isomorphic and any simple Lie algebra 
over the algebraically closed field @ is isomorphic to one of these algebras or to 
one of five other Lie algebras. The orders of these exceptional Lie algebras are 
14, 52, 78, 133 and 248. 


3. Construction of simple Lie algebras. Let % denote a simple associative 
algebra over #, an arbitrary field of characteristic 0, and n the degree of & over 
its centrum. 

TuEoreM 1. If % has centrum = and n > 1, then the derived algebra %; is 
simple with = as its extended centrum.* 

%; consists of sums of elements of the form [a, b]. For in 3, [a, bJé = [aé, b] = 
[a, bé] and hence 9%; as well as 9% may be regarded as an algebra over >. Y is 
normal over =, (Y% over Z)o = Q, if Q is the algebraic closure of ©. Hence 
(%: over D)o Y OQ, and (A; over Z)o ~ 2, a simple Lie algebra. Thus Y%; is 
normal simple over = and the theorem follows from the remarks of §1. 

The isomorphism (2% over 2)o = ©, defines a representation of Y&{ by matrices 
in Q,. In this representation the matrices of %; have trace 0 and there are 
m = n° — 1 of them linearly independent over @ since (2; over >)o = QO... 
Hence the order of %; over ® is km if the order of = over @isk. Since A; is not 
a subring of %, the order of the enveloping ring ® of %; in A exceeds m (over 2) 
and so ®% = %.° The characteristic polynomials of the matrices of %; all belong 
to the ring >[A].”° 

7 Cartan [1], Chapter 5. We have substituted the algebra of class C with n = 4 for the 
isomorphic algebra of class B with n = 5. 

8 Landherr [1]. 

* If A; is a subring of A, then the matrices of trace 0 form a subring of @, and this is 


clearly impossible. . 
10 Deuring [1], pp. 50-52. 
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THEOREM 2. Suppose % has centrum = of order k over ® and the i.a.a. S of 
first kind. If n is odd, the order of Ss over & is }kn(n — 1) and Ss is simple if 
n> 1. Ifn is even, this order is }kn(n — 1) or }kn(n + 1). Inthe former case 
Ss is simple if n > 4 and in the latter, ifn > 1. The extended centrum of Ss is >. 

By definition ¢* = & for every in =. Hence if b e Ss, bE € Ss also and Ss 
may be regarded as an algebra over Y. S is an i.a.a. in A over Y and has a 
unique extension to (Y% over 2)o > 2,. The set of S-skew elements of (2 over 
Y)o is (Ss over )g. On the other hand, if n is odd, this set may be represented 
by the isomorphism (% over =)e =~ ©, as the set of skew symmetric matrices, 
and if n is even, this set is representable as the set of skew symmetric matrices 
or as the set of matrices A such that Q-'A’Q = —A, Qasin (1). Thus if n is 
restricted as in the hypothesis, (Ss over Z)g is in one of Cartan’s classes B, C or 
D. Hence Ss is simple with = as its extended centrum. 

By the above proof we obtain a representation of %& by matrices in Q, such 


that the matrices of Ss form a basis for the matrices A such that A’ = —A or 
the matrices A such that Q-'A’Q = —A. In either case, since the enveloping 


ring of (Ss over 2)g is Q, , the enveloping ring of Ss in Y is W itself. 

TueoreM 3. If % has centrum (q) ¥ 2, q° = win d,n > land S isan i.a.a. 
of second kind such that = is the set of S-symmetric elements of 2(q), then Ss is 
simple with > as its extended centrum. 

The above argument shows that Ss and Ss may be regarded as algebras over 
>. Ifa, --- ,@mis a basis for Ss over &, it is easily seen that a; is a basis for 
% over X(q). Hence m = n* — 1. If Q is the algebraic closure of = and con- 
tains 2(q), (Ss over Zo > Dur, (Ss over D)g = Q).,. Thus S; is simple and has 
> as its extended centrum. 

The order of Ss over E is m (km over ®). Since the enveloping ring R of S; 
in % is an algebra over 2, as the author has shown," R = YW ifn > 2. Since 
(YM over 2(q))o > 2, , A has a representation by matrices in Q, such that the 
matrices of S; form a basis over @ of all the matrices of trace 0 in Q,. The 
automorphism G induced by S in 2(q) can be extended to an automorphism Gi in 
Q and G may be extended to an automorphism G in @, by the definition Aé 
(a; )* = (af;).” It is readily seen that the correspondence Daw; > Saw? is 
an anti-automorphism S in (% over 2(q))o, ie., in Q, extending S and the 
correspondence A — “ar )’ is an automorphism in ©, leaving the elements gf 
Qinvariant. It follows that there is a matrix S in ©, such that Ab=S7 (A’) os 

= S'(A*%)’S.” The characteristic polynomials of the matrices of % all belong 
to =(q)[A]. Now suppose A is a matrix of Ss and its characteristic_polynomial 
XN” — ar” + .-- + (—1)"an is in ZA]. Since A = —S"(A’)*S, anu = 
—aei; = 0. If this holds for all A in Ss, it will hold for all matrices of trace 0 
in 2, , and this is impossible if n > 2. 


1! Jacobson [2], p. 182. 

12 See, for example, the Anhang by Baer and Hasse to Steinitz, Theorie der algebraischen 
Korpern. 

13 Deuring [1]. 
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4. Simple Lie algebras of types A, B, C, and D. If & is a simple Lie algebra, 
> its extended centrum and (% over =)¢ is an algebra in Cartan’s class A, B, C or 
D, then we say that ¥ has respectively type A, B, C or D. The order of & over 
Dis n* — 1, n(n — 1), or 3n(n + 1), and we suppose from now on that for type 
A, n > 1; for type B, n > 5; for type C, n > 2; and for type D,n > 6. The 
algebras obtained by Theorems 1 and 3 have type A, those of Theorem 2 have 
type B, C or D. If n is restricted as indicated, none of these algebras of dif- 
ferent type are isomorphic since the extensions ( over =)g are not isomorphic. 
If an algebra of type A has a representation in Q, such that the representing 
matrices have characteristic polynomials all in =[A], then % has type A, , other- 
wise it has type Ay;. Thus the Lie algebras of Theorem 1 have type A, and it 
can be shown” that those of Theorem 3 have type Ay if n > 2. Hence an 
algebra of Theorem 1 is isomorphic to no algebra of Theorem 3 if n > 2. 

We suppose in the sequel that if & has type D, n > 8 (in addition to the con- 
ditions on n noted above for the other types). With this restriction we have 

TuHeoreM 4. If % is a simple Lie algebra of type A, B, C or D, and & is its 
extended centrum, < is isomorphic to one of the Lie algebras of Theorem 1, 2 or 3. 

For the algebras of type A; this has been proved by Landherr [1] and for 
types Ay , B, C and D by the author [1] and [2]. The condition (2 over 2)o = 
to an algebra in Cartan’s class A, B, C or D defines a representation of ¥ by 
matrices in 2,. The algebra 2% may be taken as the enveloping ring of the 
matrices in this representation. If % has type Ay , B, C or D, the i.a.a. S may 
be defined as the correspondence > Aj, --- Ai, > D> (—1)’Ai, «++ Au; 
where the A’s are matrices of &. 


5. Isomorphisms and automorphisms. The following theorems give condi- 
tions for the isomorphism of Lie algebras obtained by a construction of Theorems 
1, 2 or 3 (n restricted as in the Jast section). 

TuHeoreM 5. If % and B are as in Theorem 1 and G is an isomorphism between 
%; and B; over , then G may be realized as either an isomorphism or the negative 
of an anti-isomorphism between % and B over &."° 

By Theorem 1, % and 8 have isomorphic centrums and may be regarded as 
normal simple associative algebras over the same field © D %. If Q is the 
algebraic closure of =, we have seen that % has a representation in Q, such that 


the matrices of %; are Zz. Aé;, m = n? — 1, € € 2 and the matrices of @',, are 
1 
> Aw, €2. Similarly G is representable in , such that the matrices of 
1 


B; are >_B,é;, B; linearly independent over 2, and we may suppose that B; = 


1 
Af. The automorphism G induced in = by the isomorphism G may be extended 
to an automorphism G in @ and G may be extended to an automorphism G of 


14 Jacobson [2], p. 183. 
18 Cf. Landherr [1]. 
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2, by the definition A® = (a;;)° = (a¥,). Suppose [A; , A,] = Do Acres, ye >. 
Then [B;, Bj] = DoBuyis; and [A%, A%] = Aes, . Clearly Af € 2), and are 
linearly independent over 2. Hence the correspondence Ale; > Bw; is an 
automorphism of 2/,, over 2. It follows by Weinstein’s theorem that there is a 
matrix G such that either B; = GAG or B; = —G"(A%)'G = —G@"(A;)*G. 
In the former case the correspondence A — G'A°G is an automorphism in Q, 
which reduces to the isomorphism G for the matrices of %; and in the latter 
A— G"(A’)°G = A" is an anti-automorphism in &, whose negative is G for the 
matrices of %;. Since the enveloping ring of %; is A, the matrices of A have the 
form 20Aj, --- A igi, «++ €i,, € € Z, and hence G or U maps the matrices of A 
on those of 8 and leaves the elements of © unaltered. 

Corotiary. If G is an automorphism of X; over ®, it may be realized either 
as a unique automorphism or the negative of a unique anti-automorphism of % 
over ®. 

We identify 2% and Bin Theorem 5. The uniqueness of the automorphism 
or anti-automorphism is an immediate consequence of the fact that the en- 
veloping ring of %; is A. 

If S and T are two anti-automorphisms of % over #, then ST is an auto- 
morphism of % over ®. Hence if @ is the group of automorphisms of %; over 
© and @p the subgroup of the automorphism induced by the automorphisms of 
W over &, then Go is an invariant subgroup of index 1 or 2 in G. 

If n = 2,@% 9 = G. For in this case Y% is ~ either to =; or to D the generalized 
quaternion algebra whose basis is 1, 7, 7, k, where 

i” =a, 7 = B, kK’ = —af; 
(2) " " 
j= —ji =k, jk = —kj = —“, ki = —tk = —ja. 

As we noted above 2: consists of the matrices of trace 0, and it is easily seen that 
its elements may also be characterized as the So-skew elements of L2 , where So 
is the anti-automorphism A — Q-'A’Q, Q as in (1). In D the correspondence 
@ = ay + tay + jar + kas > @ = ay — ia, — jaz — kas = a*® is an anti-auto- 
morphism whose skew elements are ia; + jaz + kag, i.e., the elements of D; . 
Thus in either case a** = —a for the elements of %;. Hence the automorphism 
determined by — Sp and by the identity automorphism are identical for the 
elements of %; and @ = @. 

Suppose conversely that G@ = @. Then either there exists no anti-auto- 
morphisms of %& over ® or there is an anti-automorphism Sp such that a*®® = 
—a forallain %. For any & in &, (ag)®* = a%*¢** = —ag** = —at. Hence 
e°° = t and Ss, the set of Sp-skew elements is a vector space over 2. If Ss, > 
%; we must have Ss, = A which is impossible since 1 & Ss,. Thus Ss, = %; 
and if a € %} so does a’,a’,---. It follows that tr (a*) = Oin the representation 
of Yin Q, , ie., tr (ZA.é,)* = Ofor all=in >. Hence tr (SoA w:) = Oforallwin®. 
This is impossible if n > 2, for then there exist matrices B in @/,, such that 
tr B’ ~ 0. We have therefore shown that if n > 2 and % over # has anti-auto- 
morphisms, then @ # Go. 
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Let § denote the subgroup of @, consisting of the automorphisms induced by 
inner subematyonamne of &. It is readily seen that § is invariant in G@ and is 
isomorphic to U/=*, where U is the group of units (non-singular elements) in 
W% and >* is the group of multiple 1£, where  # 0 in the centrum. 

TuHEeorEM 6. If % and B are as in Theorem 2, S and T the corresponding 1.a.a.’s 
of first kind and G is an isomorphism between Ss and Sr over &, then G may be 
realized as an isomorphism between A and B over ®. 

By Theorem 2, % and 8 may be regarded as normal simple over the same 
field = and by §4, Ss and S, have the same type. We have seen that % has a 


representation in 2, such that the matrices of Ss are x Ati, m = 3n(n — 1) or 


n(n + 1) and accordingly the A; form a basis for ties all skew-symmetric 
matrices (types B, D) or the matrices A such that Q°'A’Q = —A, Q as in (1) 
(type C). The same result holds for 8 and S,; and we may suppose that B; = 
Af. As in the proof of Theorem 5 we obtain automorphisms G and G such that 
Aé = (a? ;) and these reduce to G for the elements of =. Since Af are skew- 
symmetric or satisfy Q'(A?)’Q = -A? if the A; do, the eoevempendenee 48 i Ws 
— }°B,w; is an automorphism in a Lie algebra of class B, C or D. Hence by the 


result quoted in * there is a matrix G such that B; = G'A?G and the cor- 
rege A > G"'AG is an automorphism 1 in 2, reducing to G for the ma- 
trices of Ss. mond the enveloping ring of Ss is A, A GAG is an iso- 


morphism inane the matrices of Y and % over ®. 

Corouuary 1. Jf YX is as in Theorem 2 and S and T are i.a.a.’s such that Ss 
and Sr are isomorphic over &, then S and T are cogredient. 

If we identify % and 8 in Theorem 6 we obtain an automorphism G in Y 
over & mapping Gs into S;. Thus 7 and G 'SG have the same effect on the 
elements of Sr. Since the enveloping ring of GS, is A, T and G ‘SG have the 
same effect in A, i.e., T = G'SG. 

Coro.uary 2. Any automorphism G of Ss over & may be realized by a unique 
automorphism of A over & commutative with S. 

By Theorem 6 we have an automorphism G of % over ® which reduces to G 
for the elements of Ss. Ifae@Gs,a° = —a and hence G and S commute for 
the elements of Ss. Since the enveloping ring of Ss is A, GS = SG for all 
elements of %. The uniqueness of the extension G follows for the same reason. 

This corollary shows that the group © of automorphisms of Ss over @ is iso- 
morphic to the group of the automorphisms of Y&{ over @ commutative with S. 
Let § denote the set of automorphisms of @s determined by inner automor- 
phisms of &%. Then § is invariant in G and = Us/2*, where Us is the totality 
of S-orthogonal elements g, i.e., gg” = ly ¥ Oin ¥ and S* is the set 1é, § ¥ 0 in 2. 

TueoreM 7. If % and B are as in Theorem 3 with n > 2, S and T the cor- 
responding i.a.a.’s of second kind and G is an isomorphism between Ss and Sr 
over &, then @ may be realized as an isomorphism between A and B over ®. 

By Theorem 3 the subfields of symmetric elements of the centrums of % and B 
are isomorphic, » 2, and & and B may be regarded as simple algebras over 2 
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having the centrums P, = 5(q:), gi = uw: € = and P, = 2(q2), 73 = me € D, respec- 
tively. We may embed P, and Pz in the same algebraic closure 2. Then & is 


representable by matrices in &, such that the matrices of Si are > A,i;,m = 
1 


n? — 1, € Zand the matrices of Q',, are >> Aw;. Similarly, we represent B by 
matrices in @, such that the matrices of S; are }> Bit;, where B; = Af. By the 
proof of Theorem 5 we obtain either an isomorphism G mapping % over # into 
B over # and reducing to G for the elements of S; , or we obtain an anti-iso- 
morphism U such that a” = —a® for the elements of S;. But in this case 
UT = Gis an isomorphism G of A over @ into 8 over & reducing to G for the 
elements of S;. It follows, of course, that P, and P: are isomorphic. 

Corotiary 1. If & is as in Theorem 3 and S and T are i.a.a.’s such that Ss 
and S; are isomorphic over ©, then S and T are cogredient. 

Coroutary 2. Any automorphism G of Ss over & may be realized by a unique 
automorphism of U over & commutative with S. 

The proofs are identical with those of Corollaries 1 and 2 to Theorem 6. 

By the second of the present corollaries the group of automorphisms G of Ss; 
over ® is isomorphic to the subgroup of the automorphisms of Y% over ® com- 
mutative with S. The elements of G determined by inner automorphisms for 
an invariant subgroup § ~ Us/P*, where Us is the totality of S-orthogonal 
elements and P* is the set 1¢,  # Oin P = Z(q). 


6. Cogredience of i.a.a.’s and cogredience of matrices. The above discussion 
reduces the problems of simple Lie algebras (with the exception of those having 
orders 14, 28, 52, 78, 133 and 248 over the extended centrum) to problems in 
simple associative algebras. In this section we shall see how the latter may be 
formulated as specific questions about matrices with elements in a division 
algebra. 

It is well known that any simple associative algebra & is isomorphic to a D, , 
an r-rowed matrix algebra with elements in a division algebra D. ®D is deter- 
mined in the sense of isomorphism by Y%. We recall also that any automorphism 
leaving the elements of the centrum P invariant is inner.” 

Suppose D, is involutorial anti-automorphic and S is an i.a.a. in D, over ®. 
As has been shown by Albert” there exists an i.a.a. a — a” in D whose exten- 
sion defined by AY = (a;;)" = (a);) has the same effect in P as S and there 
exists a matrix S in D, such that A* = S“A‘S. The matrix S is determined 
to within multiplication by elements of P. Let = denote the symmetric part of 
P relative to U or S. If S is of first kind (P = 2), then the matrix S is either 
U-symmetric (S° = S) or U-skew (S° = —S), and if S is of second kind, its 
matrix may be normalized to be U-symmetric and will then be determined to 
within multiplication by elements of ©. Thus in any case we may associate 
with S a ray {S} of non-singular U’-symmetric or U-skew matrices consisting 

16 These results may be found in Deuring [1]. 

17 Albert [1], p. 909. 
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of the multiples of the fixed U-symmetric or U-skew matrix S by the elements 
~ Oof >. 

Let E;; denote the matrix basis of D, such that A = (a;;) = Dd ai:Ei; and 
suppose G is an automorphism of D, over ®. Let Ef; = F;;. Then Fy;F. = 
5/4: and hence there is a matrix K such that Fi; = K ‘E;;K. Hence the 
automorphism G’ such that A*’ = KA°K™ leaves the E;; invariant. Since D 
may be characterized as the totality of elements of D, commutative with the 
E;; , G’ maps D into itself. Consider the i.a.a. G’"UG’. It maps E;; into Ej; 
and ®D into itself. 

The inner automorphisms of D, form an invariant subgroup in the group of 
automorphisms of D, over &. The factor group determined is isomorphic to a 
subgroup of the Galois group of P over ®. Let G, = 1, Gz, --- , G, be repre- 
sentatives of the cosets of this factor group. By the above we may suppose 
that the G; leave the £;; unaltered and map D into itself. Hence the i.a.a. U, = 
G, UG, map Ej; into Ej; and D into itself. Now suppose 7 = G'SG is co- 
gredient to S. The automorphism G has the form G,H, where A” = H™'AH. 
Then a simple computation yields A’ = T'A“*7', where T = H“*S“H. We 
say that the rays {S,} and {S:} are L’-cogredient if there exists a non-singular 
matrix H and an element p ¥ 0 in Y such that S, = H"S,;Hp. Thus the i.a.a.’s 
cogredient to S have the form A* = T”'A“*T, where the rays {7} and { S®*} are 
U,-cogredient for some q, and conversely. Similarly the condition that the 
inner automorphism G where A° = G ‘AG commute with S is that G°SG = 
Sp, p ¥ Oin >. 


7. Bilinear forms and cogredience of matrices. In this section we suppose 
D is an arbitrary quasi-field” of characteristic ~ 2 and a — Gis a fixed i.a.a. in D. 
In particular if D is commutative, D may be the identity mapping. Let ®R 
be a vector space of r (< «) dimensions over D. A bilinear form f in R is a 
function of pairs of vectors x, y in ® having values in D such that 


(x; + X , y) - (X; ’ y) + (Xe ’ y), (y, x + X2) (y, X;) + (y, Xz), 


(x, ya) = (x, y)a, (xa, y) = a(x, y), aeD. 
Ifx,,--- ,X, is a basis for R and (x, , x;) = si;, thenforx = )oxia;,y = xi 
we have (x,y) = }>#is;;y;, and conversely any matrix S = (s;;) defines a bilinear 
form by this equation. S is called the matriz of f relative to the basis x; , --- ,X,. 


A change to the basis y, , --- , y-, where (y,, --- , y,) = (m,--- , XH, trans- 
forms S into the cogredient matrix A’ SH. 

f is Hermitian if (x, y) = (y, x), skew-Hermitian if (x, y) = —(y, x). The 
conditions on S are respectively S’ = S and S’ = —S. An element b of D is 
represented by f if there exists a vector u # 0 such that (u, u) = b. If f is 
Hermitian (skew-Hermitian), the elements represented by it are Hermitian 
(skew-Hermitian). 


18 T.e., not necessarily commutative field. 
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We suppose from now on that f is either Hermitian or skew-Hermitian. The 
vectors u, v are orthogonal if (u, v) = 0 (or (v,u) = 0). If GS isasubspace of R, 
the totality of vectors orthogonal to all of the vectors of S form a subspace S’ 
called the orthogonal complement of S. If R’ = 0, f is said to be degenerate, 
otherwise non-degenerate. The conditions that z = }°x;z; belong to R’ are 


(x;,z) = >. 82; = 0 (¢ = 1,---,r). 
j=1 


Hence if the rank of S is s,” the dimensionality of ®’ is r — s. In particular f 
is non-degenerate if and only if S is non-singular. 
If D is commutative, d = d and f is skew, then it is well known that f has a 
matrix of the form 
. &l 
| 
(3) -l, 0 | ’ 8 = 2», 
| 


0, 


Hence the rank of any skew matrix is even and the matrix is cogredient to (3). 
Any two skew matrices of the same rank are cogredient. In all other cases we 
proceed to show that f has a matrix of the form 


[bs ; 


(4) , 








0) 
Lemma. If f * 0, i.e., there exist vectors u, v such that (u, v) # 0, then there 


exists a vector u such that (u, u) # 0. 
If (u, u) = 0 for all uin 9 we have 


(u, v) + (v, u) = (u+ v,u + v) — (u,u) — (v, v) = 0. 
Hence for any a in 9, 
(u, va) + (va, u) = (u, v)a + a(v, u) = (u, v)a — a(u, v) = 0. 


If f is Hermitian, set a = (u, v) = (v, u), @ = (u, v) in the second member of 
this equation, and we obtain 2(u, v)(v, u) = 0 contrary to the assumptions 
f # 0, D of characteristic ~ 2. If f is skew-Hermitian, we obtain from the 
third member of the same equation that d(u, v) = (u, v)a. Choose u, v such 
that (u, v) ¥ 0; then @ = (u, v)a(u, v). Thus the correspondence a — 4 is an 
automorphism as well as an anti-automorphism. It follows that D is com- 
mutative, @ = a, and we have the case previously treated and outside of the 
present consideration. 


19 Cf. van der Waerden, Moderne Algebra, I, 2d ed., p. 109, or II, Ist ed., p. 116. 
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If f + 0, let u, be any vector such that (u,, wu.) = b; * 0, and suppose we 
have already found k vectors uw, --- , uz such that (u;, u;) = Oif i + j and 
(u;, us) = b; + 0. Let R, denote the space generated by u,, --- , u, and E, 
the transformation in ® defined by 

k 


xE, = } u;(u;, ui) “(ui, x). 


‘= 


E, is a projection of R on Kz, i.e., a linear transformation mapping R on MR, , 
leaving the elements of ®; invariant and such that (x, yE,) = (xE,, y) for 
any x,y.” Hence if we set x = xE, + x(1 — E,) = x, + x, where x, = xE;, 
x, = x(1 — E,), x, will belong to R,, x2 to RiandR = ROR. If f + Vin 
R;, there exists a vector vis, such that for usa = Vews(1 — E,) we have (ups, 
Uri) = bax: # 0. We repeat this process with Ris: , the space of uy, ---, 
u,.1 and continue until, say for R,, we obtain f = Oin RN. We then choose 
Vout, «** , Ve in R such that uayr = vai(l — E,),---,ue = v,(1 — E,) form 
a basis for R. The matrix of f relative to the basis u, , --- , u, has the required 
diagonal form (4). 

THEOREM 8. Unless D is commutative, @ = a and the matrix is skew, any 
Hermitian or skew-Hermitian matrix S is cogredient to a diagonal matriz. 

We note that b; is any element represented by the form associated with S and 
any b; may be replaced by dba, a ¥ 0, 6; = +b; according as S is Hermitian 
or skew-Hermitian. ss in (4) is evidently the rank of S. 

Let P denote the centrum of D and = the subfield of symmetric elements of P. 
Then either P = > (first kind) or P = 2(q), q’ = win = (second kind). If D has 
a finite basis over P, so has D, , and we have seen that this algebra has a repre- 
sentation A — A, by matrices in Q, , @ the algebraic closure of P and n’ is the 
order of D, over P. We write N(A) = det A; and recall that N(A) «P. Suppose 
the i.a.a. is of first kind, P = 2. We have seen that A’ + S'A;S, where S is 
either symmetric or skew in Q,. Hence if B = G’AG, N(B) = N(A)y’, where 
y = N(G). Thus if >* is defined as above, 22 is the subgroup of squares in =* 
and A = =*/=3, then with every non-degenerate bilinear form f (or class of non- 
singular cogredient matrices) there is associated an element 6 of A, namely, the 
element of A determined by N(A) if A is a matrix of f. 4 is called the dis- 
criminant of f (or of the class of matrices). If D is of second kind, we have 
seen that if A — A, , then A’ + S“*A{S if w — dis an extension in @ of the auto- 
morphism induced by the i.a.a. in P. Thus N(A’) = N(A) and if A is Her- 
mitian,” N(A) is in = and if B = G’AG, N(B) = N(A)y¥ andy = N(G). In 
this case we let =X denote the elements of =* which are norms (77) of elements 
of P and let A = 3*/Zy. Hence if f is a non-degenerate Hermitian form, we 
define its discriminant 6 to be the element of A determined by N(A) for A a 
matrix of f. 

20 E, is uniquely determined by these properties. 1 — E, is a projection on Rj. 


21 It is not necessary to consider skew-Hermitian matrices in this case. For if q is 
skew in P and A is skew-Hermitian, Aq is Hermitian. 
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Consider the special case where D is the quaternion algebra with basis 1, 7, j, k 
over and products as in (2), and let the i.a.a. be defined by @ = ay — ia, — 
joe — kasif a = a + ta, + jae + kas. We may represent D in 2 by 


o( (Hb Oe 
1 —V/a B 0 —BVa 0 


and D, is represented in %, by replacing the element a;;in A by its corresponding 


two-rowed matrix in (5). The condition d = a is equivalent toae@andd = — a 
is equivalent to tra =a+a=0. Thena’ + N(a) = 0, where N(q) is defined 
as above and = ad = da = —aai — Ba: + aBa3. If A’ = A, we have seen that 


A is cogredient to B given by (4) and b; « =. If A is non-singular, we have 
N(B) ¢ 22 and hence 6(A) = 1.” If A’ = —A is non-singular, then 4(A) is the 
element of A determined by N(b; --- b,) = N(bi) --- N(0,). 


8. Real closed case. Suppose @ is real closed.” The division algebras over 
@ are 6, P = #(4/—1) and D, Hamilton’s quaternion algebra. Hence the 
simple associative algebras over ® are ,, P, and D,. , has the i.a.a. A — A’ 
of first kind; P, has the i.a.a. A — A’ of the first kind and the i.a.a. A — A’, 
where @ is the conjugate of a in P; D, has the i.a.a. A — A’, where @ is the con- 
jugate quaternion of a. The automorphisms of #, and 2, are all inner, but 
P, has the outer automorphism A — A. 

(a) Suppose S « &, and S’ = —S is non-singular. Then S is cogredient to 
Q given by (1). If S’ = Sis non-singular, by Theorem 8 S is cogredient to one 
of the matrices 


(6) S, = (p = 0,1, ---,n). 








\ -1) 
By Sylvester’s theorem on the invariance of the signature 2p — n, distinct S,’s 
are not cogredient. Clearly no H exists such that Q = H’S,Hp since S, is 
symmetric and Q is skew. Suppose now that S, = H’S,Hp. If p > 0, we 
have S, = K’S,K for K = H+/p, and if p < 0, then S, = —K’S,K for K = 
H-~/—p. Hence either g = p org = n — p. It follows from the above theory 
that any i.a.a. in , is cogredient either to Q: A — Q™“A’Q or to one of the 


22 In this case the discriminant as defined above does not distinguish between any non- 
singular Hermitian matrices. However, a determinant can be defined for these matrices 
having the desired properties. See Moore [1], Chapter II. 

23 For the classification of Lie algebras over #, cf. Cartan [2]. 
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[3n] + li.a.a.’s S,: A > S'A’S,, where p = 0, 1, --- , [}n] and none of these 
i.a.a.’s is cogredient. 
(b) Let S « P, and S’ = —S be non-singular. S is cogredient to Q in (1). 


Any non-singular S’ = S is cogredient to 1, the identity matrix. It follows 
that any i.a.a. in P, is cogredient either to Q: A > QA’'Q or to U: A > A’ and 
these two are not cogredient. 

Suppose S ¢ P, is non-singular and 8’ = S._ S is cogredient to S, in (6) and 
by Sylvester’s theorem distinct S,’s are not cogredient. Hence any i.a.a. of 
second kind in P, is cogredient to S,: A — S,'A’S, , where p = 0,1, --- , [3m]. 
The condition that S, and S, be cogredient i.a.a.’s is that S, = A’S,Hp or 
S, = A’S,Hp = A’S,Hp. Hence as in (a) no two of the S, are cogredient for 
= 0, ae [3m]. 

(c) Let S ¢D, and 8’ = —S be non-singular. Then S is cogredient to 


(7) V= ‘ , 
v 
where v is any element in D such that i = —v. By Theorem 8 it suffices to 
prove the 
Lemma. [fi = —v,% = —ue®D, thenv and u are cogredient in D. + 
Note first that v and va are cogredient if a > Oin &. For #(v) ~ &(./—1) 
and hence a = da, ain ®(v), and va = dva. The condition’ = —v is equivalent 


totr(v) =v +5=0. Ifa = [N(u)/N(v)}' (N(u) = ua = au), then N(va) = 
N(u). Since tr (va) = tr (u) = 0, va and ware similar, say va = g ‘ug = y ‘gug, 
y = N(g). Hence vay and u are cogredient and v and u are cogredient also. 

If 8S’ = S is non-singular in D,, it is cogredient to S, given by (5). Syl- 
vester’s theorem holds in this case also“ and the argument above shows that any 
i.a.a. in D, is cogredient to V: A > V_'A’V, V asin (7), orto S,: A > S,'A’S,, 
p = 0,1, --- , [4r], and no two of these are cogredient. 

If # is extended to its algebraic closure P, &, extends to P, and the i.a.a. Q 
extends to Qin P,. Hence the Lie algebra Sg in ©, is of type Cifn > 1. The 
i.a.a. S, in ®, is cogredient in P, to U and hence the Lie algebras Ss, in @, have 
type B or D according as n is odd and > 1 or even and > 4. 

The extension D,p ~ P2,. The matrices of Sy in D, are A = (a;;), where 
a; = —v a;~. In particular for i = j we have aj = —v ‘a; and hence 
va;; = vai; € P and aj; = vai, aii¢ &. It follows that the order of Sy over ® is 
r+ 4r(r — 1)/2 = 2r(2r — 1)/2.*% Thus Syp x Sv in Po, and Sy has type 
Difr > 2. Similarly we obtain the order of Ss, in D, as 3r + 4r(r — 1)/2 = 
2r(2r + 1)/2 and hence if r > 0, Ss, has type C. These results give the follow- 


24 Moore [1], p. 193. 
26 This can be seen more directly by examining the representation of D, given in §7. 
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ing list of non-isomorphic simple Lie algebras over @ together with their auto- 
morphisms. 

A;. The algebras ®.,, P, and D, forn,r > 1. The orders over # are respec- 
tively n> — 1, 2(n? — 1) and (2r)* — 1. As before let G be the group of auto- 
morphisms, @» the subgroup of the automorphisms determined by automor- 
phisms of the associative algebra and § the subgroup of Gp of elements given 
by inner automorphisms of the associative algebra. For #; and D; we have 
@ = G = F = U/4*, Ul the group of units and ®* the elements + 0 of @. For 
P; we have G@ = G > & ~ U/P* and § has index 2in @. An element of G not 
in§isA—> A. If r,n > 2 we see for ©. and D; that G > G = F = U/o. 
has index 2 in G and an element of G not in Gp is A — A’ (in ,) or A > A’ 
(in D;). For P),, n > 2, we have © > G > F = U/P*. Anelement of G not 
in Gp is A > A’ and one in Gp not in § is A —> A. These automorphisms com- 
mute and hence G/¥ is isomorphic to the Vierergruppe. 

Ayn. These are the algebras Ss,, p = 0,---,[3n], in Pa, n > 2. The 
orders are n° — 1 over ® The automorphism A — A commutes with S, . 
Hence § has index 2in ©. § = Us,/P*, where Us, consists of the matrices U 
such that U’S,U = S,p, where S, is the matrix (6) associated with the i.a.a. S, . 
Comparing signature we obtain that p > 0 unless n is even and p = 3n. In the 
latter case S, and —S, are cogredient matrices and hence there are U’s in Us, 
for which p < 0. The totality of U’s with p > 0 form an invariant subgroup 
Us, of index 2 in Us, containing P*. Hence § = Us,/P* has an invariant sub- 
group §° of index 2. §* is invariant in G also and @/}* = the Vierergruppe. 

B. The algebras Ss, in ®, and Sr in P, for n odd and > 5and p = 0,---, 
[3m]. The orders are respectively n(n — 1)/2 and 2n(n — 1)/2. For Ss, we 
have G@ = § = Us,/#*, where Us, is the set of matrices U such that U'S,U = 
S,p. pis necessarily > 0. For Sv, § has index 2 in @ since A — A is in G 
but not in §. In this case § ~ Uv/P*, where Uy is the group of matrices U 
such that U’U = lp, pin P. 

C. The algebras Se in &, and Sg in P,, for n even and > 2 and the algebras 
Ss, in D,forr > 1. The orders are respectively n(n + 1)/2, 2n(n + 1)/2 and 
2r(2r + 1)/2. For Sein &,, G = F j Ue/4", Ue the set of matrices U such 
that U’QU = Qp. The matrices U such that p > 0 form an invariant sub- 
group Ug of index 2 in Ue and UG contains @*. Hence § has an invariant sub- 
group * of index 2. For Sg in P, , ® has index 2 in @ and is isomorphic to 
Ue/P*, Ue the matrices U such that U'QU = Qp, pin P. For Ss, in D,, G = 
& => Us,/o*. If U € Us,, ie., U’S,U = S,p, then p > 0 unless r is even and 
p = }r and in this case the U’s with p > 0 form an invariant subgroup Us, of 
index 2 in Us, and containing $*. Hence for p = }r, § has an invariant sub- 
group of index 2. 

D. The algebras Ss, in ®, and Sv in P, for n even and > 8 and p = 0, --- , 
3n and the algebras Sy in D,forr > 4. The orders are respectively n(m — 1)/2, 
2n(n — 1)/2 and 2r(2r — 1)/2. For Ss,,@ = F = Us, /#*. If p = 3n, F has 
an invariant subgroup §* of index 2 determined as above. For Sr in P, , ¥ has 
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index 2in @. The automorphism A — A is in @ but not in §. F Y Sv/P*. 


For Sy in D,, © = F = Uy/*. Uy is the group of matrices U such that 
U’VU = Vp. As before § has an invariant subgroup §° of index 2. 


9. p-adic fields. The division algebras over a p-adic field @ have been deter- 
mined by Hasse.” However, their automorphisms seem not to have been 
treated in the general case of non-normal algebras. We shall therefore restrict 
our attention to normal simple Lie algebras % and their automorphisms. Since 
any simple Lie algebra is normal simple over its extended centrum, the only loss 
of generality here is in connection with the automorphisms of &. 

There are ¢(m) (Euler function) distinct normal division algebras over m’ 
over &. These are anti-automorphic if and only if m = 1 or 2. If m > 2 the 
¢(m) algebras may be paired into }¢(m) pairs consisting of an algebra and its 
anti-isomorphic algebra. Any normal simple algebra of order n’ over ® has 
the form D, , where D is a normal division algebra of order m* and n = mr. It 
follows that there are >, 4o(m) + 2 = [3(n + 3)] non-isomorphic normal simple 

mo? 
Lie algebras of type A; and order n* — 1 over @ to which any Lie algebra of this 
type is isomorphic. 

As the author has shown, the only division algebras of second kind over ® are 
the commutative fields P = 4(q), q? = win ®.” As above we denote the set of 
non-zero elements of by #* the set of squares in &* by 2 and 6*/®? by A. 
If p 7 2 the order of A is 4 and if p | 2 its order is 2'** where lis the order of 
over the field of 2-adic numbers.” Hence for p 4 2 we have three non-iso- 
morphic quadratic extensions of ® and for p | 2, 2'*? — 1 such extensions. To 
obtain the Lie algebras of type Ay we consider the algebras P, for n > 2 and 
classify the i.a.a.’s of second kind in P, and hence the rays of Hermitian matrices. 
It has been shown by Landherr™ that if n is odd there are two cogredience 
classes, and if n is even one class. In the respective cases we have for p 4 2 
three or six non-isomorphic Lie algebras and for p | 2, 2'** — 1 or 2(2'*? — 1) 
such algebras. 

To obtain the Lie algebras of type B, C and D we consider the anti-auto- 
morphic associative algebras of first kind ®, and D, , D the quaternion division 
algebra over ©. The cogredience problem for rays of symmetric matrices has 
been treated by Hasse. We refer to his papers ((2], [3], and [4]) recalling merely 
that the number of cogredience classes depends only on p and on the residue of 
nmod 2. The corresponding Lie algebras are of type B or D according as n is 
odd and > 1 or even and > 4. If we consider the i.a.a.’s associated with skew 
matrices, we obtain one other class, the resulting Lie algebra having type C if 
a > i. 


26 Hasse [1]. 

27 Jacobson [4]. 

28 Hasse [2], p. 115. 

29 Landherr [1]. Landherr obtains here the algebras of type Aj; by a method differ- 
ent from ours. 
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It remains to discuss D, , where D and the i.a.a. are as in §7. Fora = ay + 
ia, + jaz + kas we have N(a) = a3 — aaj — Baz + aBaz. Since any non- 
degeneraté quadratic form in four variables over ® represents all elements of &*, 
it follows that every element of &* is a norm of an element in D. Hence the 
elements b; = 6; = 8; € &* in (4) may be replaced by 1 and any non-singular 
Hermitian matrix in D, is cogredient to 1. There is therefore a single cogredi- 
ence class of i.a.a.’s given by Hermitian matrices. A simple computation shows 
that the order of the corresponding Lie algebra Sy is 2r(2r + 1)/2 and hence 
Su has type C if r > 0. 

Lemma 1. The skew Hermitian elements u and v (# 0) in D are cogredient if 
and only if (u) and &(v) are isomorphic, i.c., N(u)/N(v) € #2. 

Clearly if u = gvg and » = N(u), » = N(v), y = N(qg), then uw = y’v. Since 
ue = —p,v° = —v, O(u) ~ O(v). Now suppose #(u) = &(v). Then v = up. 
If p = N(q) for q in ®(u), we obtain v = Guq is cogredient to u. If pis not a 
norm, p = ot, where o is any non-norm and 7 is a norm in ®(u). There is an 
element w in D such that w uw = —u and w’ = cis not anorm in #(u). Thus 
®uw = uo and v = up = uot is cogredient to ue and tou. If (uw) is isomorphic 
to &(v), « = y'v and hence N(uy) = N(v). There exists an element z in D 
such that wy = z ‘vz. Therefore v is cogredient to uyt if ¢ = N(z) and hence » 
is cogredient to u. 

We recall that D contains all quadratic extensions P of #.” It follows that 
if p 4 2, there are 3, and if p|2, 2'** — 1 cogredience classes of skew- 
Hermitian elements of D. 

Lemma 2. If f is a skew-Hermitian form and dim ® over D = r > 3, then f 
represents 0. 

If f is degenerate, this is trivial. Hence suppose it non-degenerate and let 
U; , U., --- , u, be a basis for R such that the matrix of fis (4) withs = r. Then 
for w= >> uw, we have (w,w) = >> @,biw,;. By the preceding lemma we may 
choose w; so that %,bw; = b,8; , where 8; is arbitrary in ®. Since the space S 
of skew-Hermitian elements of D has three dimensions over ® and r > 3, we 
may choose 8; not all 0 such that z. bs; = z. Bbw; = 0. 

Lemma 3. If f is a non-degenerate skew-Hermitian form and represents 0 
then f represents every skew-Hermitian element of D. 

Suppose (u, u) = 0, u + 0. Since f is non-degenerate, there is a vector v 
such that (u, v) = d # 0. Then replacing v by vd , we may suppose (u, v) 
= 1. Let (v, v) =e. If wis any element of S; u — e « S, and it is easily 
seen that if w = u}(e — u) + v, (w,w) = uw. 

Lemma 4. If r > 2 and f is non-degenerate, then f represents every skew- 
Hermitian element of D. 

By Lemmas 2 and 3 we may suppose that r = 3 and that f does not represent 0. 
Then b, , be , bs in Lemma 2 are linearly independent and hence form a basis for S. 
Hence if ue S, u = D> 1:8; = }> Bb, w,; is represented by f. 


3° Deuring [1], p. 113. 
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Lemma 5. Jf r = 2 and f and g are non-degenerate skew-Hermitian forms, 
then there is an element u ¥ 0 represented by both f and g. 

By Lemma 3 we may suppose that neither f nor g represents 0. Relative to 
suitable bases of R the matrices of f and g are respectively 


b; Ci 
oa) eC) 


Consider the form in four-space over T having the matrix 
‘by 
be 
ont 
\ — 
By Lemma 2 there are elements w, , we , w3 and w, not all 0 such that byw; + 
Dobos = Dycw3 + Dye2w, = u, u ¥ O, since f does not represent 0. 
Lemma 6. The matrices By and Cy in (8) are cogredient if and only if they have 
the same discriminant. 
By Lemma 5 and the proof of Theorem 8 these matrices are cogredient 


respectively to 
u ) u ) 
an ' 
bs ; C3 


Since the discriminants are equal, N(b;) = y’N(cs3). Hence by Lemma 1, bs and 
¢3 are cogredient and the above matrices are cogredient also. 

If f is any non-degenerate skew-Hermitian form in ® over D and u # 0 is 
arbitrary in D, it follows by the proof of Theorem 8 that we may suppose b; = 
be = --- = b, 2» = wu in (4), ie., any non-singular skew-Hermitian matrix is 
cogredient to a matrix of the form 


u 


(9) u ’ 
bra 
b 


\ ’ 
where u # Ois arbitrary in S. Hence we have the following criterion: 
THeoreM 9. Two non-singular skew-Hermitian matrices with elements in a 
p-adic quaternion algebra are cogredient if and only if they have the same dis- 
criminant. 
We may suppose that B is the matrix (9) and C is diagonal with elements 
U,+++,U,Cp1,¢-. Ifthe discriminants 6(B) = 6(C), then 6(By) = 6(C,) for 


bp Cr-1 
By = b and Co = .)? 


and hence by Lemma 6 these matrices are cogredient. But then B and C are 
cogredient. 
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Let y be any element of * and c an element of D such that N(c) = y. &(c) 
is a quadratic field and contains v a skew-Hermitian element. Then #(c) = 
#(v). As we have seen, there is an element w, in D such that wy'vw, = —», 
and since wi = o, Wisin S. we = wi'c satisfies these conditions also. Hence 
y = N(w,)N(w2) and w,, w2eS. If we replace w. by wv and set ws = v, then 
W,, We, Ws € S and y = N(w,)N(w.)N(ws). Thus if r is even, the diagonal 
matrix with elements u, --- , u, 0, ¥2 has norm = yé’, and if r is odd and > 1, 
the diagonal matrix u,---, u, v1, %, v3 has norm = yd. In either case if 
r > 1 every element of A is a discriminant of a skew-Hermitian matrix. If 
p 7 2, there are four cogredience classes, and if p | 2, there are 2'** such classes. 
The corresponding Lie algebras have type 0 if r > 2 (order = 2r(2r — 1)/2). 

The automorphisms of the above Lie algebras may be discussed along the lines 
indicated in the last section. 
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LINEAR FUNCTIONALS AND COMPLETELY ADDITIVE SET 
FUNCTIONS 


By B. J. Pettis 


Introduction. We should like first to recall a few well known definitions. 
Let T = [t] be an abstract space composed of arbitrary elements t, and let F* 
denote the collection of all subsets of T. If = [F] is a non-vacuous sub- 
collection of F7, then F is an additive family’ if 

(1) F in fimplies T — F in F, and 

(II) F, in F for n = 1, 2, --- implies >> F, in F. 


A finite or denumerable aggregate 5 of elements F,, --- , F,, --- of F that are 
disjoint in pairs will be called a split; if 6 has only a finite number of F,’s, it is a 
finite split. If Ais the collection of all finite splits and A’ that of all splits, then 
a(F) defined from F to the reals is additive if > a(F,;) = a( F;) for every 


6 in A, and completely additive (c.a.) if this holds for every 6 in A’. The norm of 
an additive a(F) is defined to be 


(0.1) '|a|| = Var (a, T) = Lub. > | a(F)) |. 


For such an a it is clear that 


(0.2) lu.b. | a(F) | S || @|| S$ 2(1.u.b. | a(F) |), 
F F 


e 


and hence an additive @ is bounded if and only if || @ || << ©. If @isc.a., then 
|| a || < % and a must be bounded.’ 

The space A = [al], consisting of the functions a(F) bounded and additive 
(b.a.) over F, is, under the definition of norm given in (0.1), a linear normed 
complete space, i.e., a B-space;’ this is likewise true of the subset C = [y] com- 
posed of the functions y(F) completely additive over ‘F. Thus these in partic- 
ular are B-spaces: the collection A? of functions b.a. over F* and its subset 
CT consisting of functions c.a. over F?. 

The following notational rules will be generally obeyed, although not always: 

(i) Roman capitals are subsets of T and script capitals are collections of such 
subsets. 


Received March 14, 1938; presented to the American Mathematical Society, February 
26, 1938. 

1S. Saks, Theory of the Integral, Warsaw, 1937, p. 7. Hereafter we shall refer to this 
treatise as TI. 

2 TI, p. 10. 

3§. Banach, Théorie des Opérations Linéaires, Warsaw, 1932, p. 53. The letters TOL will 
refer to this monograph. 
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(ii) Real-valued functions of subsets of T are denoted by small Greek letters, 
and collections of such functions by italicized capitals. 

(iii) Small German letters represent real-valued functions of elements of T, 
while German capitals stand for aggregates composed of such functions. 

(iv) Linear functionals (real-valued additive and continuous functions 
defined over a B-space) will be set in small italics. 

(v) The symbol A is reserved for the empty set. 

Under varying hypotheses on the space T, several authors* have given proofs 
of the following proposition ;° 

(M) If y(F) is real-valued and c.a. over F*, then y vanishes identically if 
y({t}) = 0 for every set {t} consisting of a single point t. 

If T has power < 2®°, (M) was proved by Banach and Kuratowski’ using the 
hypothesis of the continuum. Later Ulam’ showed that (M) holds if 

(U) the power of T is smaller than the first inaccessible’ cardinal number; 
and that from the assumption (which is weaker than the continuum hypvt hesis) 

(J) there is no inaccessible number < 2®°, 
it follows that if (M) is true for some T of power m, it is also true for all T of 
power < 2™. Thus if (J) is assumed, then (M) is, in particular, true for any T 
of power 2° and hence for the unit interval. In the present paper (M) is 
assumed in the majority of the theorems; in these the hypothesis (M) can, by 
Ulam’s result, be replaced by (U). 

In those spaces T for which (M) holds it is possible to give a slightly sharper 
form to the generalized Lebesgue decomposition theorem’ concerning completely 
additive functions of “measurable” sets. This will be done in the present paper 
for both real- and abstract-valued functions, together with some applications 
to the linear functionals over certain spaces and to the relationships between c.a. 
functions and absolutely continuous” (a.c.) functions. 

The first section is concerned with extending the range of b.a. functions and 
with the relative denseness of certain classes of c.a. functions with respect to 
corresponding classes of b.a. functions. In §2 some well known properties of 
l (the space of absolutely convergent series) are extended under the hypothesis 


*S. Banach and C. Kuratowski, Sur une généralisation du probleme de la mesure, Fund. 
Math., vol. 14(1929), pp. 127-131; S. Ulam, Zur Masstheorie in der allgemeinen Mengen- 
lehre, Fund. Math., vol. 16(1930), pp. 140-150; E. Szpilrajn, Remarques sur les fonctions 
complétement additives d’ensemble et sur les ensembles jouissant de la propriété de Baire, 
Fund. Math., vol. 22(1934), pp. 303-311; W. Sierpinski and E. Szpilrajn, Remarques sur le 
probléme de la mesure, Fund. Math., vol. 26(1936), pp. 256-261. 

5 The statement that the “generalized measure problem’’ (Banach and Kuratowski, 
loc. cit.) has a negative answer. 

® Loe. cit. 

7 Loe. cit. 

§ A cardinal number N; is inaccessible if ¢ is a limit number, N; > No , and N; cannot be 
represented as a sum of less than &; cardinal numbers each smaller than Ng . 

* TI, p. 33, Theorem 14.6. 

1 A function a(F), defined over a family of measurable sets measured by u(F), is abso- 
lutely continuous (a.c.) if given « > 0 there is a 5 > Osuch that | a(F) | < « when|u(F) | < 4. 
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(M) to the general space CT, and in 2.3 the condition (M) is expressed in terms 
of the functionals linear over C™. The decomposition theorem and some 
corollaries occupy §3, and in §4 some of the results of §1 and §3 are carried over 
to the case of abstract-valued functions. 


1. Extension of the range of bounded additive functions; denseness theorems. 

1.1. Tuzorem. Let F be an additive family and p(F) a fixed function non- 
negative and c.a. over F. If F' = [F’] is an additive subfamily of F and a’(F’) is 
b.a. over F’ and satisfies the condition 

(N’) F’ in F’ and u(F’) = 0 imply a’(F’) = 0, 
then a'(F’) can be extended to form a function a(F) b.a. over F and satisfying the 
conditions || a |\\4 = || a’ |\4- and 

(N) Fin F and u(F) = 0 imply a(F) = 0. 

Let 2 be the functions m(¢) that are yu-essentially bounded over T and are 
F-measurable;" when normed by || m || = u-ess.sup. | m(t) |, the space M is a 
B-space. The subclass 2’ of functions m’(t) that are y-essentially bounded 
over T and F’-measurable forms a closed linear subset of M. By a theorem of 
Hildebrandt and of Fichtenholz and Kantorovitch,” given the above a’ the 
Radon-Stieltjes integral 


f'(m’) = [wo da’ 


defines a linear functional f’ over Mt’, and |! f’ || = || @’ ||4-. By the Hahn- 
Banach theorem on the extension of linear functionals, f’(m’) can be extended to 
form a linear functional f(m) over MM, with || f || = || f’ ||. By the same Hilde- 
brandt-Fichtenholz-Kantorovitch theorem there exists a function a(F) b.a. 
over F, satisfying the above condition (N), and defining f by means of the integral 





fim) = [ m(t) da, 


with || f |! = !|a@/|4. Hence || a@’ ||“, = ||@{||,; and if we let mp be the 
characteristic function of an element F’ of £’, it follows that 


a(F’) = [mee da = f(my-) = f'(mp-) = [mec da’ = a'(F"), 


so that a(F) is an extension of a’(F’). This completes the proof. 
If we apply another result due to Hildebrandt’ and to Fichtenholz and 


"TI, p. 12. 

12 T. H. Hildebrandt, On bounded linear functional operations, Trans. Amer. Math. Soc., 
vol. 36(1934), pp. 868-875; especially p. 870. G. Fichtenholz and L. Kantorovitch, Sur les 
opérations dans l’espace des fonctions bornées, Studia Math., vol. 5(1934), pp. 69-98; espe- 
cially p. 76. 

13 Loc. cit., p. 872. - 
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Kantorovitch,” the following theorem, similar to the preceding, can be proved 
in the same fashion: 

1.2. Tuxorem. If Fis an additive family and F' is an additive subfamily of 5, 
then any function a’ that is b.a. over F’ can be extended to form a function a(F) 
b.a. over F and having || a \\4 = || a’ \\a. 

Using 1.1 we are able to state 

1.3. THeorem. Let be an additive family and u(F) a fixed function non- 
negative and c.a. over F. If there exists a denume vente splité = {F,,---,F,,---} 
with w(F,,) > 0 for all n, then in the subspace A™ composed of elements a of A that 
satisfy condition (N) of 1 the set CN = C.A% is closed linear and nowhere dense, 
and hence is of the first category. This ts also true of C with respect to A. 

It is easily verified that AN and CN are closed linear subsets of A; the proof 
will be omitted. 


Let S = >> F, and let £’ be the additive family consisting of the null set A 
1 


adjoined to the collection composed of all sets obtained by adding a finite or 
denumerable number of the disjoint sets Fy = T — 8, Fi, --- , Fa, -- 

If P is the set of positive integers, then in AP the closed linear aliens c 
equivalent” to the separable B-space | consisting of real absolutely ecadedlion 
series, so that CP is a separable subset of AP. But since A? is the adjoint of the 
non-separable space formed by the bounded sequences of reals,"° AP must be 
non-separable.” Hence there exists a function x b.a. over F? but not c.a 

For each F’ in ’ define a’(F’) = 2(R), where R is the element of F* that 
consists of the positive integers n for which F, C F’. Then a’ is b.a. over F’ 
but not c.a.; and, moreover, a’ satisfies condition (N’) since a’(A) = a’(Fo) = 0, 
where A and Fy are the only members of ‘fF’ that can possibly have u-measure 0. 
From 1. I, a’ can be extended over ‘F while preserving these properties. Hence 
AN — ON & A, which implies that A — C - A, so that the closed linear sub- 
spaces C® and C must be nowhere dense in A and A, respectively. 

1.31." TuHeorem. If & is an additive family containing a denumerable split 
6 = {F,,---,F,,---} with F, # A for each n, then C is closed linear and 
nowhere dense (and the refore of the first category) in A. 

2 


Let + i u, be a convergent series of positive numbers and for each n let t, be a 
1 


point in non-null F,. The function u(F) = _ dM» is non-negative and ¢.a 


tnheF 


™ Loc. cit., p. 76. 

15 |.e., there exists a 1-1 additive and norm-preserving transformation mapping all of 
CP onto all of l. 

16 Hildebrandt, loc. cit., p. 870; or see 2.2. 

17 TOL, p. 189, Theorem 12. 

18 Theorem 1.31 is not new since it follows from a much stronger result of Ulam (Con- 
cerning functions of sets, Fund. Math., vol. 14(1929), pp. 231-233; also see A. Tarski, Une 
contribution a la théorie de la mesure, Fund. Math., vol. 15(1930), pp. 42-50) stating that in 
AP — CP there exists an element having 0 and 1 as its only functional values. 
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over J, and 4 is a split having u(F,) = un > Oforeachn. The present theorem 
now follows immediately from 1.3. 


2. The space C’. In the remaining sections the additive family F under 
discussion will always be understood to include the sets {t} that consist of a 
single point: the elements of F will sometimes be referred to as the measurable 
sets. If a is b.a. over such a family, then | a({t}) | > n” holds for at most a 
finite number of points ¢ in T, so that | a({t}) | > 0 is true for an at most de- 
numerable set Sz = {ti} (i = 1, 2,---, n,---) of points ¢; these we call the 
spectral points of a. The spectral function o_(F) associate to a is the element of A 
defined by 


o4(F) = a(F Sa), 


and a is said to be a spectral element of A if a(F) = o.(F). If ais in A, then 
clearly a’ = a — oqisalsoin A and a’({t}) = 0 for all points ¢; similarly, y in C 
implies that y’ = y — oy isin C and y'({t}) = Ofor all {¢}. The set of spectral 
elements lying in C will be denoted by S; in particular, S™ stands for the set of 
spectral elements of A’ that are in C7. It is evident that if y is in S or S?, then 
lly || = los || = 35 | v({t#}) |. Proposition (M) can now be stated in the 


following form: 

(M) If y is in C7, theny = 0, ; 
or, even more briefly, 

(M) CT = S?. 

The next theorem is complementary to 1.2. 

2.1. THeorEM. Suppose (M) holds. Then any y in C can be extended to 
form an element B of C* if and only if y is in S; and the extension is unique. Con- 
versely, each 8 in C* is the extension of a unique y in S. The norms of correspond- 
ing y and B are equal. 

(M) implies that y can be extended only if y is spectral; on the other hand, if y 
is spectral, then 8(F) = 7(F-S,), F eF?, is an extension of y. If 8 and ’ are 
extensions of y, then since F contains {t} for every point t, the function 6 — 6’ 
vanishes for all {¢}; from (M) it follows that 8 — 6’ = 0, and thus the extension 
is unique. 

If Bis in C7, (M) implies that 6(F) = B(F-Ss) for all F in £7, so that y(F) = 
B(F-Ss), F e F, isin S and Bis an extension of y. Since a contraction is specified 
by its domain, y is unique. Moreover, 8({t}) = y({t}) for all ¢, and since 
6 « S' andy € S, this is readily seen to imply the equality of the norms. 

At this point we wish to quote a result due to Hildebrandt” concerning the 
linear functionals over the B-space 87, the space composed of the real-valued 
functions 6(t) defined and bounded over T with |] 6 || = lub. | b(t) | . 


1” The theorem is implicit in Hildebrandt’s previously cited paper and explicitly stated 
in his Linear operations on functions of bounded variation, Bull. Amer. Math. Soc., vol. 44 
(1938), p. 75. See also H. H. Goldstine, Weakly complete Banach spaces, this Journal, 
vol. 4(1938), pp. 125-131. 
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2.2. THrorem (Hildebrandt). A functional f(6) over B* is linear if and only 
if there exists an a; in A™ such that for all b in B* 


(2.21) f(b) = [ b(t) da; , 


the integral being in the Radon-Stieltjes sense. The norm of f is” || ay 

As a result complementary to 2.2 and as another generalization to 0 CF of a 
property of 1, we have the following theorem, which also serves to state the 
generalized measure problem in terms of linear functionals. 

2.3. THEOREM. A necessary and sufficient condition that (M) hold for a 
given T is: 

(KK) A functional f(y) over C? is linear if and only if there exists a b; in B* such 
that 


(2.31) fq) = [ b,(t) dy 


for all y in C*, and || f || = || by ||. 

Suppose an element 6 of B7 is given. 2.2 implies that equation (2.31) for y 
in A? defines a linear functional f*(y) over A’. If f* is considered only on C7, it 
then defines a linear functional f(y) over C7, and clearly 


(2.32) USI) S Us* 1] = | Ol]. 
Now suppose f(y) is any functional linear over C7; for each t in T define 
_ 8 eee, 
(2.33) v(F) = 4 : 
(0 otherwise, 
and let b/(t) = f(y). Then 6; is in 8", since 
(2.34) Lb] SiS ivell = USI, 


and hence 6, defines a linear functional 


g(y) = [oa dy 


over C7, with the equality 


(2.35) ays) = b(t) - Ga) 
holding for all ¢ in T, and 
(2.36) gi Silvis isi 


by (2.32) and (2.34). 


20 A functional f(b) linear over B® is positive if (t) = 0 for all t implies f(b) = 0; ef. R. P. 
Bailey, Convergence of sequences of positive linear functional operations, this Journal, vol. 2 
(1936), pp. 287-303. These functionals are clearly those defined by the non-negative ele- 
ments of AT, i.e., by the functions a(F) bounded and additive over {F™ and such that a(F) 2 
0 for all F. 
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But if (M) holds for T, then the set of finite linear combinations of the elements 
y: is dense in C7; since the linear functionals g and f coincide over this set by 
(2.35), we must have g = f and 


fy) = [ b(t) dy, 
T 
where b,(t) = f(y.); and from (2.36) 
US il = lg il = {I 6 Il. 


This completes the proof of the necessity of (IX). 
Conversely, suppose (K) holds, i.e., 8" is adjoint to C’. The linear fune- 
tionals 


f(b) = b(8) 


defined over 8" form a total set of functionals, that is, f,(6) = 0 for all ¢ implies 
6 = 0; and these functionals are evidently those defined by the elements y, of 
CT given in (2.33). Thus if 87 is adjoint to C7, then the y;’s form in C? a total 
set of elements—if b(y) is linear over C* and b(y,) = 0 for all t, then b(y)=0. The 
set of y,’s must then™ have the set of its finite linear combinations dense in C*. 
But the limit of a sequence of such combinations will be zero on any set which is 
disjoint with the denumerable set of points consisting of all the spectral points 
of the members of the sequence. Thus (M) holds. 

2.4. Corotiary. If T has its power smaller than the first inaccessible number, 
then f(y) is a linear functional over C™ if and only if there is an element 6; in gt 
such that 


fy) = b,(t) dy 
T 


and ,f || = || by |, ;in particular this holds for T = (0, 1], under the hypothesis (J). 
The next two theorems extend to C™ two more well known properties of 1. 
2.5. THEoREM. Suppose (M) holds. If y, is in C™ (n = 1, 2,---) and 

lim y.(F) = yo(F) exists for every F in SF? then yo is in C*, lim yn = yo in C’, 


n—-2 n 
and lim y,(F) = yo(F) exists uniformly in F. Hence under (M) weak convergence 
nm 
in C' implies strong, or norm, convergence. 
That yo is in C™ is due to a result of Nikodym’s.” Since (M) holds, we have 
Yn = oy, (n = 0,1, --- ,j, «+ +); hence it is only necessary to show that lim oy, = 
n 


o,,. Let G be the denumerable set consisting of all the spectral points of the 


10 


y,s(n = 0,1, ---,9, +--+). Since for every F 
lim [o,,(F) — o,,(F)] = 0, 


21 TOL, p. 58, Theorem 7. 
22 Sur les suites des fonctions parfaitment additives d’ensembles abstraits, Comptes Ren- 


dus, vol. 192(1931), pp. 727-728. 
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and each c,, is ¢.a., it follows that 


lim [2 y(t) — 2 wl tt})] = 0 


ne teG’ 


for every subset G’ of G. This, by a result of Schur’s,” implies 
lim 20 | ya({t}) — vl ft}) | = 0, 


ne te 


and hence lim || ¢,, — o4, || = 0, or lim y, = yo in C?. It is a consequence of 
n 


no 


this and of (0.2) that lim y,(F) = yo(F) uniformly in F. 


If {yn} is a weakly convergent sequence in C? and mp(t) is the characteristic 
function of an arbitrary F, then by 2.3 


lim y,(F) = lim i my(t) dyn = [ mp(t) dyo = yo(F) 


no n-7-2 


exists for every F in FT. By the first part of the theorem this implies that 
lim yn = Yo strongly in C™. 


2.6. THEorEM. If (M) holds, then every function X(s) of bounded variation 
from a linear interval 1 = [s; , 8] to C* is strongly differentiable a.e. in I. 

By a theorem of Dunford and Morse” it is sufficient to prove that any function 
X(s), defined from I to C*™ and satisfying a Lipschitz condition, is strongly 
differentiable almost everywhere in I. Let {r;} be the rationals in I, and let X 
be the separable closed linear manifold in C™ generated by the elements {X(r,)}; 
since X(s) is continuous, the range of X(s) lies in X. But X is obtained by 
taking finite linear combinations of the X(r;) and closing. Since neither of 
these operations adds spectral points, it follows that the set consisting of the 
spectral points of all the elements of X is at most denumerable. Hence the 
spectral elements associated to the elements of X can be put in a 1-1 additive 
and norm-preserving correspondence with a subset Y of the space 1. Since (M) 
implies that each element of X is its own spectral function, the closed linear 
manifold X can be mapped onto Y by a 1-1 additive and norm-preserving 
correspondence K(x). The function Y(s) = K(X(s)) from I to Y evidently 
exists, since X(s) has its range in X. It now follows from the properties of 
K(x) that (1) Y(s) satisfies a Lipschitz condition and is therefore, by a theorem 
due to Clarkson,” strongly differentiable a.e. in I, and hence (2) X(s) is strongly 
differentiable a.e.in I. This ends the proof. 


3. The decomposition of completely additive functions. In this section the 
fixed family ‘Fis supposed to be complete” with respect to a fixed non-negative 


23 TOL, p. 138. 

24 Remarks on the preceding paper of James A. Clarkson, Trans. Amer. Math. Soc., vol. 
40(1936), pp. 415-420; especially p. 415. 

25 Uniformly convex spaces, Trans. Amer. Math. Soc., vol. 40(1936), pp. 396-414; espe- 
cially p. 412. 

26 TI, p. 86. 
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element »(F) of C that vanishes for single points. Under these circumstances 
an extended Lebesgue integral can be defined” in terms of F and yu; the func- 
tions c(t) integrable by this definition will be denoted by &, and their integrals 
(which form a subset of C) by L. The symbol C° will represent the elements 
y of C that have the property y({t}) = 0 for all ¢. 

3.1. THEorREM. Suppose (M) holds. Then if y is in C, there is a unique B, 
in CT and a unique cy in &, such that 


(3.11) 1(F) = B,(F) + [ cy(t) du 


for every measurable F. Here B, is the extension of the spectral function o, of y, 
and hence 


VF) = 7(F-8,) + [ on(t) du 


(3.12) 


Z, uiGn + [ ey(t) du, 


where S, = {t),} is the at most denumerable set of points t for which y({t}) ¥ 0. 


Moreover, 


Gis) ivll = Dialed + [ ieOldu = iloyll + lay 


where p,(F) = [oo du. 
F 


The family ‘fF being additive and complete with respect to yu, for each y in C 
there is a set H, of u-measure zero and a c, in &, such that™ 


v(F) = y(F-H,) + [sou 


y(F-H,) + u,(F). 


The function ¢,(t) may be supposed to have all its values finite. Since F is 
complete and H, has measure zero, the function 


B,(E) = y(E-H,) 


is defined and c.a. over ‘FT; hence there exists a decomposition of the form 
(3.11). The measure function » being in C’, it follows that yu, is also, since 
uy(it}) = c,(t)-u({t}); in any decomposition (3.11) it is then true that y({t}) = 


27Q. Nikodym, Sur une généralisation des intégrales de M. J. Radon, Fund. Math., vol. 
15(1930), pp. 130-179; or Chapter I of TT. 
28 TI, p. 33, Theorem 14.6. 
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8,({t}), implying from 2.1 that 8, in C™ must be the unique extension of o, . 
Hence 


y(F) 


Il 


a,(F) + u,(F) 
7(F-8,) + [oo du 


z y(ith}) + [sou 
theF F 


and this establishes (3.12). The uniqueness of c, follows from that of B, . 
The equality between norms results from 


ly || = Var (y, 8,) + Var (7, T — 8,) 
= |] Fy || + |) By || 


3.2. CoroLuaRy. Lnder the hypothesis (J) any y(F) c.a. over the Lebesgue- 
measurable sets in [0, 1] can be decomposed into 


oF) = D v{t'y) + [ cy(t) dt, 
t*eF F 


where S, = {t'} is the at most denumerable set of points t for which y({t}) ¥ 0. 
3.3. THrorem. Under (M) the subspaces C°, CX, and L are all identical.” 
That CN = L has been proved by Nikodym.” The identity between C° and 

L follows from (3.12). 

3.31. Corottary. Under (M), if ‘F is an additive family completed with 
respect to an element u of C° and F is separable when metrized by 


(3.311) dist (F, G) = u(F — G) + u(G — F), 


then ‘F is separable when so metrized by any other element v of C°. 

If v is in C°, then by 3.3 it is a u-integral and hence is a.c. with respect to y. 

3.32. Corottary. Under (J) a c.a. function of Lebesgue-measurable sets in 
[0, 1] is a.c. if it vanishes for single points; hence it is a.c. if it is continuous.” 

3.4. THeoremM. Under (M) a functional f(y) over C is linear if and only if 
there is a b; in BT and an my in M such that for all y in C 


6,(t) dB, + [ my(t)ey(t) dy 
T 


f(y) 


E bd -v614)) + [ my(t)eq(t) du, 


2° This seems to imply that when {fis completed with respect to a function yu, non-nega- 
tive and c.a. over ‘Ff and vanishing for single points, then all measure functions c.a. over 
the new, completed family and vanishing for single points have precisely the same sets of 
measure zero. 

30 Q. Nikodym, loc. cit., in footnote 27, Theorem IV, p. 179; or TI, p. 36, Theorem 14.11. 

31 A function 7(F) defined over the L-measurable sets in [0, 1] is continuous if lim (F) = 
0 as 5(F), the diameter of F, tends to 0. 
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where y(F) = 6,(F) + [<0 du, B, isin CT, and c, is in&,. The elements by 
and m; are unique and , 
iS || = max [|| by || , || my || ]. 
If we write y in C uniquely as 
(3.30) Y = oy + by 


with o, in S and yz, in L, then 
Sy) = Soy) + fluy) 
= filoy) + felu), 
where f, and fe are linear over the B-spaces S and L, respectively, and 
| S| = Lub. | $0)| 2 || fill All 
On the other hand, 
fly) | © | filoy)| + | flay) | S || Sill -|lor|| + || fell ll ay|| 


SL lloy|| + || my || }-max || fi|| = || y ||-max || fil), 
i=1,2 i=1,2 


by (3.13). Hence || f |) = max || f; ||. 


i=1,2 
From 2.1 and 2.3 there exists a 6; in BT such that || fi || = || by || and 


filoy) _ [as,, 
where 8, in C™ is the unique extension of o, ; hence 
filon) = Ls A) B,(1}) = DL b(o,({t}) = L 6/(o,(4}). 
Ss Ss Sy 


Similarly, fo(u,) being linear over L, there is a measurable and y-essentially 
32 
bounded m,(t) such that 


feluy) = i _m/(te,(0) du, 


with | fo = || My]. 
The uniqueness of m, and 6; follows from that of the decomposition (3.30). 


4. Abstract-valued functions. We now consider the extensions of the the- 
orems of §1 and §3 to the case of functions x(F) defined over and taking their 
values in a fixed B-space X. 

The definitions of additive and c.a. functions given in the introduction are 
formally retained. However, the definition of the norm of an additive function 


# O. Nikodym, Contribution 4 la théorie des fonctionelles linéaires, etc., Mathematica, 
vol. 5(1931), pp. 130-141, Theorem I. 
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must be altered if the closest parallelism to the real-valued case is to be reached. 
Let X = [f] be the space of linear functionals over X; then the norm, | x 
of the function x(F) additive from F to X is defined to be 


(4.0) ila || = Lub. | f(x(-)) |la, 


, 


where f(z(-)) represents the function f(x(F)) considered as an element of the 
space of additive real-valued functions. From (4.0) and (0.2) it follows that 
for an additive x(F) 


|| #(F) ||x = Lub. f(x(F))| s lub. \| f(x(-)) \la = || z II, 


and on the other hand 


\!a || < Lub. (2-Lu.b. | f(@(F)) |) Ss Lu_b. (2-Lu.b. || 2(F) |!x), 
Amt F - F 


| WW 

whence 

(4.1) lLu.b. || 2(F)||x < || 2}| S 2-Lub. || 2(F) |\x. 
- J a 


An immediate corollary is that additive x(F) is bounded if and only if x) < @. 
As in the real-valued case, a c.a. function x(F) must be bounded. Suppose 
x(F) is c.a. Then 


Uf) = f(z(-)) 


is an additive operation from X to C; moreover, since the operation U is closed, 
i.€., 


lim || fa — fo|\| = 0 and lim |/U(f,) — yvo|| = 0 imply yo = U(f), 


U must be linear.” Then Lu.b. |! f(x(-)) le = || U |! < ©, and hence 2(F) 
ales! 


is bounded.” 

Thus the linear space Ax , consisting of the functions x(F) additive and 
bounded from ‘fF to X, is also normed, by (4.0), and the c.a. functions form a 
normed linear subspace Cx. These two spaces are also complete, i.e., Ax and 
Cx are B-spaces.” If lim || am — 2, || = 0, then from the completeness of 


X and from (4.1), 
lim z,(F) = x(F) 


no 


33 TOL, p. 41, Theorem 7. 

34 What has actually been proved is that if x(I’) is additive over ‘f and f(x(F)) is bounded 
for every f in X, then z(F) is bounded. This is a particular case of a more general theorem 
the proof of which we have borrowed in the above; see N. Dunford, Uniformity in linear 
spaces, to appear in vol. 44 of the Trans. Amer. Math. Soc. 

35 This has been shown for Cx using the norm l.u.b. || 2(F) || ; ef. G. Birkhoff, /ntegration 

a 

a 
of functions with values in a Banach space, Trans. Amer. Math. Soc., vol. 38(1935), pp. 357 
378; Theorem 10. 
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exists uniformly in F. The limit function 29(F) is clearly additive, and from 
the uniformity in F and the boundedness of each z, it also must be bounded; 
moreover, since xo(F) is the uniform limit of {z,(F)}, 

lim || 2, — 2o|| = 0, 

no 
by (4.1). If the z,’s are in Cx, then from the uniform convergence over 
the limit function z» must be c.a. also. Thus Ax and Cx are both complete. 

The subspaces AX and CX corresponding to the AN and C% of Theorem 1.3 
are also B-spaces, and Theorem 1.3 still holds. It is sufficient to take some 
real-valued ao(F) in AN — C% and an 2p in X with || 2 || ¥ 0; then 2o-a0(F) 
isin AX — C¥, and closed linear CX is nowhere dense in AX. The same method 
is applicable to Theorem 1.31. 

If x(¥) is in Cx , then, as with real-valued functions, r({t}) # 0 for an at 
most denumerable set 8, of points t; hence a c.a. x(F) has a spectral function xg(F). 
This, however, is not always true for the b.a. functions: the function 2(F) from 
F* to B, where T is the unit interval and the point x(F) in BT is the character- 
istic function of the set F, is bounded and additive; yet | xr({t}) | = 1 for every t. 

It is unnecessary to redefine (M) in terms of CX; the new (M) is implied 
by the old. Suppose z is in CX but « — rs # 0. Then there is an F’ in F? for 
which |! 2(F’) — xs(F’) || ¥ 0, and hence an f’ exists in X such that 


f'(a(F’) — xs(F’))\ = || CF’) — 2g(F’) || # 0. 


But f(z — xs) vanishes for single points and f’(x — 2g) is c.a., and yet f’(x — 2s) 
~ 0; this contradicts (M). 

Thus 2.1 carries over. In 3.1 two alterations are made; ‘F is supposed sepa- 
rable with respect to », and the w-integral term in (3.11) and (3.12) becomes a 
set function that is a.c. with respect to wu. The proof is short. The function 
y(F) = 2(F) — 2xg(F) is ¢.a. and vanishes for single points, i.e., is in CX; hence 
for each f in X the function f(y(F)) is in C’, and by 3.3 must therefore be a.c. 
with respect to u. Since F is separable, by a theorem of Dunford’s” it follows 
that y(F) is a.c. with respect to wu. We then have the theorem: under (M), 
if ‘F is completed with respect to u and ‘ is separable when metrized according to 
(3.311), then any function c.a. from F to a B-space X can be decomposed into 


(4.2) x(F) = 2(F) + y(F) = 20 x(te}) + y(P), 
tte 
where xg(F) is the spectral function associated to x(F), 8. = {ti} is the at most 


denumerable set of points t for which || x({t}) || A 0, and y(F) is a.c. with respect 
to » and c.a. The y(F) term in this decomposition cannot be improved, at 
least in the direction of certain integrals: there exists a function c.a. and a.c, 


% Loc. cit., footnote 35. 
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from the L-measurable sets in [0, 1] to Hilbert space that fails to be an integral 
under any of several extensions of the Lebesgue.” 

Thus 3.2 and 3.3 also hold in the abstract case, provided that y-integrals are 
replaced by functions that are c.a. and a.c. with respect to uw. Corollary 3.31 
has its evident analogue, and 3.32 becomes: under (J) a c.a. function from the 
L-measurable sets in [0, 1] to a B-space X is a.c. if it vanishes for single points; 
hence tt is a.c. if it is continuous. 


UNIVERSITY OF VIRGINIA. 


37 See On integration in vector spaces, to appear in vol. 44 of the Trans. Amer. Math. Soc. 





SOLUTIONS OF SYSTEMS OF DIFFERENTIAL EQUATIONS IN 
INFINITELY MANY UNKNOWNS BY INFINITE SERIES OF 
DEFINITE INTEGRALS 


By JrEsseE PIERCE 


Introduction. The method used in two papers by the author’’’ can be ex- 
tended to systems of differential equations in infinitely many dependent varia- 
bles, but the integrands of the definite integrals appearing in the solutions 
consist of an infinite number of terms. F. R. Moulton has also examined the 
case where the right members of the differential equations 


(1) a = f(t, x) (i,j =1,2,---) 
dt 

are analytic in the variables ¢ and z; and f,(0, 0, ---) = 0.° 

In all three of these methods the solutions are given in terms of infinite series 
each term of which is an infinite series. The methods are theoretically correct, 
but as each term depends upon the preceding terms, it is clear that a serious 
practical obstacle is encountered when the terms after the first ones are to be 
computed. 

Other known methods of approach to the problem are general analysis and 
infinite matrices. 

In the present paper the solutions are given in terms of infinite series of 
definite integrals each integrand of which has a finite number of terms. 

The system of differential equations to be considered has the form 


dx; = 
(2) dt = 6;(t) + Qo Sinn (act 2 i <,’ (i, » and 1, 2,--+), 
where 41, --- , 4 are non-negative integers and 
(3) h = uw + Que + --- + mm, 


for all positive integral values of vy. The above arrangement of the terms in the 
right members of (2) is made in order that every term with a finite number of 
the z, with finite exponents will appear after a finite number of terms. The 
path of integration for the definite integrals appearing in the solution functions 
is the interval (t , t), where the variable ¢ is real and 


(4) le —t| = 4m. 
Received March 26, 1938. 
1 This Journal, vol. 3(1937), pp. 616-622. 
2? American Mathematical Monthly, vol. 43(1936), pp. 530-539. 
3F. R. Moulton, Differential Equations, p. 375. 
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For convenience the sequence 4; , --- , u, will be represented by uw, and hence 
the coefficient functions fi,,,....,(¢) will be represented by fi,(t). The func- 
tions 6;(t), fi,(t) are real functions of the real variable ¢ which are integrable 
(Riemann), but not necessarily continuous or bounded, on the interval (é , ¢) 
and satisfy the following conditions. 

I. There exists a real positive function @(u) such that 


(5) | O.() | S Ou), | Fuu(t) | S A,O(u) (= 1,2,---), 


where the A, are real positive constants and the function @(u) is integrable 
(Riemann) on the interval (é , ¢). 
II. The series 


(6) 1+ DA, (vy = 1,2, ---) 
converges and has the upper bound M when 
(7) |X|SR. 
III. The function @(u) satisfies the inequality 

() [ow +e= uw s *, 

0 2M 
where c is a non-negative constant, and 
(9) @ . O(u) du = 0(u), 

du Jo 


except possibly at the set of points E of discontinuity of the functions 6;(¢), fi,(t). 

Formal solutions of the system of differential equations (2) are found in §1, 
and these series are proved to converge in §2. In §3 the formal solutions are 
proved to have derivatives at all points on the interval (é , t), except at the set of 
points E. 


1. Formal solution of the system of differential equations (2). The trans- 
formation 


(10) n= Ky, (= 1,2,---), 
where K is an arbitrary parameter, reduces equations (2) to the form 

Y cnet Wem - 6) + faldunK 
(11) + {fa(Oy2 + finlt)yn + fealty} K° + --- 


= 6,(t) + > [> Omy’ fie) =n [1m] ern [v1] = (vm, ]] =. 
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where [pq] denotes y with subscripts pg and exponent y,, ; uw’ represents the 
sequence win, --+ , Mim, ,»***» Mel, *** » Mym,; the m, ---, m, are positive 
integers less than m; the am,’ are positive constants; and >, represents the sum 
of all of the terms for which 


(12) par + Qpr2 +--+ + Mypim, + +++ + vn + +++ + (V+ m, — 1)pym, =m — 1. 


The parameter K is introduced in order that a convenient arrangement of the 
terms of the right members of (11) can be made. 

A formal solution of the system of differential equations (11) can be found by 
replacing K by unity and solving, sequentially, the system 














ya = 6,(t), 
%e = falOyn, 
as) | 
= fal(Oyre + for(t)yn + faldyh 
Bit =F come fol] += [Lm] ++ el +++ fom] (m = 2,3, +). 


Equations (13) are obtained by equating the coefficient of K”**” in the left 
member of (11) to the coefficient of K"™ in the right member. The system of 
differential equations (13) has the solution 


ba = ig 6;(t) dt +c= na(t), 


Yea = [ “fam() dt = nalt), 
(14) Px 


Y3 = { [fa(t)me(t) + fir(t)nar(t) + fo(t)nn(O) dt = na(t), 





— [ ; [X com fig(t) [11] << + [Img] «+ [vl] «++ fvm]] dt = nin(?), 


where [pg] now denotes (t) with subscripts pq and exponent y,, and where the 
c; are arbitrary parameters which satisfy the inequality 
(15) le| Se. 


Hence a formal solution of the system of differential equations (2) is 


(16) 1, =D niall (6 = 1,2, ---), 


where the functions 7in(t) are defined by (14). 
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2. Proof of the convergence of the series (16). In order to obtain a satis- 
factory dominating function, consider first the differential equation 


” dX 
(17) aq 
where h is defined by (3), » is an arbitrary positive integer and U is the inde- 
pendent variable. As n is a finite positive integer, it is clear that v is finite, 
whereas v takes on every finite positive integral value in (6). It follows from 
the assumption II that M is an upper bound of the right member of (17), and 
this right member will converge absolutely when the inequality (7) is satisfied 
for every positive integral value of n. Hence the right member of (17) can be 
arranged as a power series in X in the form 


_ 1 + 2, 4,xnr™ (v = L, ++- a), 


(18) ax 1+ D3, 
dl k=1 

where B, is the sum of all the A, for which 
(19) mtu tee) + mH =k (vy = 1,---,™m). 
Hence 

(By = Ay + An + +++ + Ao...01 (n terms), 
(20) 1 

[B= A, (ui +--+ +u, =k; k = 1,2,---). 


A solution of the differential equation (18) can be found in terms of a power 
series in U in the form 


Qi x=U+saui+(LB + 1B: )U" +(} Bit+; BBs +: 1B) U' — ty 


° . 4 
which will converge when 


. R 
(22) U < sy 
Consider now the system of differential equations 
dx; 


(23) qu it Qe AXT XP XP Gv =1,--+5 0), 
where h is defined by the relation (3). A formal solution of the system of 
differential equations (23) can be found by the method of §1 in the form 


X;,=U+ yu “+(t AjU* + 


sifu U" 7 : yArl "4. 


(24) 
= > HU) (i = 1, ---, my, 


m= 


*F.R. Moulton, Differential Equations, p. 27, formula (12). 
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where 
( Ha(U) al U, 


41 72 
(25) H2(U) _ 3A, ? 


Hin(U) = [ SianerApf40) «-- {ten} --- femal aU, 


where {pq} denotes H(U) with subscripts pg and exponent u,,. Hence 


(26) Him(U) = Hi,(U) ((=1,---,n;m=1,2,---). 


The integrands in the definite integrals of (25) are polynomials in the H,;(U) 
(¢=1,---,n;j = 1,---,m — 1), every term of which is of a degree equal to 
or greater than one except the H,(U) which are of the first degree in U. As 
every term of the integrands in (25) are of at least the first degree in the H;;(U) 
and the H,(U) are of the first degree in U’, it follows, sequentially, that, after 
integrating, the Him(U) (m = 2, 3, --- ) will contain no term of the first degree 
in U. The H,;,,(U) that contain a term of the second degree in U arise from 
integrands which have a term of the first degree in U. In order that an inte- 
grand of (25) contain a term of the first degree in LU’ the equations 


(27) Mar toss Mim, ves + Met tes + bom, = 1 

and 

(28) Mie => ee => Mim, = ee = My => ee = Mum, = 0 

must be satisfied. Equation (28) follows from the fact that the Hin(U) (m = 
2, 3, --- ) contain no term of the first degree in U. Under these conditions 
equation (12) reduces to 

(29) Mu + Quy + +++ + ven = m — I. 


As v S& n, it follows from (27) that there is only a finite number of values of m 
for which equation (29) can be satisfied. Hence there is only a finite number 
of the Him(U) that contain a term of the second degree in U. Similarly it can 
be shown that there are only a finite number of the H;,(U) that contain a 
term of the j-th power of U (j = 1, 2,--- ). Therefore the right members 
of (24) can be arranged, formally, in a power series in LU’ every coefficient of 
which is a finite number. It follows from (25), (26) that the series (24), 
when arranged in power series in U, will satisfy the differential equation (17), 
and as the power series solution of this differential equation is unique, it is clear 
that the solution (24) is identically equal to the solution (21). Hence the 
solution (24) will converge when the inequality (22) is satified. 
The right member of the differential equation 


(30) a =1+ pe leaden (v = 1,2, coe) 
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where h is defined by (3), will converge when |Z! < R. The right member of 
(30), being absolutely convergent, can be arranged in a power series in Z in the 
form 


(31) S 214+ Te, 
dU k=1 
where the C; are defined by the equations 
(32) ‘a = A; + An + Aor + --- (an infinite number of terms), 
C=> A, (41 + we + +--+ uw, = kjk, vy = 1,2,---). 


A solution of the differential equation (31) can be found in terms of a power 
series in U in the form 


aia ‘ | ts 3 ‘ 1 ] 1 , 
(33) Z=l +5eiur+(Zet+ia)u+(s 1+ FOG +4 Gut, 


which will converge when the inequality (22) is satisfied. It follows from (32) 
and (20) that 
(34) lim B, = C, (k = 1,2,.--), 


no 
and hence 


(35) lim X 
where X is defined by (21) and Z is defined by (33). 

As the series (24) and (21) are identically equal in l’ when the inequality 
(22) is satisfied, it follows that the relation (35) is true when X is defined by the 
series (24). But the limit as n approaches infinity of the solution functions 
(24) is precisely the series obtained by solving the differential equation (31) by 
the method of §1. This solution is 


Z, 


Sl 


a ee ae , 
(36) Z=L + SAU? + (ZAtU" + Am? + 3 Al!) + vies 
= 2X Min(U). 


Hence the series (36) will converge when the inequality (22) is satisfied. 
A formal solution of the system of differential equations 


4 4 DAzeae ... 2h teak & s+), 
dU h=1 


can be found by the method of §1 in the form 


(37) 


ss ] ‘ 1 i 1 * 1 P 
(38) Z4,.=U+ 5 Ail 74 (Hate ‘+ 5 Anal ‘+ 3 Aal ‘) + ++. 


= a Ninll ), 


m=1 
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where 
(39) Nin(U) = Nin(U) (@¢ = 1,2,---). 


As the right members of (38) are the same as the right members of (36), it is 
obvious that the series (38) will converge when the inequality (22) is satisfied. 
When the variable ¢ varies from t to t, the variable u varies from zero to u, 
and it follows from the relation (8) that the variable U varies from c, a non- 
negative number, to U. 
The function N;,,(U) is defined by the definite integral 


Nin(U) = [ [do amy Ay {Il} --- {vm,}]dU 
(40) > [ [S cemy Ay {11} «++ {vm,}] dU 


= [ [D> amy Ay {11} -++ {vmy]} 0(u) du, 


where {pq} now denotes N(U) with subscripts pq and exponent 4p. It follows 
from (14) and (40) that 

(41) | nim(t) | S Nim(U), 

and hence the formal solution (16) of the system of differential equations (2) 


will converge when the inequality (22) is satisfied. 


3. Proof of the existence of the derivatives of the solution functions (16). 
The function in(t) has the form 


Nim(t) saad I (> my fix] -*. [vym,]] dt 


(42) 
= [ Gim(t) dt, 
where 
(43) Gim(t) = Qo cemy fiu(t) [11] - - - [vm] 
and 
(44) | Gim(t) | S omy Ayt il} --- {vm,}6(u). 


The functions fi,(t), 6:(t), 0(u), being integrable on the interval (4, ¢), are at 
most discontinuous at a set of points Z of measure zero. The functions nim(t) 
are continuous for all values of t on the interval (4, t) except at the set of 


7 


points E 


5. J. Townsend, Functions of Real Variables, p. 212, Theorem IV. 
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The series (33) is a power series in U and hence has a derivative with respect 

toU. As the series (36) is identically equal to the series (33), it follows that the 
series (36) has the derivative 


dZ = d ‘ 
(45) dU —_ p> dU Ni» (l ), 
which is absolutely and uniformly convergent when 
(46) iuis& (R’ < R). 
~ 2M 


Evidently the derivative of Z with respect to u is defined by the series 


dZ — d , 
(47) = = pe Nin(U) -0(u), 


for all values of ¢ on the interval (é , ¢) except at the set of points E of measure 
zero. Inclose the set E in a sequence of intervals (6;) the sum of whose lengths 
is less than ¢ which is arbitrarily small. Delete this sequence of intervals from 
the interval (4, #). It follows from the inequality (44) that the function 
Gim(t) is bounded and continuous on the deleted interval (4 , t). Hence 


d 
(48) a nim(t) = Gim(t), 
for all values of ¢t on the deleted interval (t, ¢). The right member of (47) 
dominates the series 


(49) YF rinlt) = L Gall), 

m=1 m=1 
and hence the series (49) converges absolutely and uniformly on the deleted 
interval (&, ¢). Therefore the functions defined by the series (16) have de- 
rivatives at every point on the deleted interval (t , #).° As € is arbitrarily small, 
it follows that the functions defined by the series (16) have derivatives at every 
point on the interval (t , t) except at the set of points F of measure zero. 


Conclusion. By expressing the solution functions (16) of the system of 
differential equations (2) in terms of infinite series of definite integrals, the re- 
quired hypothesis involves the theory of definite integrals and infinite series, 
but does not require that the right members of the system of differential equa- 
tions be bounded or continuous on the path of integration. However, the 
points of discontinuity form at most a set of points of measure zero. 

The method of finding the solutions of the present paper is essentially the 
same as that used by the author in finding solutions of a system of n differential 


* Townsend, loc. cit., p. 363, Theorem I. 











574 JESSE PIERCE 


equations’ except that the arrangement of the terms of (11) is not the same as 
the corresponding equations (6) of the previous paper. 

A slight modification of the method of finding the solutions in terms of power 
series in a parameter y, discussed by F. R. Moulton,® for a system of n differen- 
tial equations will give the system (13) of the present paper. However, if the 
solutions are required to be power series in uw, then the ¢; of the present paper 
must all be taken equal to zero. It is to be noted that the properties of the 
right members of the differential equations as functions of the independent 
variable are not the same in this paper as those used by Moulton. 

The underlying principle of the present paper is to express the solutions as 
infinite series in the form 


(50) i= pe Yin 
h=1 
such that when (50) is substituted in (1) the result can be arranged in the form 
dyin _ > — 
(51) De a = Le alt, yir) (j,k =1,---,h—1), 
h=1 dt h=1 


where the Y(t, yj) are integrable when the y;, are continuous functions of t. 
Thus a formal solution is found by integrating the system 


" dy; ’ 
(52) a¥ih = walt, yin) (i,k = 1, 2,3, ---). 


The present paper is an example in which the yYia(t, yj) are readily found 
and the convergence of the solutions can be proved. 

Solutions of a more general system of differential equations in infinitely 
many independent variables can be found by a treatment similar to that of §3 
of the author’s paper cited in footnote 1. 


HEIDELBERG COLLEGE. 


7 See reference in footnote 1. 
® Moulton, loc. cit., Chapter III. 














RELATIONS BETWEEN CERTAIN CONTINUOUS TRANSFORMATIONS 
OF SETS 


By R. G. Smmonp 


In a paper on arc-preserving transformations’ G. T. Whyburn has shown that 
under certain conditions a transformation is a homeomorphism on each cyclic 
element of a compact locally connected continuum. The principal result is 
obtained by using a transformation which is are-preserving and irreducible. 
After studying Whyburn’s theorems, the writer investigated the problem of 
finding conditions for a homeomorphism on the whole of any compact locally 
connected continuum and also of finding other conditions for a homeomorphism 
on the cyclic elements. In working with continua other than cyclic elements, 
it was found necessary to define some new transformations and to impose condi- 
tions on the sets obtained by the transformations. After true arc-preserving 
and strongly irreducible transformations were defined, it was found that one of 
Whyburn’s proofs could be modified to give a proof of conditions for a homeo- 
morphism on any compact locally connected continuum. The writer has also 
defined a tree-preserving transformation and has found additional conditions 
which will make it a homeomorphism in both cases, first on the cyclic elements 
and then on the whole of any compact locally connected continuum. To do 
this, true tree-preserving and strongly monotonic transformations have been 
defined. After these various transformations were studied, it was found that 
certain relations existed between them, and theorems about some of these rela- 
tions are also proved in this paper. 

The writer wishes to express her appreciation for the help given by Professor 
W. L. Ayres of the University of Michigan, who suggested the investigation 
of this problem and gave valuable criticism and advice during the preparation 
of this paper. 

We shall assume throughout that our space is metric and compact. A knowl- 
edge of the theory of cyclic elements will also be assumed. Definitions of and 
theorems about cyclic elements may be found in an expository paper by Kura- 
towski and Whyburn.” 

The symbol (A) will mean a transformation # on the set A, where A is a 
compact locally connected continuum. All of the transformations which are 
considered are assumed to be single-valued and continuous. For a single-valued 
transformation continuity is equivalent to the property that a closed set comes 


Received March 31, 1938; presented to the American Mathematical Society, April 9, 1937. 
1G. T. Whyburn, American Journal of Mathematics, vol. 58(1936), pp. 305-312. 
?C. Kuratowski and G. T. Whyburn, Fundamenta Mathematicae, vol. 16(1930), pp. 
305-331. 
575 











576 R. G. SIMOND 


from a closed set, and, since compactness is assumed, it follows that a closed 
set goes into a closed set. These facts can be easily verified and have been 
found useful in the proofs of some of the theorems. 

The following types of transformations are used in the proofs of the theorems 
in this paper: arc-preserving, true arc-preserving, tree-preserving, true tree- 
preserving, homeomorphic, contracting, irreducible, strongly irreducible, mono- 
tonic, and strongly monotonic. Four of these have been studied previously, 
but the remaining six, viz., the true are-preserving, tree-preserving, true tree- 
preserving, contracting, strongly irreducible, and strongly monotonic trans- 
formations are defined for the first time in this paper. The definitions of these 
transformations will now be given and the reasons for introducing the new ones 
will be stated. 

If &(A) = B, ® is said to be arc-preserving if the image of every simple are in 
A is either a simple are or a single point in B.’ A true arc-preserving trans- 
formation is defined so as to eliminate the possibility of an are being carried 
into a point, that is, the image of every non-degenerate arc in A is a non-degener- 
ate arc in B. 

To obtain a transformation which is a little more general, a tree-preserving 
transformation is defined as follows. If #(A) = B, & will be said to be tree- 
preserving if the image of every subset of A which is a tree is either a non-degener- 
ate tree or a single point in B. As in the case of the arc-preserving transforma- 
tion, in order to eliminate the possibility of a tree in A being carried into a single 
point, a true tree-preserving transformation is defined as one in which the image 
of every non-degenerate tree in A is a non-degenerate tree in B. 

The definition of a homeomorphic or topological transformation is well known 
and will be omitted. A new transformation is introduced which only requires 
that when #(A) = B, B shall be homeomorphic with a subset of A. In this 
case ® is called a contracting transformation. 

Whyburn has used the idea of the irreducibility of a transformation in his 
paper on arc-preserving transformations. Given (A) = B, he defines ® as an 
irreducible transformation if no proper subcontinuum of A maps onto all of B.* 
In order to extend theorems for cyclically connected sets to the case of any locally 
connected continuum, it has been found necessary to define a new transforma- 
tion in which subcontinuum of A is replaced by any closed subset of A. That is, 
the condition that this subset of A be connected has been removed. Accord- 
ingly, given &(A) = B, ® is defined as a strongly irreducible transformation if no 
proper closed subset of A maps onto all of B. 

In a paper on the structure of continua,’ Whyburn states a definition of a 
monotonic transformation. Given #(A) = B, ® is defined as a monotonic 
transformation if & '(b) is connected for every b eB. & '(b) is used to represent 


3G. T. Whyburn, loc. cit. 

4G. T. Whyburn, loc. cit. 

5G. T. Whyburn, Bulletin of the American Mathematical Society, vol. 42(1936), pp. 
49-71. j; 
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the set of all points z of A such that (x) = 6, wherebe B. This idea has been 
used previously by C. B. Morrey.® A new definition has been introduced 
because the condition that @'(b) be connected was found not to be sufficient 
in the case of locally connected continua not cyclically connected. A strongly 
monotonic transformation provides not only that @ '(b) be connected, but that it 
be arewise connected. 


A. Sufficient conditions for a homeomorphism. In his paper on arc-preserv- 
ing transformations’ Whyburn proved: “If A is a locally connected con- 
tinuum and #(A) = B is irreducible and arc-preserving, then ® is a homeo- 
morphism on each true cyclic element of A on which ® is not constant”. In 
order to obtain conditions which will make ® a homeomorphism on all of A, 
the true are-preserving and strongly irreducible transformations have been 
defined. 

The need of these stronger conditions may be seen from the following exam- 
ples. First let A be a set which is the sum of three ares B, C, and D such that 
B joins c and d, interior points of C and D, respectively. Let ® be a trans- 
formation which is are-preserving and irreducible on A and such that #(B) = 
&(c) = O(d) and #(C)-&(D) = (B). It is evident that is not a homeo- 
morphism on A, but since #(B) is a single point, ® is not true arc-preserving. 
Next let A be the sum of three ares B, C, and D such that B-C = z,C-D = y, 
and B-D = 0. Let ® be a transformation which is true are-preserving and 
irreducible on A and homeomorphic on B, C, and D, and such that #(B).@(D) = 
#(C). If c is any interior point of (C), @“(c) contains three points of A. 
Therefore © is not a homeomorphism on A. But since (A) can be obtained 
from a closed subset of A, namely, B + D, ® is not strongly irreducible. 

THEeorEM 1. [If A is a locally connected continuum and ® is true arc-preserving 
and strongly irreducible on A, then & is a homeomorphism on A.° 

Let (A) = B. If ® is not a homeomorphism, then for some b « B, ® '(b) 
contains at least two points z and y. Since A is arewise connected, there is an 
are zy in A, and since @ is true are-preserving, ®(zy) is a true are. Select a 
point p # zx or y so that ®(p) is an endpoint of ®(rpy). Since A is locally 
connected, U, and U, can be selected as arewise connected neighborhoods of 
x and y, respectively, and such that U,-U, = 0. Since under a single-valued 
continuous transformation a closed set comes from a closed set, ® '(p) is a closed 
set. Therefore U, and U, can be selected so that U,-®'(p) = 0 and U,-® “(p) 
= 0. Since U, is open, A — U, is closed. Since ® is strongly irreducible, 
there is a point c in U, such that @"[4(c)] C U,, for otherwise the closed set 
A — U, would map onto all of B. Similarly there is a point d in U, such that 
® '[@(d)] C U,. Therefore &(c) ~ &(d). U, being arewise connected, there 


6 C. B. Morrey, American Journal of Mathematics, vol. 57(1935), pp. 17-50. 

7G. T. Whyburn, loc. cit. 

* The proof of this theorem is a modification of the proof of the theorem by Whyburn 
which is stated above. 
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is an arc from c to z in U,. Let q be the first point on this are from c to x 
which is also on the are zpy. Similarly let r be the first point on an are from 
d to y in U, which is also on the are xrpy. 

Let M = cqg+ qp+ pr+rd,whichisanarcinA. If is true are-preserving, 
#(M) is an arc, and one of the three distinct points #(c), &(d), and @(p) must 
separate the other two on this are. (gpr) is a subare of &(zy) and this contains 
a subare N from #(q) to ®(r) which does not contain #(p), for &(p) is an end- 
point of @(zy) and since U,-® ‘(p) = Oand U,-® ‘(p) = 0, ®(q) ¥ ®(p) ¥ ®(r). 
Since (cq)-®(p) = 0 and &(dr)-&(p) = 0, &(cqg) + N + (dr) is a connected 
subset of 6(M) which does not contain @(p). Therefore #(p) does not separate 
#(c) and @(d). (cq + gp) is a connected subset of (M) which does not con- 
tain &(d), and therefore @(d) does not separate ®(p) and ®(c). Also @(dr + rp) 
is a connected subset of #(M) which does not contain (c) and therefore #(c) 
does not separate ®(p) and #(d). Since no one of the three points separates 
the other two on #(M), #(M) is not an are. But this is a contradiction, and 
therefore ® is a homeomorphism on A. 

In order to obtain similar theorems by replacing an arc-preserving by a tree- 
preserving transformation on A, it was found necessary to place a condition on 
(A). If &(A) does not contain a free arc,’ it is possible to have @ tree-preserv- 
ing and irreducible on A and yet not a homeomorphism. This is illustrated 
by the following example where A is a circle and (A) = B is a universal tree 
of order four. 

The tree of order four which is described here is slightly different from the 
one described by K. Menger.”® Let C be the portion of the (r, @)-plane which 
is bounded by r = 1. Let I be that portion of C which lies in the first quadrant. 
Let L be the line 6 = 45° and let I, and I, be the two portions of C into which 
I is divided by L. Let S be a segment of L with (0, 0°) as one endpoint and 
such that all of its other points lie within I. Select a countable set of points 
{b,} dense on S and not including the endpoints of S. At b; erect two perpen- 
diculars, Si and S;, such that all of their points except b, lie in the interior of 
Di and Dj, triangles with b, as one vertex which lie in I, and I, , respectively, 
and are of diameter < 3. At be erect two perpendiculars, S? and S} , such that 
all of their points except be lie in the interior of D2 and Dj, triangles with b» as 
one vertex which lie in I, and I, , respectively, are of diameter < 4, and are 
such that D,- D2. = 0 (@ = a, b). Continuing in this manner for all the b,’s, 
in general erect two perpendiculars, Si and Sj}, at b; such that all of their points 
except b; lie in the interior of Di and Dj, triangles with b; as one vertex which 
lie in I, and I,, respectively, are of diameter < 1/(i + 1), and are such that 

i—l 
Di. >> Di, = 0. Let T} = D Si. 
j=1 a? 


On each S* select a countable set of points dense on the segment and not 


* An arc zy of a set M is called a free arc if the are ry — (x + y) is an open subset of M. 
In other words, no interior point of the are is a limit point of points of M not on the arc. 
19K. Menger, Kurventheorie, 1932, pp. 318-322. 
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including its endpoints, and at each of these points erect two perpendiculars, 
St}, and St}, (where the superscripts correspond to the numbering in the countable 
sets of points selected and the subscripts indicate in what portion of I the per- 
pendicular lies), satisfying conditions like those for the perpendiculars to S, 
so that 77 = } y sii, (8 = c, d) will not contain more than a finite number of 
ares of diameter > ¢ for any e. 


rm: . . rp3 oped ° 
This process can be continued to obtain 77, 7], - -- so that there is no free are 
i < 
in By, where By = S+ > T7i. Let Bu, Bm , and Bry be similar sets con- 
i=l 


structed in the second, third, and fourth quadrants, respectively. Let B = 
>> B;. B is a universal tree of order four. 
i=I 

Let A be the circle r = 1, and let A be transformed into B in the following 
manner. Let # be a transformation which carries (1,0°), (1,90°), (1,180°), 
and (1,270°) into (0,0°) and such that each of the four ares into which A is 
divided by these points is carried into a polygon P; (¢ = I, --- , IV) lying within 
the part of C which is in the 7-th quadrant, and such that a component of 
B — (0,0°) is wholly in the interior of it. Let #, transform four points of P{ 
into b and carry the four ares into which Pj is divided by these points into four 
polygons Pj; (i = 1, --- , 4) within P{ and such that a component of By — b, 
lies wholly within each, and let &, transform Pj; , Py , and Py in a similar way. 
Let #2 be a transformation which carries four points of the Pj; in which bs lies 
into bs and the four ares into four polygons as above, and let : transform a P?; 
in each of the other quadrants in the same way. If this process is continued 
for each branch point of B, then & = lim 4; is a transformation of A into B 
which is tree-preserving and irreducible, but not a homeomorphism. 

THroreM 2. If A isa locally connected continuum which is cyclically connected, 
and & ts a tree-preserving and irreducible transformation on A, and (A) contains 
a free arc, then ® is a homeomorphism on A. 

Let (A) = B. If ® is not a homeomorphism on A, then for some b « B, 
 '(b) contains at least two points x and y. Let v # b be an interior point of a 
free are in @(A). Let »; be a point of & ‘(v). Since A is cyclically connected, 
there is an are ryy in A. Since © is tree-preserving on A, @(rny) is a tree. 
Let this be 7. T contains b = #(x) = (y) and v and therefore an are from 
b to v. Since v is an interior point of a free are in @(A), there is a subare pe 
of the are bv such that p is an interior point of a free are in 7. Let p, be a point 
of ® '(p) on the are roy. 

Since py # 1, ~p: must be on the are yx or the are yy. Suppose p, is on the 
are vy. Select a neighborhood U,, such that it contains no point of the are 
vr. Since A being cyclically connected has no cut points, there is a U},, C U,, 
such that A — U}, is connected." Since is irreducible on A, there is a point 
cin U}, such that & “[(c¢,)] C U}, , for otherwise A — U},, would map onto all 

™H. M. Gehman, Proceedings of the National Academy of Sciences, vol. 14(1928), 
pp. 431-433. 
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of #(A). Let the diameter of U}, be ¢ and select a sequence of neighbor- 
hoods {U‘,,} such that U‘, is of diameter < ei’, and select a sequence {c;} such 
that &[(c,)] C U},. Since p; is a limit point of {c;}, p is a limit point of the 
corresponding sequence {c;} in (A). Since p is an interior point of a free are, 
there is some c; on the are bv such that @“(c,) C US,. But the are 2 is a sub- 
are of the are zy and therefore (v,27) is a subtree of 7’, and since (v,2) contains 
b and », it also contains c,. Since »,z contains a point of & '(c,), we have a con- 
tradiction, and therefore @ is a homeomorphism on A in this case. The other 
case may be proved in the same way. 

THEOREM 3. If A is a locally connected continuum, and ® is a true tree-preserv- 
ing and strongly irreducible transformation on A, and every arc of ®(A) contains a 
free arc, then © is a homeomorphism on A. 

Let (A) = B. If © is not a homeomorphism on A, then for some b « B, 
@ '(b) contains at least two points z and y. Since A is a locally connected 
continuum, there is an are zy in A. Since ® is true tree-preserving, (ry) is a 
tree. Let &(zy) = T. Let v be any point of T other than b, and let »; be a 
point of @ ‘(v)-(are zy). Let p be some point of the arc bv in T' distinct from 
v and b and on a free are of (A). This is possible since every arc of ®(A) con- 
tains a free arc. Let p, be a point of @ ‘(p)-(are zy). Then p, ¥ v,, for ® 
is a single-valued transformation. 

Since p; # » , p: must be on the are yz or the are vy. Suppose p,; is on the 
are ny. Let U}, bea neighborhood of p, which contains no point of the are 
v2. Since U},, is open, A — U',, is closed. Since is strongly irreducible on A, 
there is a point ¢ in U}, such that &“[#(c,)] CU}, ‘pis for otherwise A — U}, 
would map onto all of (A). Let the diameter of U},, be € and select a sequence 
of neighborhoods {U5} such that l ia is of diameter < e', and select a 
sequence {c;} such that &"[(c,))] C U},. Since Pr is a limit point of {c;} in A, 
p is a limit point of the corresponding sequence fe;} in $(A). Since p is ona 
free are, there is some cy on this are. ® “(cx) C U*,. But the are yz is a 
connected subset of the are zy and therefore (v,x) is a connected subset of 7, 
and since (y,x) contains b and », it also contains c,. Since the are »,z contains 
a point of & “(c,), we have a contradiction, and therefore ® is a homeomorphism 
on A. 

This theorem without the condition that every arc of &(A) contains a free are 
is not true. Let A be an are ab and let c and d be any two distinct interior 
points of A in the order acdb. Let (ac) and #(bd) be ares having only @(c) = 
#(d) in common, and let @ be a homeomorphism on each of these ares. Let 
&(cd).b(ac + bd) = (c), where (cd) is defined in the following manner. 
Let #,(cd) = Y be the circle r = 1 in the example of the universal tree of order 
four described above, and let #; be such that for any y ¢ Y except (c) = #(d), 
#;'(y) contains only one point of the are ed. Let 4 be a transformation which 
carries Y into a universal tree just as @ does in the example above. Let ®@ = 
4,-$,. Since (cd) is a universal tree, it contains no free are. @® is tree- 
preserving on A, for since @(A) is a tree, every closed connected subset of (A) 
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is a tree, and @ is strongly irreducible on A, for ® is a homeomorphism on the 
are ac and on the are bd, and all of the are cd except its endpoints is needed to 
obtain @(ed). But since (A) is not an arc, @ is not a homeomorphism on A. 

In order to find other conditions for a homeomorphism on a locally connected 
continuum, a strongly monotonic transformation has been defined, for it was 
found necessary to have #(b) not only connected but arewise connected for 
every b ¢€ B. 

TuHeoreM 4. If A is a locally connected continuum and # is a strongly mono- 
tonic and true tree-preserving transformation on A, then ® is a homeomorphism on A. 

Let (A) = B. If © is not a homeomorphism on A, then, for some b « B, 
&@ '(b) contains at least two points z and y. Since @ is strongly monotonic on 
A, there is an are xy in A such that ®(zy) = b. But since # is true tree-preserv- 
ing on A, this is a contradiction, and therefore ® is a homeomorphism on A. 

This theorem is not true if @ is strongly monotonic but simply tree-preserving 
instead of true tree-preserving on A. If A is an are and #(A) is a single point, 
# is strongly monotonic and tree-preserving, but # is not a homeomorphism on A. 

In Theorem 4, if A is hereditarily locally connected, strongly monotonic can 
be replaced by monotonic. 

TueoreM 5. If A is a hereditarily locally connected continuum and ® is a 
monotonic and true tree-preserving transformation on A, then ® is a homeomorphism 
on A. 

Let (A) = B. For any b « B, ® '(b) is closed, for a closed set comes from 
a closed set under a single-valued continuous transformation. Since ® is mono- 
tonic on A, &“(b) is connected. Since ”'(b) is closed and connected, it is a 
subcontinuum of A. Since A is hereditarily locally connected, any subcon- 
tinuum is arewise connected. Therefore # is strongly monotonic on A, and by 
Theorem 4, @ is a homeomorphism on A. 


B. Other relations between transformations. In order to prove other rela- 
tions between transformations, it has been found convenient to establish a few 
lemmas concerning a configuration which has been called a Y,-set and to intro- 
duce a new subdivision of a tree. 

A Y,-set is defined as the sum of n ares, n 2 3, having a common endpoint 
and such that this endpoint is the only point common to any two of the ares. 
The ares will be called the branches of the set, and their common endpoint will 
be called the center of the set. Thus Y; = A + B + C with center z will mean 
that A, B, and C are three ares having x as a common endpoint and A-B = 
B-C=A-C=z. . 

Lemma 1. Given Y; = A + B+ C with center x. If ® is arc-preserving on 
Y;, then (Y3) is an arc or a single point, or ®(Y;) = (A) + O(B) + ¥(C), 
where &(A), &(B), and #(C) are three arcs having (x) as common endpoint and 
$(A)-(B) = 0(B)-&(C) = &(A)-&(C) = (2). 

I. &(Y;) will be an arc or a single point if (A) C (B+ C). B+ Cisan 
are and therefore since # is are-preserving, #(B + C) is an are or a single point. 
But as (A) C 0(B + C), &(Y;) = (B + C). 
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II. If &(¥3) is not an are or a single point, it follows from I that (B) is not 
a subset of @(C) and #(C) is not a subset of ®(B), and therefore 6(B).#(C) 
is a single point, or an are from some point s to some point ¢ in the are (B + C), 
where s and ¢ are endpoints of the ares @(C) and #(B), respectively. Since 
BDzrandC Dz, &(B)-&(C) D &(z). 

If &(B)-(C) is an are st, let r be the other endpoint of &(C). From I we 
know that (A) is not a subset of @(B + C), i.e., there is a point a « A such that 
(a) is not an element of (8B + C). There is an are az in A and, since ® is 
arc-preserving, ®(ax) is an are in ®(¥3). Let p be the first point that this are 
has in common with ®(B + C). Since (A + C) is an are, p must be an 
endpoint of #(C). If p = r, then ®#(C) C (A 4+ B) and (Y3) is an are 
by I. If p = s then (A + B) isnot anare unless s = t = (x). Therefore, 
since ® is arc-preserving and ®(A + B) must be an arc, 6(B)-®(C) = (x) and 
#(x) is a common end-point of &(B) and #(C). 

Similarly it can be shown that ®(A)-®(C) = (x) and 6(A)-#(B) = (2), 
and (x) is the common endpoint of any two of the ares. 

Lemma 2. (Given a Y,-set with center x, if ® is arc-preserving on Y,, then 
#()',) is an arc or a single point, or &(Y,,) is the sum of the transforms of k of the 
branches of Y, (8 S k S n) having (x) as common endpoint and such that ?(x) 
is the only point common to any two of them. 

Let Y, = M, + Me +.---+ M,. If there are two branches of Y,, Ma 
and Mj», such that (My, + My») = ?(Y,,), then since My + Me is an are and 
# is arc-preserving, ®(Y,,) isan arc orasingle point. If ®(Y,) = (Ma + Me + 
--» + Mx), where k 2 3, and no $(M;;) C®(My + Met --- + Mu — M;;,), 
then by repeated applications of Lemma | we may show that (2) is the common 
endpoint of @(M,,), (Mx), --- ,®(Mx,) and is the only point common to 
any two. 

Corotuary 1. Given Y, = M, + Mz + --- + M, with center x. If & is 
arc-preserving on Y,, , and &(Y,,) is not an are (or a single point), then 

(a) &(M,) is an are with (x) as endpoint [or ®(M,) = &(x)]; and 

(b.1) af &(M,)-&(M;) = (2) for every M; # M;, then &(M,)-®(Y, — Nj) 
= (x), where N; = M; — 2, or 

(b.2) af &(M,) and &(M;) have points other than (x) in common, either 
>(M,) C &(M;) or &(M;) C O(M,). 

Remark. Lemma 2 and Corollary | are true for x a point of order w. If the 
center is a point of order w, the set will be called a Y,-set. 


— 
Lemma 3. If A is a tree, then A = 7 A, where 

a=1 
(1) Aj, ts any are whose endpoints are endpoints of A; 


4 
nj—2 


(2) fors>1,A, = > > D,; , where D,; is an are one endpoint of which is an 
j=l 


endpoint of A, and the other endpoint is a point of order n; and this is the only 
a—l 


point which D,; and > A, have in common, and the only point which two of the 
* t=l 


, 
D,;’s have in common; 
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(3) A — >> A, consists entirely of endpoints of A. 
s=1 


Let A; = L, be some arc joining two endpoints of A. Select the component 
of A — L, which has the largest diameter. Since there cannot be more than a 
finite number of components of diameter > 6 for any 4, the largest one can be 
selected. Let b; be the limit point which this component has on L,. Let the 
order of b; be n,. (If b; is a point of increasing order, n; will be w, and there 
will be a countable infinity of components.) There will be n,; — 2 components, 
C;, of A — L, such that C;-L, = b,. Since C; + b, is closed and bounded, 
there is a point g such that p(b; , gq) 2 p(b: , r), where r is any other point of C; . 
There is an are D2; with b; and an endpoint of A as endpoints and containing q. 
Select an arc in this manner from each C; and let the sum of these ares be Az ; 


nj—2 
i.e., Ao = > Dz;. Let Le = Ay a As ° 
i=1 


Select the component of A — IL, which has the largest diameter as above, 
and let be be the limit point which it has on L.. Let the order of be be ne. 
Select an arc in the manner described above from each of the ne — 2 components 
of A “ I, having 6: as a limit point. Let the sum of these ares be A; and let 


L; = >) A.. In general b; is selected so that it is the limit point on L; of as 
s=1 


large a component of A — L; as possible. Aj4; is selected so that it contains 
one arc, as large as possible, from each component of A — L; which has b, 


2 
as a limit point. L; = >> A,. 
s=1 


Any point p which is not an endpoint of A is an interior point of some arc 

uv.” Let the diameter of the arc up be «. The A,’s were selected in such a 
$1 

way that for any «¢ and for s, sufficiently large, no component of A — A, is of 
t=1 


$1 


diameter > ¢«. Therefore some point e of the are up belongs to >> A,.  Simi- 
t=1 
82 


larly some point f of the are vp belongs to >> A, for s: large enough. Therefore 
t=] 


s 
both e and f belong to }> A, for s equal to the Jarger of s; and s:. Since there 
t=1 
s 


is just one are from e to f, this is in }> A; and since this are contains p, p is a 
t=1 


point of >> A, for s large enough. This leads to the conclusion that A — }> A, 
t=1 s=1 


consists entirely of endpoints of A. 


Since each point of A — >> A, is an endpoint and all endpoints are limit points 


s=1 





of non-endpoints, A = >> A,. 


2G. T. Whyburn, Transactions of the American Mathematical Society, vol. 29(1927), 
p. 385. 








584 R. G. SIMOND 


TuHeoreM 6. Jf D is a locally connected continuum and ® is arc-preserving 
on D, then ® is tree-preserving on D. 

Although this result is one that might be expected intuitively, we have not 
been able to find a short method of proof. As the proof is long and detailed, 
an outline of the method used will be given first. We wish to show that if A 
is a tree, and @(A) = B, and @ is arc-preserving on A, then Bis atree. This is 
done by using three monotonic transformations, &, , @,, and #;. We let (A) 
= A’, &(A’) = A”, and #;,(A”) = A’”’. It is shown that A’, A”, and A’” are 
trees. © is defined on A’, A”, and A’” in such a way that $(A’) = #(A”) = 
#(A’”’) = B. Finally, A’” is obtained in such a way that # is a homeomorphism 
on A’” and this leads to the desired result that Bisatree. If we use these three 
monotonic transformations, sets which have certain desired properties are ob- 
tained. , produces a set A’ on which ® is true arc-preserving. 2 produces 
a set A” such that if z « B has two distinct inverses on A”, they are both on the 
same free arc. 3 produces a set on which @ is true arc-preserving and strongly 
irreducible, that is, as was shown in Theorem 1, a set on which ® is a homeo- 
morphism. 


I 


Let A be any subset of D which is a tree and let ®(A) = B. 

Since # is not necessarily true arc-preserving on A, there may be ares {a;} 
such that (a;) is a single point. Let {8;} be the set of components of > 
Let &, be a monotonic transformation which is constant on each 8;, but not 
on any are of A — }>8;. Let (A) = A’. Since under any monotonic trans- 
formation, the image of a tree is a tree,” A’ is a tree. Let &(8;) = ki. Let 
{Ci} be the components of A — >> B;. As 4, is a monotonic transformation, 
connectedness is an invariant under #;', and therefore #,(C,;)-#(C;) = 0. 
If for any point z e ,(C,), #1'(x) contains two distinct points x and x”, 
#;'(z) contains the are from z‘ to x” in A, as & is monotonic, but since 4 is 
not constant on any are of C,, this is a contradiction. Therefore ®;'(z) is a 
single point of A. If we define @ on A’ so that &(k;) = ©(8;) and ®(z) for x € 4 
(A — }58;) so that (x) = 4[#;'(z)], then 6(A’) = B and is true are-preserv- 
ing on A’, 


Il 


(A) Let {b?} be the branch points of A’ such that (6?) is a point of order 
one or two in B. Let {b;} be the branch points of A’ such that (b;) is a point 
of order greater than two in B. Let Mj; be the are from b; to b;. Let M = 
> Mi. Since M is a closed subset of A’ and A’ is a continuous curve, the num- 
ber of components of A’ — M is countable.” Let {Sx:} be the set of these 


% ©. Kuratowski, Fundamenta Mathematicae, vol. 11(1928), p. 182. 
4G. T. Whyburn, American Journal of Mathematics, vol. 56(1934), p. 295. 
%R. L. Wilder, Fundamenta Mathematicae, vol. 7(1925), p. 360. 
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components and let s; be the limit point of S,;in M. Each s, must be a branch 
point of A’ or a point of M — >> M,;. Let sf represent an s; which is a bf, let s; 
represent an s, which is 2 bj, and let s; represent an s, which is a point of M — 
> Mi. 

Casel. Syi+ st. This case is treated below in (B). 

Case 2. Sy: + s:. For any x ¢ S,;, by Corollary 1(a), the are zs, goes into 
an arc with (s,) as an endpoint. 

Case 3. Si +s. Any s is a limit point of {b;} and there is a subsequence 
of {b;} which approaches s; along an arc of M. Let {b;;} be such a subsequence 
which is ordered on the arc. For any x ¢ S;;, by Corollary 1(a), every are xb; 
goes into an are with (b;;) as an endpoint. Since (xb; ,;.:) C ©(xbj;) and 
lim {b;;} = (s;), &(rs;) is an are having (s;) as an endpoint by the Cantor 
Product Theorem. 

In Cases 2 and 3, let y be any point of S,; distinct from z. Since A’ is a tree, 
the are xs, and the are ys; have asubarc incommon. As ® is true are-preserving 
on A’, &(xs,) and #(ys,) have points other than #(s,) in common, and by Corol- 
lary 1(b.2), one is a subset of the other. As ® on S,; + 8 is a continuous 
transformation on a tree, &(S,; + s,) is a compact locally connected continuum. 
Since (S,;) contains no point of order greater than two, ®(S;; + sx) is an are 
or a simple closed curve. We next show that it is an arc. 

Let E be the set of endpoints of S;;. As E is separable we can let E = {2;} 
+ Q, where {z;} is a countable set and every point of Q is a limit point of {z;}. 
If, for any 2; , (x js,) = O(S;; + s,), then since (x ;s,) is an arc, (S;; + 8) is 
an arc. In this case let N; be the are rj. If ®(ajs,) # &(Sk: + 8) for any 
z;, then since either ®(2,s,) C (x;s,) or ®(rjs,) C (zie), there is a subse- 
quence {2;} of {z,} w hic h can be ordered so that (2;81) S (2; 4181) and such 
that for any x; not in {x;}, &(x,s,) is contained in ©(x}s,) for some z;. 


lim ©(z}s,) = lim >Y ¥(z}s:) = lim _ (x js.) = BCSki + 8x). 


One endpoint of (2;s,) is ©(s,). Let e; be the other endpoint. As {e;} is an 
ordered sequence on an are, it has a sequential limit point p. Let e;* be a point 
of @"(e;) on the arc x;s, and let {e;'} be a convergent subsequence of such 
points. Let q = lim {e;'}. If {ej} converged to s; , the diameter of the ares 
{e;'sx} would approach zero and the diameter of the arcs le; s.} would ap- 
proach zero, but ®(e;'s,) = ©(xjs,) and @(S;,; + s,) = lim (238%) cannot be a 
single point since # is true are-preserving on A’. Therefore g # s. For any 
e;' there is a q; such that are e;'s; + are qs, = arc qj8 + arc q,¢;' + are 9,q, 
where no two of these three ares have more than qg; in common. Since A’ is 
locally connected and q = lim {e;"}, the limit of the diameters of {q,e;"} is zero. 
As q; is on the are qs; ,q = lim {q;}. 


lim {ej 's.} = lim @{e;"'q;} + lim {qj} = &(qsx) 


and 


lim {e;"s.} = lim ®{xjs,} = ©(Ses + 82). 
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But #(qs,) is an are and therefore ®(S;; + s,) is an are. In this case let N; 
be the are qs; . 

Let K, = >N; where N : is an N; which has an s; as an endpoint and such that 
(N;)-@(M) = (s,). By Lemma 2 there is a Ki C K, where K, = Ny and 
the N;’s are N;’s such that ®(N;)-4(N;) = #(s;) and such that (Ki) = ©(K,). 
Let H;, be any N; which has an s; as an endpoint, and let H; be any H; such that 
®(H;)-®(M) = (sy). 

(B) A’ = M + Di(Sui + st) + LS tsi) + L(Sis + se). Let V = M + 
>Ki+ Hi. For some Ni, &(S;: + s:) = &(N,). If this N; is not in Ki, 
then either #(N,;) C (N;), where N; does belong to Ki, or &(N,) and 6(M) 
have points other than #(s,) in common. Let M , be an M;; such that 6(M ;) 
and #(N,) have points other than #(s,) in common. By Corollary 1(b.2), 
either &(M x) C ®(N,) or @(N,;) C O(M,,). If (Mx) is a proper subset of 
#(N,), then (b;) is on #(N,). The point b; is the center of a Y,-set, Y;. 
Since $(b;) is the center of a Y,-set, &(Y ;), there is a point z e ®(Y;) — ®(M xx) 
and a point y e (N;) — ®(M,) such that #(b;), z, and y do not lie on an are, 
but for any z, « ® ‘(r)-Y; and y, e ® ‘(y)-N;, the points z,, b;, and y; lie on an 
are and (z,b;y;) is an arc. Therefore in this case 6(N;) C @(M x). It follows 
that 4(S,; + s:) is contained in @(K;) or in (M jx) for some Mx, . The same 
method of proof can be used to show that ®(S;; + s;) is contained in 6(H;) 
or in ®(M ;,) for some My,. Any st which is not an sz on M is an interior point 
of an M;;. Let W; be any arc of S;,; + s; which has st as an endpoint. Since 
#(s,) is a point of order less than three and @ is true arc-preserving on A’, 
’(W, + M;,,;) is an are. If #(W,) is not a subset of 6(M;;), then an are of 
W,. + M;; can be found which does not go into an arc, just as in the proof above. 
Therefore 6(S;; + sz) is contained in @(M;,). It follows that #(V) D (A’), 
but since V is a subset of A’, ®(V) = (A’). 

Let {yi} be the set of components of A’ — V and let g; be the limit point of 
y:in A’ — V. Let 2 be a monotonic transformation which is constant on each 
y:, but not on any are of V. Let #,(A’) = A”’. Since & is monotonic and A’ 
is a tree, A” isatree. Let &:(y,) = j;. For any point x ¢ (V), @2'(z) isa 
single point of A’ (see proof above that #;'(x) is a single point of A). If we 
define @ on A” so that ®(j;) = #(g;) and #(x) for x ¢ &(V) so that (7) = 
$[2'(x)], then 6(A”’) = B. 


III 


Let X; represent any branch of a K; and let Z; represent any H;. Let A” = 
>> G; where each G; is a &:(M;,), a &:(X,), or a &(Z;). It can be shown as 
follows that if G; contains z but not y and G; contains y but not z, then &(z) # 
(y). Let 2, = 2'(x)-V and let y, = &2'(y)-V. 

(1) If M}; contains x, but not y, and Mj; contains y, but not x, the are 
from 2; to y; contains ab. Select any b; and b; such that the are b;b; contains 
z, and the are b;b; contains y,;. By Corollary 1(a), the images of these two ares 
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each have #(b;) as an endpoint. If they have another point in common, by 
Corollary 1(b.2), one is a subset of the other. The points b; and b; are centers of 
Y,-sets. Let these be Y; and Y;, respectively. Since ®(Y,;) and #(Y,) are 
Y,-sets, there is a point a « ®(Y;) — ®(M) and a point c e &(Y;) — ®(M) such 
that a, c, and $(b;) do not lie on an are, but for any points a, « ®“(a)-Y; and 
c, « ® '(c)-Y;, there is an are a,bic; and therefore @(a,bic;) must be an are. As 
this is a contradiction, (b/b,) and (b;b;) must have only 4(b;) in common, and 
(x) = P(x) ¥ P(y:) = Py). 

(2) If Mi; contains x, but not y; and X; contains y, but not 2 , select any b; 
such that the are from b; to b;, which is an endpoint of X;, contains z;. By 
Corollary 1(a), $(b;b;) and #(X;) each have (b;,) as an endpoint. If they 
have another point in common, by Corollary 1(b.2), one is a subset of the other, 
but there is an Mi; which is a subset of the are bby and which has b, as an end- 
point and the X,’s were defined so that (X,)-@(Mj,) = (b;). Therefore in 
this case @(2,) ~ &(y). 

(3) lf Mj; contains x; but not y; and Z; contains yi but not 2, , the proof that 
&(x,) # (y;) is the same as (2) with Z; substituted for X; . 

(4) If X} contains x, but not y; and Xj contains y, but not x, let b; and b; 
be the b,’s which are endpoints of X} and Xi, respectively. If b; = b;, 
(X})-@(X?) = 0(b;), for in this case X} and Xj belong to the same Ki. Suppose 
b, ~ b; and &(x,) = &(y,). There is an are from (x,) to (b;) in @(X?}) and an 
are from (y;) to (b;) in ©(X?) and therefore an are from (b;) to (b;) in 
@(X}) + 6(X}). There is also an are from (b;) to (b;) in ®(M). From (2) 
we know that &(X})-¢(M) = (b;) and ©(X?)-@(M) = (b;). Therefore 
(x,b;) + (b;b;) + ©(b;y,) contains a simple closed curve, but the image of the 
are aybiby; must be an are. Therefore &(x,) # &(y;). 

(5) If Z: contains x; but not y: and Z? contains y, but not 2, , the proof that 
(x;) ~ &(y:) is the same as the second part of (4) (b; ¥ b;, for Z}-Z; = 0) 
with Z; substituted for X; . 

(6) If X; contains 2, but not y, and Z; contains y, but not 2, , the proof that 
(2;) * &(y;) is the same as the second part of (4) (for b; ¥ b;) with X; sub- 
stituted for X! and Z; substituted for Xj and (3) used to show that @(Z,;)-#(M) 
= (b;). 

Since these six cases cover all the possibilities, if for any z « B, ®“(z) contains 
two distinct points in Di they both belong to the same G;. Select any 6 and 
any G;. Let this be G,. If for any z; « B there are two points uw and », of 
® '(z;)-G, such that p(w) > 6 (where p(w) is the diameter of the are uy), 
let ¢ be any interior point of this are. Let e; and e2 be the endpoints of G;, , 
where u; is on the are ec and y, is on the are ce,.. Let {2;} be the set of all points 
on the are eu such that there is a point y; on the are ve, such that (27,;) = 
’(y;). From the continuity of the transformation, {x;} is closed and therefore 
there is a last point of {2;} on the are from u toe. Let this be u’. Similarly 
there is a last point of {y;} such that ®(y;) = (u’) on the are from x to ee. 
Let this be v’. Let the are u’v’ be T;. Let 7; be 7; minus its endpoints. If 








588 R. G. SIMOND 


for any z, ¢ B there are two points uz and w of & “(z,)-(G, — 73) such that 
p(usve) > 4, select an are usv, = T': in the same way that 7, was selected. From 
the way in which 7, and 7; are determined, 7,-T; = 0. Continuing in this 
manner, we shall have a finite number of 7';’s > 6, for G,; cannot contain more 
than a finite number of mutually exclusive arcs of diameter > 6. Next use 
36 and G, minus the sum of the 7';’s previously defined. Continue this process 


n—1 


with 46, }5,--.. Repeat with G. — G,,---,G, — }OG;,---. After this 


has been completed for each G; , > G6, — 427; will not contain two points u; and 
v; such that &(u;) = &(v,). 

Let ®; be a monotonic transformation which is constant on each 7; , but not 
on any arc of A” — 7; . Let (A”) =A’. Since %; is monotonic and A” 
is a tree, A’”’ is atree. Let #(7;) = h;. For any point z e #,(A” — 2f), 
@; '(x) is a single point of A” (see proof above that ;'(x) is a single point of A). 
If we define on A’” so that #(h,) is the image of the endpoints of 7’; and ®(z) 
for x € ®(A” — >.T;) so that (x) = #[4;'(z)], we can show as follows that 
@(A’’) = B. Let e; and eg be the endpoints of G; and let uv; be any are of G; 
such that @(u;) = (v,;)._ Let c be any interior point of the are uw;. Now, if 
® '(c)-are eu; = 0, (c) is not on ®(e,u;) and it must be on &(v,e2), and there- 
fore @ ‘(c)-are vez # 0. Therefore 6(A’”) = &(A” — dT) + XT) = 
&(A”) = B. 


IV 


If, for any point z e B, #;'(z) contains two distinct points x and y in A’”, it 
follows from (1)—(6) above that they cannot belong to the images of two different 
G,’s and from the definition of @; they cannot both belong to the same #,(G;) 
for any 7. Therefore at least one of them must be a point of @,(A” — 4). 
Suppose z is such a point. Let 2 ' be a point of @3'(x)-(A” — G,) and let 
y be a point of #;'(y). As 4G; contains all the points of #.(>.M;; + > Ki + 
> H;), and all the points of }> Ki — > Ki and of }> Hi — So Hiarein M,x ‘isa 
point of @(M — 2 M;;). Let 2\(¢').V =a. Since x ” is a limit point of a 
subsequence {b.,} of {b;} which approaches x * along an arc of M, 2’ is a limit 
point of #2{b;;} which approaches x ' along an are of #:(M). As A” is a tree 
and z ‘ is an endpoint of 4:(M), the are x “y' has a subare in common with this 
are of &.(M) and there is a #(b;) on this subare. Let _(b;) = b;. Let I be 
the arc from x ' to b; and let J be the are from y ‘to by. These ares have sub- 
ares G,; and G; , respectively, with b, as an endpoint. If &(/)-&(/) # (b;), 
then by Corollary 1(b.2), either (2) C #(/) or &(/) C (J), but this is im- 
possible for it has been shown above that if G,-G; = b/, then #(G)-#(G;) = 
#(b;). Therefore @ is a homeomorphism on A’”’, and since A’” is a tree, B 
is a tree. 





Tueorem 7. If A is a tree and ® is true arc-preserving on A, then & is con- 
tracting on A. 
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Let A’ = A, &,(A’) = A” and #,(A”) = A’, where #2 and 4; are defined as 
in Theorem 6. Let V C A’, @ on A”, and @ on A’” also be defined as in The- 
orem 6. 

We know that 4, is a homeomorphism on V and that #,(V) = A’’. Therefore 
A” is homeomorphic with V. The transformation 4; is such that #;(G; — > 7) 
is an are. Any two arcs are homeomorphic and therefore there is a transforma- 
tion y such that ¥(G,;) = #;(G; — >°7;) and such that ¥ is a homeomorphism 
oneach G;. Since 3(G,)-3(G;) = ©3(G;-G,), Y is a homeomorphism on A” = 
> G;. As ¥(A”) = A’, A’” is homeomorphic with A”. As @ is a homeo- 
morphism on A’”’, B is homeomorphic with A’”’. Since B is homeomorphic 
with A’”’, A’” is homeomorphie with A”, and A” is homeomorphic with V C A’ 
= A, ® is contracting on A. 
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COVARIANT CONFIGURATIONS RELATED TO ANALYTIC CURVED 
SURFACES 


By P. O. BELL 


I. Introduction 


In a study of the projective differential properties of a surface a canonical 
development for the equation of the surface and the geometric determination 
of the associated reference tetrahedron are of fundamental importance. Both 
of these problems were solved by Wilezynski.' To solve the latter problem 
he was led to introduce and characterize geometrically the quadric known as 
the canonical quadric. His method of characterizing this quadric, however, 
was very complicated. Bompiani’ has offered a distinctly different charac- 
terization, and Stouffer’ has found a simple method of locating the quadric. 
Green’ obtained an expansion which serves to represent a series of canonical 
developments, including that obtained by Wilczynski. He used, however, 
Wilezynski’s determination of the canonical quadric to characterize a reference 
tetrahedron. The author’ presented, in a recent paper, a simple method of 
completing the determination of the tetrahedron associated with any one of the 
various canonical developments of Green, without using Wilezynski’s quadric. 
The immediate applications of this method to the theory of surfaces prompted 
the author to undertake the present investigation.” 

Let us consider a general curved surface S, referred to its asymptotic net as 
parametric, with the fundamental differential equations in Wilezynski’s canoni- 
cal form 


(1) Yuu + 2by, + fy = 0, Yor + 2a’y. + gy = 0. 


Received April 18, 1938; in revised form, June 8, 1938. 

1. J. Wilezynski, Projective geometry of curved surfaces, (Memoirs 2-3), Transactions 
of the American Mathematical Society, vol. 9(1908), pp. 79-120; 293-315. 

2? EF. Bompiani, Fascio di quadriche di Darboux e normale proiettiva in un punto di una 
superficie, Reale Accademia dei Lincei, Rendiconti, (6), vol. 6(1927), pp. 187-190. 

3. B. Stouffer, A geometrical determination of the canonical quadric of Wilczynski, Pro- 
ceedings of the National Academy of Sciences, (18), vol. 3(1932), pp. 252-255. 

*G. M. Green, Memoir on the general theory of surfaces and rectilinear congruences, Trans- 
actions of the American Mathematical Society, vol. 20(1919), pp. 79-153. 

5 P.O. Bell, Tetrahedra associated with canonical expansions for a curved surface, Bulletin 
of the American Mathematical Society, vol. 41(1935), pp. 353-355. 

® The results of this study are presented in complete detail in the author’s doctoral dis- 
sertation, University of California, 1936. The author takes this opportunity to acknowl- 
edge his indebtedness to Miss P. Sperry and to Professor E. B. Stouffer for the encourage- 
ment and many helpful suggestions which they offered during the preparation of the present 
paper. 


590 











COVARIANT CONFIGURATIONS AND ANALYTIC CURVED SURFACES 591 


Using the notation introduced in the celebrated memoir by Green (loc. cit.), 
let us consider the parametric vector equations 


(2) y= y(u, v), = — By, ¢=2=%- a, T™ Ju — Gu — By» + aBy, 


where @ and @ are arbitrary analytic functions of u and v. Equations (2) de- 
fine the general homogeneous coérdinates of four points which we denote simply 
by y, p, ¢ and r when no possible confusion can arise. If the functions 6, @ are 
chosen suitably, the expressions for p, ¢, and rt become covariants, the points 
p, o, and + therefore become covariant points, the coefficients in the associated 
development become absolute invariants, and the development is said to be a 
canonical development. The geometric determinations of the covariant points 
p, ¢ which correspond to various canonical developments are well known, but 
the problem of the characterization of the associated points r presents serious 
difficulties. 

The author’s characterization (loc. cit.) of a point + which corresponds to 
a general selection of points p and o is fundamental in this paper. The char- 
acterization may be described briefly as follows. Consider an arbitrary set 
of covariant points p; , 7; , 71; Whose general coérdinates are given by the forms 


Pi = Yu — BY, F5 = Yo — AY, Ti7 = Yur — Yu — Bye + ajBiy. 


Let 1;; denote the line joining the points p; and o; and I; ; denote its reciprocal 
(i.e., the line in the relation R, as defined by Green, with 1;;) with respect to 
S at a point y. In particular let l,, and Jj, represent the directrices of Wilezyn- 
ski. Similarly, the canonical edges of Green will be denoted by lx and . 
The two points 72. and 72; are characterized geometrically and are used as base 
points in the following theorem to locate the point r,, which corresponds to 
p, and o,. 

TueoreM I. The points ty. , tor and the point X%’, of intersection of the two 
lines l,, and l,, are collinear. 

Thus the points 7,,, 712 and the point X}* are collinear, as are also the points 
Trs, T , and X". Hence r,, is defined as the intersection of two lines each of 
which passes through two known points. 


II. Reciprocal flat pencils 


1. A sequence of perspectivities connecting reciprocal flat pencils. We 
shall call a pair of flat pencils whose lines are reciprocal with respect to a surface 
S at a point y reciprocal flat pencils or simply pencils in the relation R. Pencils 
in the relation R are projective inasmuch as their corresponding lines are recipro- 
cal polar lines with respect to any quadric of the pencil of quadrics of Darboux 
associated with S at y. We are concerned here with the problem of the geo- 
metric determination of a sequence of perspectivities connecting a general pair 
of flat pencils in the relation R. Let the flat pencils be denoted by J; and i 
(¢ = 1,2,---). We shall, with Green, call the pencil of lines 1; a pencil of the 
first kind, and the pencil of lines I; one of the second kind. Let p; and o; denote 
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the intersections of the lines J, with the tangents to the v = const. and u = 
const. curves, respectively. Let t, denote the line’ yXi3 and f the line yX =. 
Let N denote the intersection of tf, with  , and J denote the intersection of the 
lines pyoz and p;N. 

Theorem I shows that the points 7, 7 and p; are collinear. The points 
722, Tz and o are also collinear. Hence the plane determined by the points 
T12 , T and 7 intersects the tangent plane in the line poz. The point J there- 
fore lies in this plane and hence the line J 712 intersects the line 7,722 in a point 
distinct from 7, and 72 which we denote by M. Let us denote the line yM 
by m. We shall show that m is identical with the line J;. We are now ina 
position to write the sequence of perspectivities: 


N 
(4, L, l, L;) re (y, Ply P2, pi) x (Xi, Pl, 92, J) 
T1i2 
ye (Xi, Til» T22, M) : (te, hh. hh, m). 
Hence 
(4,4,4,1) ~ (bh, l,l, m). 
But 
(4, h,h,l) © (eh, bh), 
since pencils in the relation R are projective. Therefore 
m = Ij. 

To define geometrically this sequence of perspectivities, it suffices to locate 
Ty and one point of the set 71, T2, M. The remaining points are thereby 
fixed with reference to these and the given points p; and o,;. The points 72, 
7, and tg correspond to known lines poe , po; and pce and are therefore easily 
located by applying the method of Part I. As a result we have a new method 
of determining the tangent planes to the asymptotic ruled surfaces R“™ and 
R™ at points p and a, respectively. 

Theorem I may be used in conjunction with the geometrical determination 
of a single point 7 to give still another geometrical characterization of lines 
which are reciprocal to given lines in the tangent plane. The characterization 
may be described as follows. 

Let 7» be a known point corresponding to a given line p,o.. It is well known 
that the quadric of Wilezynski may be geometrically characterized as soon as a 
single point r, which corresponds to a known line po, is located. We shall use 
the point 7. determined in the author’s paper (loc. cit.) for this. 

Tueorem 1. The quadric Q of Wilczynski is the unique quadric which has 
second order contact with the surface S at y, and which contains the lines pit. and 
O2T12. 


7 For the sake of brevity we shall denote a line determined by a pair of points by placing 
in juxtaposition the symbols denoting the points. 




















COVARIANT CONFIGURATIONS AND ANALYTIC CURVED SURFACES 593 


It may be easily shown that the equation 
LeX3 — WX = 0 


for the quadric Q of Wilezynski is the same for all coérdinate systems referred 
to reference tetrahedra whose vertices are points whose general coérdinates 
are of the forms y, p, ¢ and r. Thus all points 7, whose coérdinates are of the 
form 


° = Yur aa Qayu baad By» + aBy 


lie on the quadric. Then the point 7;;, where 7 # 1, which corresponds to a 
known line pj; lies on the quadric, and by Theorem I is collinear with the 
known points 72. and Xii. But the point Xi}, where j ¥ 1, does not lie on the 
quadric Q. Hence the line 72X43 intersects the quadric Q in exactly two points 
which are therefore the points 72 and r;;. The reciprocal line I; is determined 
by the points y and 7;;. The tangent plane to R‘“’ at p; is the plane deter- 
mined by the point p; and the line I}. Likewise the tangent plane to R™ at o; 
is the plane determined by the point o; and the line [;. The point 7;; is not 
determined in this way if 7 = 1 or j = 2. For in either of these cases X}}, 
m2 and 7;; all lie on Q and therefore the line Xiirj. is a ruling. 

The methods of this section have application to the characterization of the 
projectivity connecting a very important pair of reciprocal flat pencils, namely, 
the first and second canonical pencils (Green, loc. cit.). 


2. A geometric characterization of the locus of the points r which correspond 
to the covariant lines of the first canonical pencil. Let us denote by p; and 
a; the intersections of the canonical lines of the first kind with the asymptotic 
tangents yp and ye, respectively. Let us consider the flat pencils denoted by 
pro; and o,p; (r * s), whose centers are the fixed points p, and o, , respectively. 
Since the ranges o; and p; are perspective from the canonical point, the pencils 
pro; and op; are projective. They are not perspective since there is no self- 
corresponding line. The pencils, therefore, determine by the points of inter- 
section X}! a point conic C,, in the tangent plane to the surface S at y, cutting 
the asymptotic tangents in the points y, p, and ¢,. The conic C,, is geomet- 
rically determined with the location of the lines p,c, and p,o,. The conic C,, 
is one of a two-parameter family of such conics C;, corresponding to the number 
of arbitrary pairs of lines which may be selected in the pencil. From Theorem I, 
we see that the points X}} of the conics C;, are collinear with the points r,, and 
tii. Hence we have 

THeoreM 2. The cones of lines determined by the points ry, and the points 
Xt} of the corresponding point conics Cz, determine by their common intersections 
the points ri; . 

The points 7,; lie in the canonical plane since they correspond to the canonical 
lines of the first kind. They therefore determine a point conic (non-degenerate 
since & # ») which we shall call the conic C,; of the determining canonical cones. 
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We shall not be concerned here with the residual intersection of these cones, 
for it does not contain points rt. Projective pencils which determine the conic 
C, may be obtained by projecting the pencils p,c; and o,p; on the canonical 
plane z, from the point r,,, where the pair r, s is arbitrarily chosen from the 
pairs &, ». 

THEOREM 3. The conics Cz, are the conics which pass through the point y of 
the surface and are tangent at the points p; and a, to the canonical lines |; and l, , 
respectively, since these lines correspond to the common ray p:o, in the respective 
pencils. 

In particular, the conics of the family C,, , r = const., are tangent to the line 
l, at the point p, and the conics of the family C;, are tangent to the line J, at 
the point ¢,. 

THEeoreM 4. The points t,.(r = const.) are collinear with the point p, (The- 
orem 1), and all lie on the quadric of Wilczynski. Hence the line described by 
Tr, constitutes a ruling of the quadric. Likewise the points r;, (s = const.) deter- 
mine a ruling. As r varies, the ruling p,t,, generates one regulus of the quadric, 
and as s varies, the ruling o,7;, generates the other regulus of the quadric. 

The plane determined by the lines p,r,, and ¢,7,, is tangent to the quadric of 
Wilezynski at 7,, since p,7,- and o,7,, are rulings. This plane intersects the 
tangent plane to S at y in the line l,. Moreover, the conics C,, are tangent to 
l. at p,. Hence we obtain 

Turorem 5. The cones of lines Xtit,, (r = const.) are mutually tangent along 
the line determined by their vertices tp. (r = const.) and their common tangent 
plane coincides with the plane tangent to the quadric of Wilczynski at the point r,, . 

An analogous relation holds with respect to the cones of lines Xtirs. (s = 
const.) and the line determined by the points 7;, (s = const.). 

The equation of a conic C,, of the family of conies C;, , referred to the points 
y, p, and a, , is easily found to be 


(B, — B,)ayx2 + (a, — @s)21X3 + (a, — a-)(B, — B,)ters = O, 


where 


Ps = Yu — Bay, Pr = Yu — Bry, 


Ts = Yo — @Y, Fr = Yo — HY. 

Since the conics Cy, of points X} and C2, of points X}} are completely defined 
geometrically and the points tz. and rt: have been characterized geometrically, 
we have the following theorem. 

Turorem 6. The conte C, of the points 7;; is characterized geometrically as the 
mutual intersection of the cones of lines Xj2712 and Xiire; with the canonical plane 
(Theorem 1). 

The equation for the conic Cy referred to y, p, , and 2 is 


(a,b + 2a'b,)(2ba., + a’b,)xex3 + 4a’b(Qba), + a’b,)ayz, 
di 4a'b(ba, + 2a’b,)x7;3 = 0, 
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and the equation for the conic Cy referred to y, p2 , and o is 


(a,b + 2a’b,)(2ba’, + a’b,)x2r3 — 4a’b(2ba’, + a’by)rize 
+ 4a’b(ba, + 2a’b,)x,23 = 0. 
III. Certain associated systems of curves in the tangent planes 


1. The sequences C;, C;, and Ci. Let C denote a curve, covariantly re- 
lated to a surface S at y, which lies in the tangent plane to S at y. Let us 
choose as vertices of the tetrahedron of reference for S four covariant points 
Y; P1, 01, Tu, Which are to be chosen in a manner that will simplify the equation 
for C as much as possible, but such that the line p,o,; does not coincide with 
any tangent line of C. A sequence of curves C; associated covariantly with 
S at y may then be determined by starting from C as follows. Let a variable 
tangent line to C be denoted by /. Let the intersections of / with the tangents 
to the v = const. and u = const. asymptotic curves of S be denoted by p and ¢, 
respectively. The point 7 corresponding to po describes a curve C’ as the point 
of contact of 1 moves over C. Let C’ be projected from the point ry , which 
does not lie on C’, onto the tangent plane to S at y. Let its projection be 
denoted by C,;. Taking C; and repeating the process gives a curve C2 , likewise 
C; is obtained from C, , and if we continue the process, C, is obtained from C,_, . 

An associated sequence C* , CT , C2, ---, C* is determined by the intersection 
of the developable surfaces whose edges of regression are the curves C’, C}, 
C:,---,C, with the tangent plane to S at y. The correspondence between 
the points of C; and Cf is one-to-one and continuous. We shall say that the 
curves of C,; and C? are in the relation R* with respect to S at y. 

THEOREM 7. If C and C* are any two curves in the relation R* with respect to 
S at y, the points of C* lie on the tangent lines of C whose points of contact are the 
corresponding points of C. 

To prove this let po denote an arbitrary tangent line to C. Let r+ denote the 
point of C’ corresponding to po. We must show that the tangent line at + 
to the curve C’ intersects the line pe. Now by Part II the curve C’ lies on the 
quadric Q of Wilezynski since it is a locus of points r whose general coérdinates 
are of the form 


7 = Yur —_ QaYu ay By» + apy. 


Also in Part II it was shown that the tangent plane to the quadric Q at the 
point 7 intersects the tangent plane to S at y in the line po to which it cor- 
responds. Therefore, since the tangent line to C’ at + lies in the tangent plane 
to Q at +r, this tangent line intersects the line pe. This is what we wished 
to prove. 

Let us apply the above methods to the study of a number of important co- 
variant curves. In each case we shall obtain the curves C’ and C,; which are 
associated with the given curve C in the manner described above. We then 
investigate the geometric relations which these curves have with important 
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covariant points and lines of the tangent plane which have been defined by 
geometers heretofore. 


2. The four-point conics of the projected asymptotics. Let us consider 
first a general conic of a pencil of four-point conics having contact of the third 
order with each other. For definiteness let C,, denote an arbitrary four-point 
conic of the projected asymptotics (Green, loc. cit.) which correspond to the 
v = const. asymptotic curve of S at y. If the points y, pe, o2, 722, whose 
general codrdinates are of the forms 

Y, P2 = Yu — Boy, O2 = Yo — OY, Te = Yuv — O2Yu — Bev + oBey, 
respectively, are chosen as vertices of the reference tetrahedron, the equation 
of the conic with which we are concerned is 
(1) Bb'xs + Bbarzs — (bu + 4bB2)x2z3 + wx3 = 0, 


where 2b is the coefficient of y, in the differential equations for S and w is an 
arbitrary parameter. By choosing poz to be the first canonical edge of Green 
we obtain the simple form for the equation: 


(1.1) 3b°x3 + 3baz3 + wr; = 0, w = arbitrary parameter. 
Let w’ = w/b. The equation becomes 
(1.2) 3bx; + 3xiz3 + w'xs = 0, w’ = arbitrary parameter. 
The parametric equations for the conic C,, may be taken in the form 

(x1 = —}(w' + 3b0’), 
(2) . t, 


3 = 1. 


The equation for a general tangent line / to the conic C,, is 
3x, + 6bize + (w’ — 3bt")az; = 0. 


The intersections of this tangent with the tangents to the asymptotic v = const. 
and u = const. curves, respectively, are the points p and o whose coérdinates 
are given by 


p = Yu — (B2 + 2bt)y, 7 = y — (ae — bt')y. 
The corresponding point 7 therefore has general coérdinates given by 
rt = tm — [}(w’ — 3bt)]o2 — 2btor + [}(@’ — 2bt”) |[2bt}y. 


. P a» » 
Hence a parametric representation of the curve C,, is as follows: 


(x, = 4(w’ — 3bé")(2bt), 
a, = 4(3bt? — w’), 

(3) , 73 = — 2bt, 
a= :. 
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The equations of the cone generated by I’ as ¢ varies is found, by eliminating t 
among 22, 23, and 2%, to be 


(4) 12brer, — 323 + 4w'bai = 0. 


The projection of C., onto the tangent plane to S at y from the point r2 
; is a cubic curve, I’. , whose equation is found by eliminating ¢ among x , 22 , 23 
of equations (3). The equation is 


(5) 3a%x; — 4bw’x3x; — 12bx,23 = 0. 


When w’ = 0, this cubic degenerates into the first canonical edge of Green and 
the conic whose equation is 


(6) 23 — 4b = 0. 


Equation (5) shows that the cubic I’, has a node at the point o,. The equation 
for the Hessian of I’, is 


(7) 24b7w'2,23 + 3bw’xiz; + bri — 4b’w'xdx; = 0. 


The intersections of this with the cubic I, consist of points of inflection of T,’ 
and the node of T,. The points of inflection are therefore the points whose 
coordinates are 


| (0, 1, 0), (—4w, 6V —«, b), (40, 6+/ —2, —b), 


where w = bw’. Clearly the three points of inflection are collinear and determine 
the line whose equation is 


(8) bx, + 4wx3 = 0. 


The coérdinates of the points of inflection of I, are such that the truth of the 
following theorem is immediately apparent: 

THEOREM 8. One of the points of inflection of 1.» is the intersection of the first 
canonical edge of Green with the tangent to the asymptotic v = const. curve, and the 
remaining two points of inflection of T, lie on conjugate tangents to S at y. 

The tangents to the cubic I’, at the node (0, 0, 1) have the equations 


(9) V3a1 — Qwr, = 0, V3a1 + Qwre = 0. 
Therefore 

THEOREM 9. The nodal tangents of the cubic 1’... divide harmonically the tangent, 
% = x; = 0, to the v = const. asymptotic curve and the first canonical edge of Green, 
ld 0. 

The curve C*. , which is in the relation R* to C. is a conic whose parametric 
equations may be taken in the form 
1 = 3 bw’ - 6b't’, 
2 = 2bt, 
Z3 = — 2b, 
y= 0. 





(10) 
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Eliminating ¢ among 2; , 2 , 23 , we obtain the equation for C2, 
(11) 9bx; — 3223 — w'x3 = 0. 


THEOREM 10. The conics C,- and ce, intersect the tangent, r2 = x4 = 0, to the 
asymptotic u = const. curve in the same points, whose codrdinates are (1, 0, 0, 0), 
(—w, 0, 3, 0). The conics Cy and C%. are both tangent at y to the asymptotic 
v = const. curve of S. 

Results similar to the above are obtained with the réles of the asymptotic 
curves u = const. and v = const. interchanged if we replace the four-point 
conics which we have used by the four-point conics tangent at y to the u = 
const. asymptotic curve. 


3. The conics passing through a point y which are tangent to neither asymp- 
totic curve of Saty. Let us take as a second example a general conic C which 
passes through the point y of the surface S but which is tangent to neither 
asymptotic curve of S at y. If we choose y and the two other intersections 
p; and o,; of the conic with the asymptotic tangents as the three vertices of the 
reference triangle, the equation of the conic C is of the form 


(12) 2122 + Axx; + Brox3 = 0. 
A parametric representation is easily found to be 

(x =A + Bt, 
(13) ‘ 422 = t(A + Bt), 


las = -—1. 
The equation for a tangent line to C at a point having the parameter value ¢ is 
Bix, + Are + (A + Bt)*x; = 0. 
The general coérdinates of the points of intersection of this tangent with the 


tangents to the asymptotic u = const. and v = const. curves are given respec- 
tively by 


o = yo — [a + (A + Bt)’/Bely and p = y, — [6 + A/Bely. 
Hence the points 7 which lie on the lines which are the reciprocals with respect 
to S at y of the tangent lines to C have general coérdinates of the form 

t= t — ({A + Btl’/Be)p, — (A/Bl)o, + (ALA + Bt /B*t'yy. 

A parametric representation for the locus of points 7 is, therefore, given by 
(x, = A(A + Bb)’, 


) a2 BU(A + Bty’, 
D3 ABt’, 


2,4 
r4 BT. 


(14) 
| 
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The homogeneous equation for the cone determined by y and the locus of points 
r corresponding to the tangent lines to C is found, by eliminating ¢ among 2 , 
x3, and 24, to be 


(15) 4A Brau, + (Az; — Buy — 22)° = 0. 


The projection of the locus of points 7 onto the tangent plane from the point ry , 
which corresponds to p,0; , is a curve C,; whose equation, obtained by eliminating 
t among 2; , 2, and 2; , is found to be 


(16) 4A Bayxex; + (22%. — Ariz; + Bror;)’ = 0. 


This is a tricuspidal quartic C, having cusps at each vertex of the triangle of 
reference in the tangent plane to S at y. The equations of the cuspidal tangents 
at the points y, p; , 7 are respectively 


te — Az; = 0, x, + Br; = 0. Ax, + Br, = 0. 


THEOREM 11. The three cuspidal tangents of the quartic C, intersect in the 
point whose local coérdinates are (— B, A, 1). 
The tangents to the conic C at the points y, p, , and o have the respective 
equations 
te + Ags = 0, m+ Br; = 0, Ax, + Bre = 0. 


Hence, we have 

TuHeoreM 12. If C is any conic lying in the tangent plane to S at y and having 
as tangent line at y a line distinct from either asymptotic tangent to S, the associated 
curve C, is a tricuspidal quartic curve whose cusps are at the points y, p, , and o, , 
which are the intersections of the conic C with the asymptotic tangents. The cuspidal 
tangents at p, and o, coincide with the tangents to C at these points. The cuspidal 
tangent to C, at y and the tangent to C at y are harmonic conjugates with respect to 
the asymptotic tangents to S at y. 

Let us apply the results proved above to the particular case in which the 
conic C is the covariant conic Cy which we have studied in an earlier section. 
The equation for this conic is of the form (12), where 


_ b+ 2p _ bal + 20's 
a’b,, + 2ba‘,’ 4a’b 
The equation for the associated tricuspidal quartie C, is 
(17) 16a’b(a’b, + 2ba,,)(ba, + 2a’b,)?r,22.25 — [4a’b(a’b, + 2ba,,)x, 22 
+ 4a’b(ba) + 2a’b,)ariax3 + (ba, + 2a'b,)x2x3) = 0. 


TuroreM 13. The intersection of the cuspidal tangents to C, is the canonical 
point. The cuspidal tangent to C, at y is the first canonical tangent . The 
cuspidal tangents at the points p, and oa are, respectively, the first directrix of 
Wilczynski and the first canonical edge of Green, 
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BOOLEAN FUNCTIONS OF BOUNDED VARIATION 
By Wituiam D. Duruie 
Introduction. The properties of the relation 
aAdb = ab’ + a’b 

suggest its use in framing a definition of a Boolean function of bounded varia- 
tion similar to that for the real function of a real variable.’ It is the purpose 
of this paper to frame such a definition and deduce the restrictions imposed 
on the function by it. These conditions in turn make possible a re-interpreta- 
tion of many of the properties of the A-relation in terms of this restricted class 
of functions. 

I. Functions of one variable 


Derinition 1. The Boolean function f(x) is said to be of bounded variation 
in the domain (0, B) provided the sum 


(1) : [flai) A flas)] 


j=1 


ts different from 1 (the universal class) for all a; , a; subject to the conditions 


(2) 0<a <B, 
(3) Dd a; = B, 
i=l 
(4) aa; = 0 fort Fj. 


DEFINITION 2. If the sum (1) is null (= 0), f(x) is said to be an improper 
Junction of bounded variation in the domain (0, B). 
THeoreM |. A necessary and sufficient condition that the function (in normal 


form) 
f(z) = ax + br’ 
be a function of bounded variation in the domain (0, B) is 


(5) (ad b)B #1. 


teceived May 14, 1938; in revised form, June 25, 1938. 

! For a detailed discussion of the properties of the A-relation, see Stone, Postulates for 
Boolean algebras and generalized Boolean algebras, American Journal of Mathematics, 
vol. 57(1935), pp. 703-732. 
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Proof. 


X se) Apa] = LD Mads'ta) + F@dfled) 


ij=l 


a (aa; + bee:)(a’ a; + b’ a’) + x (a’a; + b’ a:) (ae; 4 ba;) 


i,j=1 i,j=l1 
n n n n 
, , e_? U , U , 
= Da bata; + >. ab’a;a; + > a baja; + p ab’ ce; 
i,j=l ij=l ij=l ijul 


(ab’ + a’b) Zz. a; a; + (ab! + a’b) > aya, 
fi, 7 


t,j=1 


(a Ab) - 2o + (a Ab) ee 
i~=l j=l tel j=l 


II 


(a dd)B > a: 
i=l 


(a Ab)B, 


since > a; = (II x) = 1 by condition (4) of the definition. This result is 


i=l i=1 
clearly independent of the manner in which the a; , a; were chosen; hence all 
the conditions of the definition are fulfilled. 

An immediate consequence of the above result is the following 

Coro.iary 1. Any Boolean function whatever is of bounded variation in th 
domain (0, B), if Bis # 1. 

Therefore if any restriction is to be imposed on the function itself, the domain 
of definition must be enlarged to (0, 1). When the domain is (0, 1), the fune- 
tion is said to be of bounded variation everywhere. 

Hence we have 

Coro._Lary 2. A necessary and sufficient condition that the function 


S(x) = ax + be’ 
be of bounded variation everywhere is 
(5’) (adb) # 1. 
The condition (5’) is equivalent to each of conditions a + b’, a’ # b separately. 
Improper functions of bounded variation. It will be of some interest to de- 
termine the most general domain in which the function f(7) = ar + ber’ is an 


improper function of bounded variation. By Theorem I, the most inclusive 
value of B for which the sum (1) vanishes is 


B= (adb) =ab+a'b’. 
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If > 2 [f(ai) A f(a;)} = 0, then [f(a;) A f(@;)] = 0 for any a;, a;. Hence 
j=1 


fleas) = fla,;) and f(z) remains unchanged for all values of x in the domain 
(O, ab + a’b’). Therefore all the variation of f(r) will oecur in the domain 
(0, ab’ 4+- ab). This domain is called the “effeetive range’ of « by Schmidt, 
who used a different method to arrive at his results.” 

The condition that a function be an improper function of bounded variation 
in the domain (0, ab’ + a’b) is from Definition 2 


(6) (a A b)(ab’ + a’b) =a Ab=0 
or 
(7) a= b. 


The function f(x) then takes the form 
f(z) =a = b, 


and all improper functions of bounded variation in the domain (0, ab’ + a’b) 
are constants. 

Note. Throughout the remainder of this paper when no domain is specified, 
it is understood to be the domain (0, ab’ + a’b) or (0, 1). 

TueoreM Il. The product of any function by an improper function of bounded 
variation different from 1 is a function of bounded variation. 

Proof. cf(x) = acxr + bex’. By Corollary 2, ef(x) will be of bounded variation 
ifacAbe #1. But’ ac Abe = (aAb)e.. Hence ac A be ¥ Life #1. 

TueoreM III. Jf f(x) ts a function of bounded variation, f(x’) is also a function 
of bounded variation. 

Proof. Let f(z) = ax + ba’. Then f(x’) = br + az’. But® (a Ab) = 
(b Aa). 

TuroreM LV. The complement of a function of bounded variation is a function 
of bounded variation. 


Proof. Let f(x) = a’x + b’r’. Then® 
(a’ Ab’) = (a’ Ab)’ = ((aAD)')’ =a Ab. 


A similar theorem may be stated for improper functions of bounded variation. 
The proof is the same as that of Theorem IV. 


Functions not of bounded variation. As in the case of improper functions 
of bounded variation, it is possible to determine the conditions that a function 
not be a function of bounded variation. 

If the function 


f(x) = ax + br’ 


? Schmidt, The theory of functions of one Boolean variable, Transactions of the American 
Mathematical Society, vol. 23(1922), pp. 212-222. 
‘For proof of the following relation see Stone, loc. cit. 
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is not a function of bounded variation, then 
aAb=1. 


Hence a = 0’ and all functions which are not functions of bounded variation 
take the form 


(8) f(z) =ar+a’z’. 
The function f(z) has the property 
(9) f(x) = f(z’). 


From this relation and Theorem III, we have 

THEOREM V. The complement of a function which is not of bounded variation 
is a function not of bounded variation. 

An odd property of these functions is the following 

TuHeorEeM VI. The product (sum) of two distinct functions not of bounded 
variation is a function of bounded variation. 

Proof. Let the functions be 


f(x) = ax + a'r’, g(x) = br + Db’x’ 
with a = b. Then 
S(x)g(x) = abr + a’b'z’. 


Assume f(xz)g(x) is not of bounded variation. Then ab A a’b’ = 1. Hence 
ab = (a’b’)’ = a+ banda = b. This contradicts the assumption that a ~ b. 

By Theorem V, f’(z) and g’(x) are not of bounded variation. Therefore 
f'(x)g’(z) is a function of bounded variation and 


S(x) + g(x) = [f'@)9’@YI 


is a function of bounded variation, by Theorem IV. 


Summary. The results of Section I may be summarized as follows. 

Let C denote the class of functions of bounded variation, C; the class of im- 
proper functions of bounded variation, and D the class of functions not of 
bounded variation. Then C; < C, CD = 0. 

If f(z) eC (C,, CC}, D) (e = “is a member of”), then f’(x) « C (C;, CCi, D). 

If f(x) € C, , f(x) ¥ 1, g(x) arbitrary, then f(x)g(z) € C. 

If f(x) « D, g(x) € D, f(x) ¥ g(x), then f(x)g(x) € C, and f(x) + g(x) € C. 

Sums and products of functions of bounded variation are not necessarily of 
bounded variation ; for example, the sum of the functions 


f(z) = a’z, g(x) = ar’, 


where a ~ 0 anda’ # 0, is not a function of bounded variation. 
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II. Notation and a lemma 


Before we extend the concept of bounded variation to functions of two vari- 
ables, an abbreviated notation is introduced. 
A Boolean function in normal form 


, o..9 , 
f(a, Te, +++ ,2n) = 21%. +++ Tn + AX, Xo +++ Ln + +++ + AenX Xo +--+ Ly 


is determined when its coefficients a;, dz, --- ,@ are known. Hence the 
ordered-set of Boolean elements 


(10) [a, , Q2, --+ , Ar] 


may be used to designate the function f(x, , 2, --- , 2n) in normal form. 
The following properties of the symbol (10) are simply restatements of well 
known properties of functions in normal form: 


(11) © [a,, 2, ++, Gen)’ = [ai, a2, --+ , aan], 
(12) [a; , 2, +--+ , Gan] + [bi , be, --+, bon] = [a + bi, 2 + de, «++ , dan + Dap], 
(13) [ay , 2, --+ , Gon|[bi , be, «~~ , Don] = (arb; , debe, -- + , Gondor). 


In cases where the same indices are used repeatedly the symbol (10) will be 
further abbreviated to 


[a;] (¢ = 1,2,---, 2”). 
Relations (11), (12), and (13) will then be 
(11’) [ai!’ = [ai], 
(12’) [ax] + [bi] = [ai + dil, 
(13’) {a;|[bi) = [aid;] (¢ = 1,2,---, 2"). 


With the above notation it is now possible to state and prove in a compara- 
tively brief manner the following lemma, which is a generalization of relations 
(11), (12), (13). 

Lemma. If 
[a,5] = Sila te, °** Bn) = OnM%e--- 2a + Ain X22 ots Dn ft cee 

+ Gin tit, --- 2, (i = 1,2,---,k) 
is a set of k functions (in normal form) of n variables, then the arbitrary function 
(fi, fr, --+ Se) 

has the form 
[p(a,; , ez, --+ , Axj)] (j = 1, 2,---, 2”). 


Proof. Since any arbitrary function ¢ is formed by means of a finite number 
of operations of the types (11), (12), (13), the j-th coefficient of the function @ 











r 








BOOLEAN FUNCTIONS OF BOUNDED VARIATION 605 


will be made up of the same operations on the j-th coefficients of the k func- 
tions [a;;]. 

The notation (10) is also useful in indicating special forms of a function. 
For example, it is well known that a function (in normal form) of n variables 
can be considered as a function (in normal form) of one variable whose co- 
efficients are functions (in normal form) of n — 1 variables. Such a form of the 
function is indicated by 


[[a; »Q2,-"", Qen-1}, [en—144 » Aon-tga, +++, en)}. 
Each of the inside brackets may in turn be indicated by a pair of brackets, etc. 


III. Functions of two variables 


As in the case of real functions, there are several ways in which the concept of 
bounded variation may be extended to Boolean functions of two variables. 
The method used in this section was selected because of its comparative brevity. 

DerFinitTion 3. <A Boolean function of two variables 


o(z, y) = axy + br'y + cry’ + dz’y’ 
= [a, b, c, d] 
is said to be of bounded variation with respect to the variable y if the function 
[[a, 6], [c, a] 


is of bounded variation for all values of x. 
TuHeoreM VII. A necessary and sufficient condition that the function |a, b, c, d} 
be of bounded variation with respect to the variable y (x) is that the expression 


(aAc)+(bAd) ((a4b) + (c4Ad)) 


be different from 1. 
Proof. Consider the function in the form 


[{a, 6], [e, d]}. 
Then by Corollary II, Section I, 
[a, b] A [e, d] ¥ 1 
which is equivalent, by the lemma of Section II, to 
(14) [(a Ac), (bAd)] #1. 


Since (14) must hold for all values of z, it must hold for z = a Ac and condi- 
tion (14) must be strengthened to 


(15) (a Ac) + (bAd) #1. 
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The sufficiency of the condition is obvious. 
By a repetition of the above process, considering the function in the form 


[[a, c], [b, a], 


we get the condition 


(16) (a db) + (cAd) #1. 
DeFINITION 4. If conditions (15) and (16) hold simultaneously, the function 
a, b, C, d| 


is said to be of bounded variation. 
Conditions (15) and (16) may be combined into a single sufficient condition 


a+b+ic+d#1l. 


This is not a necessary condition, however. 

Analogues of other definitions of Section I may be stated for functions of 
two variables. Likewise theorems similar to those of Section I may be stated 
and proved, but the similarities are so marked that these definitions, theorems, 
and proofs are omitted. 
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INTERIOR TRANSFORMATIONS ON CERTAIN CURVES 
By G. T. WHyBURN 


In this paper a study will be made of interior transformations as applied to 
compact metric continua. Also results will be established concerning such 
transformations defined on certain particular classes of curves, such as dendrites 
and boundary curves. A single-valued continuous transformation 7(A) = B 
is said to be interior [2]' provided the image of every open set in A is a set open 
in B. All continua referred to in this paper are assumed to be compact; and if 
R is an open set, the boundary of R, i.e., the set R — R, is designated by F(R). 


1. Conditions for lightness. A transformation 7(A) = B is said to be light 
[5] provided that for no b « B does T~'(b) contain a non-degenerate continuum. 
Inasmuch as the property of being light is assumed by Stoilow [2] for all interior 
transformations, it is of interest to determine certain classes of continua on 
which all interior transformations are necessarily light. 

(1.1) THeorem. [f A isa locally connected continuum such that the boundary 
of every region in A is totally disconnected, then every interior transformation which 
does not carry A into a single point is light. 

Proof. Suppose, on the contrary, that there exists an interior transformation 
T(A) = B and a point p ¢ B such that T”'(p) contains a non-degenerate con- 
tinuum H. Let R be a component of B — p and let R,, R., --- , R, be the 
components of 7~'(R). Then since T is interior, we have 


H © F(Ry) + F(R) + --- + F(R). 


Accordingly, for some i S n, F(R;)-H must contain a non-degenerate con- 
tinuum, contrary to hypothesis. 

(1.11) Corotitary. If A is either (i) a dendrite, (ii) a locally connected 
continuum no cyclic element of which has a continuum of condensation, or (iii) 
a continuum every subcontinuum of which contains uncountably many local sepa- 
rating points of A, then every interior transformation on A is light. 

(1.2) Turorem. In order that a continuous transformation T(A) = B be 
light (where A is compact), it is necessary and sufficient that for any « > 0aéi > 0 
exists such that if X is any continuum in B of diameter < 6, each component of 
T'(X) is of diameter < «. 

Proof. The sufficiency is immediate. For if we suppose the condition satis- 
fied and that there is a non-degenerate component H of T'(p) for some p ¢ B, 
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taking « < 6(H) we can find a continuum X in B with p « X, 6(X) < 6, whereas 
the component of T”'(X) containing X is necessarily of diameter > . 

To prove the necessity of the condition, let us suppose on the contrary that 
there exist a sequence X,, X;,--- of continua in B with 6(X,;) — 0 and a 
sequence H,, Hz, --- of components of T”'(X,), T”'(X2), --- , respectively, 
with 6(H;) 2 « > O for each 7. Clearly we may suppose the sequences [X,] 
and [H,] convergent. But this gives lim X; = p ¢ B, lim (H;)) = H CT(p); 
and since 6(H) 2 e¢, this is contrary to the hypothesis that T is light. 


2. Separating point theorems. We begin with a general theorem on cut 
points of the image space under an interior transformation. : 

(2.1) Turorem. Suppose T(A) = B is interior, where A is a locally con- 
nected continuum. Let p be any point of B and let Q: , Qe , --- be the components 
of B — p. (The number a of these may be 1, any n, or No.) If I is any infinite 
subset of T'(p), there exist components R,, R2, --- of T-'(B — p) such that for 
each i, T(R;) = Q; and for each i and j, F(R;)-F(R;)-I is infinite. Thusifa> 1, 
there exist a true cyclic element C of A and components C-R,, C-Rz,--- of 
C — C.-T (p) such that F(C-R;)-F(C-R,)-I is infinite for each i and j. 

Proof. T*(Q,) consists [5] of just a finite number of components of A — 
T*(p); and since T“(Q,) D T~‘(p) D I, some component, say R; , of T~'(Q:) 
is such that F(R) contains an infinite subset J, of J. Likewise (if a > 1) there 
exists a component R, of T~'(Qs) [which is a component also of A — T‘(p)] 
such that F(R:) contains an infinite subset J, of J;. In the same way (if @ > 2), 
there is a component R; of T~'(Qs) whose boundary contains an infinite subset 
I; of Iz, and so on. If we continue this process indefinitely, or until a set 
R,. is found, clearly our theorem is satisfied by the sets R,, Re, --- . 

Now if a > 1, clearly all points of J, are conjugate, since J, C F(R,)- F(R). 
Hence, if C is the cyclic element of A containing J; , the latter part of the theorem 
is satisfied. 

Our theorem yields the following corollaries. 

(2.11) If pis acut point of B, there exist a finite number of cyclic elements of A 
whose sum contains T'(p). 

Proof. Take Q, and Q2 as in the theorem. Let the components of T”'(Q,) 
and 7” '(Qe) be Ri, R2, ---, Ri, and Ri, Re, --- , Ri,, respectively. Let Fj be 
the set of points F(R})-F(R?) (j < m, i < ne). Then for every set F} there 
exists a cyclic element C} of A containing F}. Furthermore, since there are 


no "yj 


only n,n sets Fi, and since > >> Fi = FLT "(Q,)] = F(T '(Q:)] = T'(p), it 
i=l j=1 
follows that >> Ci DT ‘(p) as required. 


i=1 j=1 
(2.12) If every true cyclic element of A is a linear graph, the inverse of each cut 
point in B is a finite set. 
(2.13) If pisacut point of B such that T'(p) cuts no true cyclic element of A, 
then T'(p) is a finite set. 
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(2.2) THeorem. Let 7(A) = B be interior, where A is a locally connected 
continuum. If x is a point of B such that B — x has just a finite number of com- 
ponents R,, R2, --- , R,, and if, for each i, n; is the number [5] of components of 

k 


T*(R,), then T(x) contains less than n = >> n; cut points of A. 
1 


Proof. Since any set of n cut points of a connected set A cuts A into at least 
n + 1 mutually separated (open) sets and since no open set can map into z, 
it follows that if T~'(x) contained as many as n cut points of A, we would have 


A — T(x) = A, oa As a eee — Ast, 


where the sets A; are disjoint and open. But clearly this is impossible, since 
each A; must contain at least one component of A — T”'(zx) and there are only 
n such components because each one is [5] a component of 7” '(R,) for some 7. 

(2.21) If A ts locally connected and T(A) = B is interior, and if x is a point 
of B such that T~'(x) cuts no true cyclic element of A into infinitely many com- 
ponents, then T~'(x) contains at most a finite number of cut points of A. 

For by (2.1) it follows that there can be only a finite number of components 
of B — x. Hence (2.2) applies to give (2.21). 

(2.22) If A (hence also [5] B) is a dendrite and T(A) = B is interior, then 
for each x « B, T '(x) contains only a finite number of cut points of A. Thus if x 
is any non-endpoint of B, T~'(x) is a finite set. 

It will be noted that the latter statement is also a consequence of (2.11) or 
of (2.13). 

(2.3) Turorem. If A is a compact continuum and T(A) = B is interior, 
then for each b « B, T~*(b) contains at most a countable number of local separating 
points of A. 

Proof. Suppose on the contrary that 7~'(b) contains an uncountable set G 
of local separating points of A. Then [4] G contains a point x of degree 2 rela- 
tive toG. Hence b is of order < 2. Accordingly there are at most two com- 
ponents B, and B, of B — b. Now for any « > 0 we can find an e-neighborhood 
U of xin A such that F(U) consists of just two points of G and U -G is uncount- 
able. Since T(U) ¥ b, there must exist a quasi-component Q of A — T ‘(b) 
so that Q C U, since T'(b) D F(U). But by a former theorem ({5], result 
(1.4)), either 7(Q) = B, or T(Q) = By; and clearly this is impossible for all 
e> 0. 

It may be observed that (1.1) is also a consequence of (2.3). 

(2.4) THrorem. [f x isa local separating point of a continuum A, if T(A) = 
B is interior and if x and y = T(x) are of the same finite order’ k in A and B, 
respectively, then y is a local separating point of B. 

Proof. For ¢ sufficiently small, any «neighborhood of z or of y must have 
at least k boundary points. Hence if U is a sufficiently small neighborhood of 
xin A such that F(U’) consists of exactly k points 7, 22, +--+ ,%,V = T(U) 
will be an e-neighborhood of y in B with boundary F(V) = y; + ye + --- + Ye, 


2 The term order of a point as used in this paper refers to the Menger-Urysohn order. 








610 G. T. WHYBURN 


where y; = 7T(x,). Furthermore, U and V are continua, and for U sufficiently 
small, U will be the sum of two continua U, and U2 such that U,-U. = z and 
U,-F(U) 4 0 4 U2-F(U). 

Now since every point y; of F(V) is a limit point of B — V, it follows that, 
for each i, z; = U-T '(y,). Accordingly the transformation T(U) = JV is 
interior. 

Now let us suppose, contrary to what we wish to show, that V — y = R is 
connected. Since this set is open in JV, it follows by a theorem of the author’s 
({5], result (1.4)) that every quasi-component of 7~'(R) maps onto all of R 
under T. But clearly this is impossible, since l’, contains a quasi-component 
Q of T-'(R) and there is at least one integer m such that z, C U2, so that 
T‘(ym)-Q@ = 0. This contradiction proves our theorem. 

(2.41) Corotuary. If every subcontinuum of a continuum A contains un- 
countably many local separating points of A, the same is true of any interior image 
of A. 

For let T7(A) = B be interior and let K be any subcontinuum of B. Since 
K contains a subcontinuum irreducible between some two points, we may 
suppose K is irreducible between two points.’ Let H be any component of 
T '(K). By hypothesis H contains an uncountable set G of local separating 
points of A. Since all but a countable number of the points of G are [3] of 
order 2 in A, and since not more than two points of K are of order < 2, it follows 
that G contains an uncountable subset G, such that, for every x « G,, both z 
and T(z) are of order 2. Thus by (2.4), any y ¢ T(G;) is a local separating point 
of B; and since, by (2.3), for no y e T(G,) is T'(y)-G uncountable, it follows that 
T(G;,) is uncountable. 


3. Dendrites. Let 7(A) = B be interior where A is a dendrite. For each 
x ¢ B let k(x) be the multiplicity of z, i.e., the number of points in T~'(x). Also, 
for each integer n, let B(n) denote the set of all x ¢ B with k(x) = n. 

THEOREM. For any two points a, b « B and any point x on the arc ab of B we 
have 

(i) k(x) S k(a) + k(b) — 1. 

Proof. Suppose, first, that xz is a point of order 2, interior to ab. Then there 
are just two components R, and R, of B — zx and these contain a and b, respec- 
tively. Now it follows by a former theorem ((5], result (1.4)) that each com- 
ponent of A — 7” '(x) maps onto either R, or R,. Hence there can be at most 
k(a) of these components mapping onto FR, and at most k(b) mapping onto R, . 
Accordingly there are at most k(a) + k(b) components of A — T‘(x); and since 
each point of 7” '(x) must be a point of order = 2 and hence be a cut point of A, 
it follows by (2.2) that k(x) <= k(a) + k(b) — 1. 

Thus every interior point zx of ab of order 2 satisfies (i). Since such points 

3 Actually, since A is hereditarily locally connected and this property is invariant under 


interior transformations, we could suppose, without loss of generality, that K is a simple 
arc. 
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are dense on ab and the points z with k(x) < any integer form a closed set, it 
follows that (i) holds for any z on ab. 

We have the following corollaries. 

(3.1) If k(a) = k(b) = 1, then k(x) = 1 for each x € ab. Accordingly the set 
B(1) is a continuum, as is also T'[B(1)]. 

(3.2) In general, for any m, there exists a dendrite K in B such that 


B(m) C K C B(2m — 1). 
(3.3) If k(a) = 1 [or k(b) = 1), then k(x) S k(b) [or k(x) S k(a)]. Thus if 
B(1) ¥ 0, then for each m, >~ B(i) is a dendrite. 


4. Boundary curves. A locally connected continuum is called a boundary 
curve provided every one of its true cyclic elements is a simple closed curve. 
By a node of a locally connected continuum M is meant either an endpoint of 
M or a true cyclic element of M containing at most one cut point of M. 

(4.1) Turorem. The property of being a boundary curve is invariant under 
interior transformations. 

Proof. Let A be a boundary curve, let 7(A) = B be interior, and let By be 
any true cyclic element of B. If Ao is any component of T~'(Bo), then T(Ao) = 
By, and on Ao, T is interior [5]. Hence by a theorem of the author’s ((6], 
result (3.2)), any node Ey of Ao maps onto all of By under T. Since Ep is a 
simple closed curve, By can have at most one point of order # 2; and hence Bo 
is also a simple closed curve. 

(4.2) TuHeorem. [f A isa locally connected continuum, T(A) = B is interior 
and B is cyclic, then any simple closed curve node of A maps interiorly onto B. 

Proof. Let E be such a node of A and let p be the cut point of A on EZ. 
Order the points of C-T™'[T(p)] cyclically on E, p = pi, po, +++, Pe, Pr- 
(These points are finite in number since there can be only a finite number of 
components of A — T'[T(p)].) Let q’ be any point of B — T(p). Each of 
the arcs pipi4, of E maps onto B and hence contains a point q; of T”'(q’). No 
are pxpi4,0f E can contain two points of T'(q’) since each component of A — 
T ‘(q’) must contain a point of 7 "[T(p)]. Thus we have the cyclic order p,, 91, 
P2,92,°**,Pk,Q&,pr- It follows that there are just two components R and S 
of B — (p’ + q’), where p’ = T(p); and pig: maps topologically onto R + p’ + q’, 
%:P2 maps topologically onto S + p’ + q’, peg: onto R + p’ + q’, and so on to 
qxP: Which maps topologically onto S + p’ + q’. Accordingly, T(Z) = B is 
interior. 

It will be noted that (4.2) may be made to yield (4.1) as a ready consequence. 


5. 1-dimensional images of 2-dimensional pseudo-manifolds. We consider 
a compact 2-dimensional pseudo-manifold A, i.e., a set A which can be sub- 
divided so as to form a regularly connected homogeneous 2-dimensional com- 
plex every 1-simplex of which is on at most two 2-simplexes [1]. As has been 
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remarked in an earlier paper ({7], p. 488) it is possible to map a sphere interiorly 
into any dendrite by sending certain indecomposable continua into points. 
However, if we require that the inverse of each image point be locally connected, 
we get the following result. 

Tueorem. If A is a 2-dimensional pseudo-manifold, T(A) = B is interior 
and for each b « B, T-'(b) is locally connected, then if B is 1-dimensional, it is 
either an arc or a simple closed curve. 

Proof. Since the 1-dimensional connectivity number of B cannot exceed 
((6], (6.4)) that of A, it follows that every cyclic element of B is a linear graph. 
Thus if Y denotes the set (which we will prove to be vacuous) of all points of 
B of order > 2, it follows that any y « Y locally separates B into at least three 
components. Thus, for any y ¢ Y, there exists a region R in B containing y 
such that there are at least three components R, , R: , R; of R — y each having 
y as a limit point. Since 7” '(y) is locally connected, it follows that for each 
p « T '(y) there exist components S,, S:, Ss of T”'(R,), T'(Re), T (Rs), 
respectively, such that p is accessible from each of the sets S,;, S2, S3;. Now 
since‘ there can be at most a finite number of points accessible from each set of a 
given triple S, , Sz , S; , and since the total number of such triples of components 
is finite, it follows that T~'(y) is necessarily a finite set. This being true, it 
follows at once that every point of T~'(y) is a local separating point of A; and 
since there are only a finite number of local separating points of A, it follows 
that Y and 7”'(Y) are finite sets and furthermore that A — 7 '(Y) is con- 
nected. Hence B — Y is connected. 

Since every point of B — Y is of order 1 or 2, it follows at once that Y can 
contain at most two points. But if Y contained two points a and b, then if 
ab is an are in B, we would have ab = B; and if Y contained a single point y, 
y would be on a simple closed curve J in B and we would have J = B as y is 
not a cut point. In either case Y would actually be vacuous. Thus every 
point of B is of order 1 or 2 and accordingly, B is an are or a simple closed curve. 
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INTEGRAL INEQUALITIES CONNECTED WITH DIFFERENTIAL 
OPERATORS 


By I. HALPERIN AND H. R. Pitt 


1. Introduction. Suppose that the measurable functions f(z), f-(x), q,(z), 
r,;(2), P(x), c(x) are defined in the finite or infinite interval a < r < a +a, 
that fo(x), fi(x), --- , fa-s(z) are absolutely continuous in every closed sub- 
interval and that almost everywhere’ in (a, a + a) 


Sox) = go(x)f(z), , 


(1.1) : r 

Srsa(x) = f(z) + > Qr.i(a)fi(x) + qrr(z)f(x) (r =0,1,---,n—1), 
(1.2) Tf(e) = D peladfel2) + ole fla) 

| qri(x)| S My (j = 0,1,---,r;r=0,1,---,n—1), 

(1.3) | gr(x) | S Mi, \p-(x) | = M2, (r =0, 1, +eeyn), 

| c(x) | < M;, 
(1.4) |qo(x)| 2e> 0, | pra(z)| 2e> 0. 
We write 


(1.5) 4@ | [ fla) rar], B= | [  TV(2) rac], 


where p 2 1. 
Our object in this paper is to prove inequalities of the form 


(1.6) A, S F(Ao, An), A, S F(Ao, B), 
and to use them to prove certain results about differential operators. 
2. Integral inequalities. : 


(2.1) THrorem 1. Suppose that (1.1), (1.2), (1.3), and (1.4) are satisfied 
and thatn > 0. Then 


(2.1.1) A, S nB + KAo (r = 0,1,---,n— 1), 


Received June 10, 1938. 
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where K = K(e, M,, M2, M3, n, n, a) < &© is a decreasing function of a for 
fixed «, M,,M2,M3,n,. In particular, if p,(x) = 1, p(x) = O(r = 90,1,---, 
n — 1), then 


(2.1.2) A, S nA, + KAo (ry = 0,1,---,n — 1). 


First we observe that by replacing f(z) by qo(z)f(x) and making suitable 
changes in p,(x), q,,;(x), we may assume that go(z) = p,(z) = 1, e(x) = 0, and 
q(x) = O(r = 1,2,---,n). Secondly, it is sufficient to establish the inequali- 
ties (2.1.1), (2.1.2) for the closed subintervals interior to (a, a + a) (for which 
the A,’s are clearly finite), since the general validity of (2.1.1), (2.1.2) will 
follow by a straightforward limit process. Thus we may suppose that a < « 
and that a = 0. 

We now prove two elementary lemmas. 

(2.2) Lemmal. Leth > 0 and suppose that f(x) belongs to L’?(a,b +h). Then 


(2.2.1) [ [1 + t) dt dz < h” [iseras, 
(2.2.2) [ f (h — f(x + t)dt | de < .. [Cis | dx. 


These inequalities are special cases of a well-known theorem of W. H. Young.’ 
(2.3) Lemma 2. If 0 <h < ja, then 





(2.3.1) A, : —= - iat | SFA +5 Aen + Mal + 4A) p> Aj. 
Let 
goa) =F aessle file) = 1,%,---,9, 
so that 
(2.3.2) f(z) = fra(z) + g-(z). 


Also, by Minkowski’s inequality 


(2.3.3) | [ " Wg,(z) rac] <M, > A,. 


Now letO <hstsa—h. Let 


viz) = [fle +048 (0<x2<é—-h), 
= 0 (§-hixr<t+h), 
= [ie oa (§é+hS2xSa). 


? See A. Zygmund, Trigonometrical Series, p. 71, 4.16. 
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Then ifO <2 <é—-A, 


hf-(z) = [ Sx + t)dt — [ [f(x + t) — f(x) dt 


= (zs) — [ (h — dfx + t) dt. 


Similarly, if +h Sz <a, 


hf.(z) = y(z) + [ (h — t)f-(x — t) dt. 


If we use Lemma 1, it follows that 


Pea a 
f + [ Ifa) — y(2)|? dx 
0 +h 


fh A Pp e | h Pp 
(2.3.4) = I | (h — tfc(a + tdt| dr+ I [ (h — tf-(x — t)dt| dz 
0 | Jo | e+h | Jo | 


2p t 2p fa 2p a 
oF [in@ra t+ [incre =" [series 


Now by (2.3.2) 


l "fla + t) dt [ : [fale + t) +9-(x + dt 


+Ufale +h) — fa(2)) + [ gel + t) dt. 


It follows easily from this and (2.3.3), by use of Minkowski’s inequality, that 


Eh a l/p r—1 
(2.3.5) [ + [ |(a) Par | < 2A,4+hM, D Aj. 
0 t+h j=0 
Also, by (2.3.2), (2.3.3) and Minkowski’s inequality, 
a P l/p r 
(2.3.6) | [ | fez) Pas | S Ara + Mi D Aj. 
0 7=0 


If we combine (2.3.4), (2.3.5), (2.3.6) and use Minkowski’s inequality again, 
we obtain 


fh a I/p r—1 2 r 
[f+ [linseed |” s 24+ hats D4 + 5] te + and 4s] 
r= 


bo! 


0 7=0 
Hence 


r—1 


Pp E+h 
A? < k Ara + 5 Ana + tA, + Mh (1 + *) > Ay] + | f(z) | dz, 
7=0 t—h 
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and if we integrate this inequality over the range h S — S a — hand use Lemma 
1, we get 


(a — 2h)A? < ? 


h 


h 


h M 
Aya + 5 Art + . 3 Ar 


1 


— P 
+ a(1 +8) 5 ai] (a 20) + ane, 
j7=0 
Hence 
a — 4h\""” J 2 h ‘\< 
ite a "= a “- 
a,| (2=*) 2 = jar + 5 4en + Mi I+35 2 A;, 
an inequality which is stronger than (2.3.1) since a — 4h < a — 2h. 
(2.4) Proof of (2.1.2). As we use different values of n, it is convenient to write 
K(n) for any function which depends only on «, M,, Mz, n, n, @ and is a de- 
creasing function of a for fixed «, M,, Mz, n, ». The proof is by induction. 
Suppose that for any 7’ > Oandr = 0,1, --- ,m — 1 we have 


(2.4.1) A, S n'An + K(n’)Ao. 
It follows from Lemma 2 that 
n—l 
(2.4.2) An S Anu + K(n”) D> A;. 
pm 


If we combine (2.4.1) and (2.4.2), we obtain 
An S 1" Anu + nK(n")[n'An + K(n') Aol, 
A,{1 — nn’K(n”)] S 0” Angi + nK(n")K(n’)Ao, 
and when 7’, 7” are suitably defined, this can be written 
A, S Anu + K(n)Ao. 
It follows from this and (2.4.1) that 
(2.4.3) A, S Any + K()Ao (r = 0,1, ---, m). 
(2.5) Proof of (2.1.1). From (1.2) and (1.5) we derive by means of Min- 
kowski’s inequality 


A, 


IIA 


n—l 
B+M:> A, 


r=0 
=< B + M2n([n’An + K(n’)Aol, 
by (2.4.3). Hence 
A,|{l _ nMon’| < B a MnK(n’)Ao ° 
By suitable choice of 7’, 7” we can use (2.1.2) to deduce that 


A, S n”(1 — nMen’)"[B + nM2K(n’)Ao] + K(n”)Ao S nB + K(n)Ao 
(r= 0,1,---, nm). 





na 


2). 


in- 


n). 
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(2.6) THrorem 2. Suppose (1.1), (1.2), (1.3), (1.4) are satisfied and Ay, B 
are finite. Then f,(x) (r = 0, 1,---,m — 1) converges to a finite limit f,(a), 
respectively f(a + a), as x approaches a, respectively a + a, and this limit is 0 
if a, respectively a + a, is not finite. 

By Theorem 1, f,(z) belongs to L” for r = 0, 1, --- , n and from (1.1) and 
Minkowski’s inequality it follows that f/(x) belongs to L? for r = 0, 1, ---, 
n—1. Now let (a;, bj) (¢ = 1, 2, 3, --- ) be any sequence of mutually ex- 
clusive subintervals of (a, a + a) such that Rf,(x) is non-vanishing (it is con- 
tinuous) in every a; < x <b. Then 


> || RS-(0,) r are | Rf-(a;) |? | < : [ | (| Rf-(x) ”)'| dx 


=> [pl spe)? |e @)| ax 


t=1 Ja; 


< [ 0  Lfeal? [fen a) | dx 


sp[ [incr ae | | [ pec? de)”, 


by Hdlder’s inequality. Since f,(z) is continuous, it follows easily that | Rf-(x) |”, 
and with it | #/,(z) | , converge to finite limits as z approaches a, respectively 
a + a, and that the limits are equal to 0 if a, respectively a + a, is not finite. 
Since R/,(x) is real and continuous, the preceding statement holds for Rf,(x) 
also. Similarly it holds for Sf,(x). Hence it holds for f,(z). 


3. The case M, = 0. 


(3.1) If each q,,;(x), q-(z) vanishes in (1.1), the function f,(x) reduces to the 
r-th derivative of f(x) and 


(3.1.1) he | [ pa) |? az)” 


In this case, we can prove more precise inequalities than those of Theorem 1. 
We shall prove the following results. 

THEOREM 3. Suppose that f(x) 1s defined in (a, a + a) and that its (n — 1)-th 
derivative function f"'(x) exists and is absolutely continuous and that Ao, An, 
defined by (3.1.1), are finite. Then 


(3.1.2) A, < K(n) [Asa + Af?" At] (r = 0,1, ---, n), 


where K(n) < © depends only on n. 
This has been proved by Hardy, Littlewood and Landau [1] in the case when 
a is infinite. The inequality for finite intervals enables us to deduce 
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THEeoreM 4. Suppose that A, is defined for r = 0, 1, --- , n by (3.1.1), that 
Ap ts finite, and that 


(3.1.3) | p(x) | <C (r = 1,2,--- ,n), 
(3.1.4) Ti(x) = f"(z) + x Da» (2)f'(2), 

(3.1.5) Se | i Tf) |? ax)" Pen 

Then 

(3.1.6) A, S K(n) [Ao(C + a)’ + A” B""} (r = 0,1, --- ,n). 


The finiteness of the A, for the case p = 2 of Theorem 4 has been proved (by a 
somewhat different method) by J. von Neumann and the proof has been ex- 
tended by one of the authors to apply to certain problems in the theory of 
differential operators [2]. The case p = ~ (in which A, is to be interpreted as 
the upper bound of f'(z) | in (a, a + a) was considered by Esclangon and Lan- 
dau [3].° 

We first prove two lemmas. 

(3.2) Lemma 3. Let x be real, a, = 0, and 


n—1 


a fo 
r= 


Then 


For if 


we have also 
z> a" (r = 1,2,---,n), 


so that 


r=1 r=1 
n—l 
> } x” a, = y ® An—r I 
r=1 r= 


(3.3) Lemma 4. With the hypotheses of Theorem 3, 
A; S MAga* + 2 AoA. 


2 See also R. P. Boas, Jr., this Journal, vol. 3(1937), pp. 637-646, especially footnote 1. 








n), 
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Putting M, = 0 in Lemma 2, we have 


2Ao hAg a — 2h ae 2Ay hAg 2h 
a s(t] E=8]- PTD +20) 


Let h = min [}a, 24/A,/A,]. Then either 
h = 2»/Ao/Az S 3a, 


or 








In each case, 
Aj <s 24A,a" + 2+/ Ay Ag. 


(3.4) Proof of Theorem 3. The proof is by induction. We suppose that (3.1.2) 
holds with n — linsteadofn. That is, 


(3.4.1) A, S$ K[Aca™” + Ag”? PALS) (r =0,1,---,n—1). 
In particular, 
(3.4.2) Ags S K[Agam**? + AMO 4 (952/00), 


By Lemma 4, 
Aya S$ KAy2a* + KAN AX”. 
Hence, using (3.4.2), 
hoa & Bla + afr * A ee 
+ KAY Avg 22 4 4 MODI 4 (nal 
and an application of Lemma 3 gives‘ 
An S K[Aoa"** + AX*AQ? a? 4 AAD" 
< K(|A.a"*" + Aung ia-viny 
since’ 


1/2 41/2 —(n—2) -1) -1) - - -1) 
A V2 4ieg (n—2)/2 wee (A ( Die 4 Ueyaliaie (Aya atti 2)/(2(n—1)] 


< Aa” + A ieee! | 


‘Choose z = A do valine in Lemma 3 and use the inequality (u + » + w)' S 
K(ur + vf + w') for u, v, w 2 0 and r integral. 
5 Use the inequality u + v 2 utr fora, 8, u,v = Oanda + 8 = 1. 
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This proves the inequality (3.1.2) forr =n — 1. (3.1.2) holds trivially if r = n, 
and for other values of r we can use (3.4.1) and deduce that 


A, = K[Aya” + Aete-8 guite-m 
Ss K[Aya” + Ay 4 Aree gy) 
< K[Ava” + Aba"), 


(3.5) Proof of Theorem 4. As in the proof of Theorem 1, we can suppose that 
the A,’s are finite. We have 


n—1 
| f*(z)| = | The) | + > cv | f'(@) |; 
and using Minkowski’s inequality and Theorem 3, 


n-l 
A. 5 B+ > CA, 


r=0 


n—l 
< B + K ow C*"[A.a” + eae ty 


r=0 


n—l n—l 
< B+ KC"A, > (aC) + K & (CAv")" At” 
r=0 


r=0 
< B+ KA(C +a")"+K > (CAg")""AR". 
It follows from Lemma 3 that 
A" < KCA" + [B+ KA,j(C + a?)"}"" 
< KA," (c + ) + KB". 

Using Theorem 3 again, we have 

A,  K | Aaa” + as-ras(c + 1 + asa | 

< K[Ao(C + a")’ + A™”""B"). 


4. Differential operators in L’. 
(4.1) Let D be the linear space of those functions f(z) belonging to L”(a, b) 
for which the relations (almost everywhere in the finite interval (a, b)) 


So(x) = qo(x) f(z), 
Sesr(z) = filz) + qerla)f(x), (r= 0,1,---,n—1), 
(4.1.2) ‘qg(z)|2e«>0, |q(x)| SC, (r = 0,1,---,n) 


(4.1.1) 








at 


, b) 


‘ 1), 


»n) 
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define functions f,(x) absolutely continuous for r = 0,1, --- , n — 1 and belonging 
to L’ forr = n. Let T be the quasi-differential operator in L? with domain D, 


(4.1.3) Tf) = L polwdf.te) + olafce) 
with 
(4.1.4) |p(z)| 2e>O0, |p(x)| SC, \|exz)| SC (r =0,1,---,n). 


(Since f(z) and f,(x) belong to L’, (2.1.2) shows that f,(x) belongs to L” for 
r = 0,1, --- , n; the boundedness of p,(x), ce(x) then implies that Tf(x) belongs 
to L” for every f(x) in D.) 
Let Do be the set of the f(x) in D for which f(a) = f,(b) = Oforr = 0,1, ---, 
n — 1 (see Theorem 2). Let 7 be the operator T restricted to the domain Dp . 
We shall show that Dp (and a fortiori D) is dense in L” and we shall determine 
explicitly the adjoint and closure operators of 7 and 75 . 
(4.2) Let D* be the linear space of the functions g(x) belonging to L” (a, b), 


where . + 2 = 1, for which 
P P 


go (x) = go(x)g(z), 


(4.2.1) ; . : 

Grai(x) = g(x) + qrur(z)g(z) (r =0,1,-+-,n—1) 
with 
(4.2.2) q: (x) = (—1)"p, (2) (r = 0,1, --- ,n) 


define functions g* (x) absolutely continuous for r = 0, 1, --- , nm — land belong- 
ing to L”’ forr = n. Let T* be the linear operator in L”’ with domain D*, 


(4.2.3) T*9(z) = . p*(z)g2(z) + c*(z)g(2), 
where 
(4.2.4) c*(x) = c(z), pr (x) —= (—1)'qn--(x), (r = 0, 1, tne n). 


Let Do be the set of g(x) in D* for which g; (a) = g; (b) =O(r=0,1,---, 
n — 1) and let 79 be the operator 7* restricted to the domain Do. 

TuHeorEM 5. Dp is dense in L” and Do is dense in L’’. 

Turorem 6. 1 and T* are the adjoint operators of T and T», respectively. 
T and Ty are closed operators. 

Theorems 5 and 6 have been proved for the case p = 2 by one of the authors 
[2]. These theorems show that the processes of taking closures and adjoint 
applied to the class of ordinary differential operators in L” lead to the more 
general class of quasi-differential operators but that this latter class of operators 
is closed under these processes. A general discussion of linear operators in L’ is 
given by F. J. Murray [4]. 
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We require the following lemmas. 
(4.3) Lemma 5. If f(x), o(x) are integrable over the finite interval (a, b) and 
Q(z, z) is measurable and bounded ona S x,z S b, then 


(4.3.1) = [ “fele) — Q(x, 2)fle)]ae 
is equivalent to 

(4.3.2) i= [ ” K(x, 2)p(e) de 
with 


K(z, z) = K(Q,z,z) =1—- [e, a) dz + [a [e, 22)Q(z2, 21) dze 


~ [ae [ee 20 de [e, 23) Q(z, 22) dzs + ---. 


The series for K(Q, x, z) can be obtained by successive substitutions for f(z) 
in (4.3.1) with suitable changes in the order of integration. The uniform 
convergence of the infinite series and the verification of the lemma follow easily 
from the boundedness of Q(z, z). 

(4.4) Lemma 6. Let (a, b) be a finite interval and let K ;,,(x, z) be defined by induc- 
tion by 


= . pt n(z) 
Koa(z,z) = K(Q,2,z) with Q(z,z) = ao(2)” 


Ky sii(z, z) = K(Q,2,2) with Q(z,z) = [ ° Ko+(21, 2) seotel dz, 


(r = 1,2,---,n—1), 


(4.4.1) 


Kjraa(z, z) = i K;,-(2, 21) Ke ryiler, z) dz, 
(j = 0,1,---,r—1;r=1,2,---,n—1). 


The kernels K;, have the following property. If f(x) is in D with f(a) = 0 
(r = 0,1, ---,n — 1), then 


_ fo(x) 
f(z) = q(t)’ 


tha = [ ” Kiela, 2)f,(2) de 
(j = 0, 1, 28 get = l;r = 1, 2, tee ,n). 


(4.4.2) 


Conversely, if g(x) is any function belonging to L”, then (4.4.2) with f,(x) replaced 
by v(x) determine a unique f(x) in D for which f,(x) = g(x) and f(a) = 0 for 
r=0,1,---,n—-—1. 
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The proof of this lemma follows from applying Lemma 5 to the relations 
fila) = [Uel®) — gente) SO de 


and using suitable changes in the orders of integration. 
Lemma 7. The K;,-(z, z) of Lemma 6 satisfy 


a° Kj,(z, z) 








(4.4.3) = is bounded (s = 0,1, ---,7r); 
'K. (0 (s = 0,1,---,r-—ljs#r—j-—1) 

(4.4.4) E= = i‘ , 
oz zz + l (s =f -j — 1). 

The proof is by induction. For n = 1 the lemma is easily verified. If now 
the lemma is proved for 1, 2, ---, m — 1, then it is easily proved for n by using 


(4.4.1) and induction on j = n — 1,n — 2, --- ,3,2,1,0. 
(4.5) Lemma 8. Let M be any linear subspace of L” and MW’ the set of ¢(zx) 
belonging to L”’ for which 
6 
[ ¢(z)y(xz) dx = 0 
for every (x) in M. Suppose f(x) belongs to L’ and that 
6 
[ S(x)e(x) dx = 0 
for every g(x) in M’. Then f(x) is in the closure of M. 
The proof of this theorem for complex L’-space is due to Murray [4] (see 
Theorem 1.3 there). In particular, if IM consists of the single function y(xz) = 0 


(multiplied by an arbitrary numerical factor), then f(z) = 0 almost everywhere. 
(4.6) Lemma 9. If ¢(x) belongs to L’ and 


[ 1@6@ ar = 0 


for every f(x) in Do , then g(x) = 0 almost everywhere. 
By Lemma 6 


[@ dx [ Ko,» (2, 2)fn(z) dz = 0, 


that is, by a suitable change in the order of integration, 


[ Sn(z) dz [ Ko.» (2, 2) (x) dx = 0, 


for every f,(z) in L” for which 


[ Kent, z)f.(z)dz=0 (r=0,1,---,n—1). 
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Since the finite-dimensional linear subspace of functions of the form 


¥ Kalb, 2) 


r=0 


is closed, we have by Lemma 8, 
b n—l 
[ Kon(x, 2)e(a) dz = Dc, Kr.n(b, 2). 
z r=0 


Setting z = 6 after partial differentiation r times with respect to z gives, with 
the help of Lemma 7, c, = 0 (r = 0,1,---,” — 1). Differentiating n times 
with respect to z gives 


¢(z) = + | # Beals, 2) g(x) dx 


a relation which implies, by Lemma 5 and (4.4.3), that g(x) = 0 almost every- 
where. 
(4.7) Lemma 10. 


n—l 


(4.7.1) [ Tf(x)g(a) dx — [ f(x) T*9(z) dx = p> (—1)’[fn—r1(x) g? (x) 12 
for all f(x) in D and g(x) in D*. 


This identity, giving the extension of the well-known bilinear concomitant of 
ordinary differential operators’ to quasi-differential operators, can be verified by 
repeated integration by parts. 

(4.8) Proof of Theorem 5. From Lemmas 8 and 9 it follows that the closure of 
Dy in L” is L”, that is, Do is dense in L?. Similarly, Do is dense in L’. 
(4.9) Proof of Theorem6. Let T’ be the adjoint operator to T. Then T’g(x) = 
h(x) is equivalent to 

g(x), h(x) are in L”’, and 
(4.9.1) b Dos b ae 
I Tf(x)g(x) dx = | S(xz)h(x)dz forall f(z) in D. 


By Lemma 6, (4.9.1) implies 
[ {palaifate + = p(x) [ "Kel, 2)fa(2) dz + ae [ “Kon(2, eyaledaehgt@}ae 


= [ ‘a5 [ * Kosala, 2)ful2) ae) 5G) dx 


for arbitrary f,(z) in L’. By suitable changes in the order of summations and 
integrations, which are easily justified, this can be written 


[ Jule) pala)a0@) +2 [ K,n(z, £)pe(z)g(z) dz 


: e(z) | = h(e) \ 
+f Ko,n(z, x) ata g(z)dz — | Kon(z, 2) ars dz> =0 


6 See E. L. Ince, Ordinary Differential Equations, pp. 123-124. 
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for arbitrary f,(z) in L”. Using Lemma 8, we deduce that the expression in 
braces equals 0 almost everywhere. Repeated differentiation and the use of 
Lemma 7 show that g(x) is in D* and g?(b) = 0 (r = 0,1, --- ,n — 1). Inter- 
changing the réles of the end-points a, b we deduce that g(x) is in Dg. Since 
Do is dense in L”, T’ is single-valued (see Murray, Theorem 2.6, [4]). Now 
Lemma 10 shows that 7’g(x) = Tog(x). From the same Lemma 10 it is plain 
that Tog(x) = h(z) implies that 7’g(x) is defined and equals h(x). Hence T> 
is the adjoint operator to 7. 

Applying the preceding paragraph to 7* (in place of 7’), and using the theorem 
that the adjoint of the adjoint is the closure (Murray, Theorem 2.6, [4]), we ob- 
tain that 7* is the adjoint operator to Ty and that T and 7% are closed operators. 
(4.10) The extension of Theorems 5 and 6 to infinite intervals and the discussion 
of linear boundary conditions can be carried out here in precisely in the same way 
as has been done in the case p = 2 in [2]. 
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INTERIOR SURFACE TRANSFORMATIONS 
By G. T. WHyYBuRN 


In a previous paper’ it was shown that when a 2-dimensional manifold A 
(with or without boundary curves) undergoes a light interior transformation 
T(A) = B, the resulting image B is likewise a 2-dimensional manifold. In this 
paper it will be shown that under these circumstances the Euler characteristics 
of the original and resulting manifolds are connected by a simple numerical 
relationship involving integers dependent only on A, B and the transformation 
T (see §2). Numerous examples and applications of this result follow in §§3 
and 4. In the concluding section there is developed a method which effects 
the extension of this as well as other results concerning interior light trans- 
formations to the case of 2-dimensional pseudo-manifolds. 


1. We consider a light interior transformation T7(A) = B, where A (hence 
also’ B) is a compact 2-dimensional manifold. Let a and 8 denote the bounda- 
ries (if any) of A and B, respectively. By a previous theorem’ it follows that 
there exists an integer k such that the inverse of every point in B consists of k 
or fewer points. We define the least such integer k to be the degree of T. In 
other words, the degree k of T is the maximum multiplicity of T. Also from 
the theorem just cited it follows that there is only a finite number of points of 
B — 8B whose inverse contains a point where 7’ is not locally topological. Thus 
if Z denotes the set of all such points of B — 8, it follows that on the set A — 
T '(Z) — T'(8), T is locally topological ; and since this set is connected, 7 must* 
be exactly k to 1 on this set. Thus k might also be defined as the multiplicity 
of T on the set A — T'(B + Z). 

Throughout this section the letters used above will retain their significance 
as there defined. Also x(X) will stand for the Euler characteristic of the com- 
plex or surface X. We proceed to establish two lemmas. 

Lemma 1. If N C Bisa graph dividing B into only a finite number of com- 
ponents, then T”'(N) is a graph. 

Proof. Since all but a finite number of points of N are of order 2, T~'(N) 
has at most a finite number of end points. Since A — 7” '(N) has only a finite 
number of components (each of which maps onto a component of B — N), it 
follows that 7” '(N) contains only a finite number of simple closed curves. 


Received July 9, 1938. 

1 See my paper in the American Journal of Mathematics, vol. 60(1938), pp. 477-490. 
2 Ibid., Theorem (5.2). 

3 See Eilenberg, Fundamenta Mathematicae, vol. 24(1935), p. 36. 
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Thus each cyclic element of a component C of 7” '(N) is a graph, and as C 
can have only a finite number of nodes, C is a graph and so is 7” '(N). 

In particular, 7” '(8) is a graph, since B — B is connected. 

Lemma 2. There exist simplicial subdivisions K and H of A and B, respec- 
tively, such that each simplex of K maps topologically onto a simplex of H. 

Proof. Let Z be the set of all points of B — 8 whose inverse contains a point 
at which 7 is not locally topological. For each point q « T”'(Z), where T is 
not locally topological, let (see footnote 2) E,, be a 2-cell neighborhood of g on which 
T is equivalent to the transformation w = 2‘ on | z| < 1, and let G, be the graph 
consisting of the part in #, of the inverse of the set corresponding to v = 0, 
—1 < u S 1, wherew = u+ iv. Asthe number of points in T”'(Z) is finite, 
we may suppose the graphs G, are disjoint and do not intersect 7” '(8). 
Let G be the graph consisting of 7”'(8), T~'(Z) and all the graphs G,. Let 
W =T (8) +T “(Z). 

(i) There exists ad > 0 such that if Z is any region in A not intersecting G 
and such that p(E, W) < d > 6(E£), then T is topological on E. 

Proof of (i). Let Q = q+ G+ --: +m be the points of 7”'(Z) where T 
is not locally topological. Now (see footnote 2) the set V = T-'(Z) — Q+T™' (8) 
can be covered by a finite number of 2-cells D, + D,. + --- + D, such that the 
part, if any, of T”'(8) within D; divides D, into a finite number of 2-cells on each 
of which T is topological. Now there exists ad) > 0 such that any subset A’ 
of A such that 6(A’) < dy and p(V, A’) < dy lies wholly in some one of the sets 
D;. For eachj < m, let d; be less than half the distance from ¢; to the bound- 
ary of E,; . 

Finally, letd = mind;,0 Si < m. If £ is any region in A of diameter < d 
not intersecting G and such that p(Z, W) < d, it is seen at once that £ lies 
wholly in some one of the sets D, or in one of the sets Z,, ; and, in either case, 
since the interior of E does not intersect G, it follows that 7’ is topological on EB. 

(ii) There exists a number e > 0 such that if K is any subdivision (simplicial 
or cellular) of A of norm < e whose 1-dimensional structure includes all points 
of the graph G, then on any simplex of K, T' is topological. 

For if we take a sufficiently small neighborhood U of 8 + Z in B, we will have 
W cT'(U) CV.(W). Hence on the set T'(B — U), T is locally topological. 
Accordingly, there exists a number f > 0 such that on any subset of 7~'(B — U) 
of diameter < f, T is topological. Let e = min (d,f). Then if K is any sub- 
division of A of norm < e whose 1-dimensional structure inciudes G and if E£ is 
any 2-cell of K, we have either E C T-'(B — U) or p(E, W) < d; and since 
the interior of E cannot intersect G, it follows in either case that T is topological 
on E. Hence surely T is topological on any cell of K. 

Since T is light, we have 

(iii) There exists a number h > 0 such that if H’ is any graph in B including 
8 + Z and such that every component of B — H’ is of diameter < h, the diam- 
eter of every component of T”'(B — H’) = A — T"'(H’)is < e. 

Let H be a simplicial subdivision of B whose 1-dimensional structure H’ is 
such a graph. 
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Since every point of Z is a vertex of H, it follows that T-'(H’) = K’ contains 
a graph G, about each point g; of g. Thus by (iii) and (ii) the closure of each 
component of A — K’ is a 2-cell mapping topologically onto a simplex F of H. 
Thus if for each such E we select edges and vertices by the (topological) trans- 
formation 7” '(F) = E, it is clear that we obtain a simplicial subdivision K of A 
with 1-dimensional structure K’ such that 7 is topological on each simplex of K. 

Corotiary. If B is a closed orientable surface, so also is A.* 

For we have only to assign to each 2-simplex in K the orientation of its image 
simplex in H, where H is “coherently” oriented.” Then since each 1-simplex 
in K is on exactly two (see reference in footnote 1) 2-simplexes and these have 
distinct images, it follows that K is coherently oriented. 

Thus non-orientability is invariant under light interior transformations 
between closed surfaces. That this is not true for surfaces with boundary will 
be seen below in §3, example (iii). 


2. THeoreM. If A is a 2-dimensional manifold and T(A) = B is a light 
interior transformation of degree k, then 


kx(B) — x(A) = kr — n — m, 


where r and n are the numbers of points in Y and T'(Y), respectively, where Y 
is the set of all y ¢ B such that T~‘(y) contains either a branch point of T~'(8) or a 
point of A — T'(8) at which T is not locally topological, and where m is the number 
of components of T-‘(8) — T*(Y)-T (8) — a which are not simple closed curves. 

Proof. et K and H be subdivisions of A and B given by Lemma 2. Let 
a’ and s' (i = 0, 1, 2) be the number of i-dimensional simplexes in K and H, 
respectively. 

Since T is k to 1 on the set A — 7'(Z) — T'(8), we have 


(i) a’ = kp’. 
Since for any 1-simplex x’ of K which is in 7-'(8) but not in a the two 2- 


‘ 1 ° e ° ° 
simplexes on x have the same image, it follows that if ¢ is the total number of 
such 1-simplexes z' in K, we have 


(ii) a’ = kp’ — t. 
For the same reason, if s is the number of vertices of K on the set T’(8) — 
T(Y)-T (8) — a, we have 
(iii) a’ = kp’ — (kr — n) — s. 
Now let E,, Ex, ---, Em, Ems, --- , Eq be the components of T'(8) — 


yl , 1 
T '(Y)-T (8) — a, where E,, E., ---, Em are open ares and Emit, Emis, ---, 
E, are simple closed curves. 


* Compare with Stoilow, Compositio Mathematica, vol. 3(1936), pp. 435-440. 
5 For a definition of this term, see Alexandroff-Hopf, Topologie, Berlin, 1935. 
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Let ¢; and s; be the number of edges and vertices respectively of K on E, 
(0<isq). Then 


q 
LDi=t, La=s. 
1 


Further, for i > m, t; = s;; and fori S m,t; = s; + 1, whence 


t-s=D&-s) =L&-0 + Db-s 
(iv) : 1 m+1 
=>1+0=m. 


Now, by (i)—(iii), we have 
eo —ata =k(@ — 6+ 6) — (lr—n) +t-—-s. 
Whence, by (iv), 


x(A) = kx(B) — (kr — n) + m, 
or 
kx(B) — x(A) = kr — n — m. 


3. Examples. (i) Let A be a sphere with center at the origin in 3-space 
with a cylindrical coérdinate system (p, 6, z). Let 7 be the transformation of 
A into a sphere B effected by identifying the points (p, 8, z) and (, @ + 22/k, z), 
where k is a positive integer. We have k = k,r = n = 2,m = 0, so that both 
sides of the equation in our theorem reduce to 2k — 2. 

(ii) Let 7, be the transformation of a torus A into a circular ring R effected 
by merely flattening the torus onto a plane which cuts it into two rings. Let 
T: be the transformation of R into a 2-cell B, effected by folding FR across a line 
cutting R into two 2-cells. Finally, let T = 7:7,. For T,; we have: k = 2, 
r=n=m=x(A) = x(R)=0. ForT:: k = 2,r=n = 4,m = 2, x(R) = 0, 
x(B) = 1. ForT: k = 4,r =n = 4,m = 8, x(A) = 0,x(B) = 1. 

(iii) Let T be the transformation of a projective plane A into a 2-cell B, 
effected as follows. Cut A into a Mébius band M and a 2-cell EZ, each bounded 
by a simple closed curve J. Regard M as generated by an interval ab moving 
“narallel” to itself with its ends on J. Now in M identify points on ab equi- 
distant from the midpoint of ab; and on E let T be equivalent to the trans- 
formation w = 2 on|z| <1. We have: k = 2,r = n = 1,m =0,x(A) = 
x(B) = 1. 

(iv) Let T be a transformation of a torus A into a sphere B effected as fol- 
lows. Cut A into a 2-cell E and a “handle” H each bounded by a simple closed 
curve J. On E let T be equivalent to w = 2’ on|z{| <1. Let H be mapped 
into a 2-cell F as follows. On B select three points u’, v’, w’ inside F and join 
each to the edge of F by 2 intervals, thus dividing F into 4 regions. On H 
select three points u, v, w which will be branch points of order 2; for convenience 
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these may be taken with u and v opposite points on one generator of the torus 
and w opposite v on the other generator. Now join each of these points on 
H to J by 4 intervals so that H is divided into 8 regions. If selected properly, 
T can be defined so as to map these in pairs topologically onto the four regions 
of F. For this transformation we have: k = 2,7 = n = 4,m = 0, x(A) = 0, 
x(B) = 2. 


4. Applications. 

(i) If m = 0 [as for example when a = T‘(8)| and x(A) = x(B), either T is 
topological or r = x(A). 

For in this case our equation in §2 takes the form 


(k — 1)(x(A) — r) =r—-n; 


and since the right member is S 0, we have either k = 1 orr 2 x(A). 

Thus, for example, any non-topological light interior transformation of a 
sphere into a sphere has at least two singular points in the image sphere [see 
example (i)]; and any such transformation of a projective plane into a 2-cell or 
another projective plane or of a 2-cell into a 2-cell [see example (iii)] has at 
least 1 singular point in the image set. 

(ii) Jf x(A) = x(B) < 0 and m = 0, the transformation is necessarily topo- 
logical. 

For our equation takes the form 


(k — 1)x(A) = kr — n; 


and as the right member is 2 0 and x(A) < 0, it follows that k = 1. Obviously 
this conclusion does not hold for surfaces of characteristic = 0. 
(iii) If kr = n and m = 0 (as for example when T is locally topological’), 


kx(B) = x(A). 


Thus x(A) and x(.3) vanish or fail to vanish together and if x(A) = x(B) #¥ 0, 
T is necessarily topological. 

It is interesting to note that the conditions imposed here do not restrict T to 
a local homeomorphism—see the transformation 7 under example (ii) in §3. 

For the surfaces of positive characteristic we have the following striking 
consequences. If A is a sphere, x(A) = 2 and hence k = 1 or 2 and x(B) = 
lor2. Thus B is either a sphere, projective plane or 2-cell and all are possible 
(a known result, see my paper in footnote 1) under such a transformation. If 
B is a sphere, k = 1 and the transformation is topological; if B is a projective 
plane, then k = 2 and T is locally topological and exactly (2, 1); if B is a 2-cell, 
k = 2 and 7 is not locally topological. Thus the only exactly (k, 1) interior 
transformations on a sphere are the topological transformation into another sphere 


6 This conclusion was established in the case of a local homeomorphism on a linear graph 
by A. D. Wallace. See his abstract in the Bulletin of the American Mathematical Society, 
vol. 44(1938), p. 202. 
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and the (2, 1) non-singular transformation into a projective plane (identifying 
diametrically opposite points). For no value of k other than 1 and 2 does there 
exist a (k, 1) interior transformation on a sphere. 

If A is a projective plane or a 2-cell, x(A) = 1 and hence x(B) = k = 1. 
Thus the only transformation satisfying our conditions on A is a homeomor- 
phism. In particular, it follows that there exists no exactly (k, 1) interior trans- 
formation on a projective plane or a 2-cell other than a homeomorphism. 

For surfaces of characteristic < 0, of course, no such conclusions hold. For 
example, it is easy to define transformations of a torus into a torus or of a circu- 
lar ring into a circular ring which are locally topological and exactly (k, 1) for 
every positive integral value of k. Also, it is easily seen that for any n = 0, 1, 


2, --- and any k = 1, 2, --- we can map the closed orientable surface of char- 
acteristic —2kn into the one of characteristic —2n by a (k, 1) local homeo- 
morphism. 


In the case of a 2-cell or the projective plane, even without the assumption that 
kr = n, we have k — 1 = kr — n; thus r = 1 gives n = 1 so that if there is 
only 1 branch point in B, the same holds for A; and in the case of a 2-cell, T is 
equivalent to w = 2‘ on |z| < 1. 


5. Extension to pseudo-manifolds. In this section it will be shown that 
any light interior transformation on a 2-dimensional pseudo-manifold (see foot- 
note 5) reduces essentially to a light interior transformation defined on a mani- 
fold. This reduction will be made with the aid of a transformation previously 
studied by the author’ which makes use of the relative distance space introduced 
by Mazurkiewicz.” If M is a connected metric space of finite diameter, the 
relative distance space M* of M consists of the same points as M, but the 
metric p*(x, y) is defined, for z,y ¢ M*, as the greatest lower bound of [3(C)], 
where C is any connected subset of M containing x + y. 

In the author’s paper just cited it was shown that if M has property S (i.e., 
M is the sum of a finite number of arbitrarily small connected sets), and if, in 
general, for any metric space X, X. denotes the space obtained by “completing” 
X, then the spaces M,. and M? are compact and the change of metric from M* 
to M generates a continuous transformation 


W(M?) = M. 


which maps M* onto M topologically and uniformly continuously and maps 
M? — M onto M, — M. 

Lemma. Let R be connected and have property S and let W(R3) = R., where 
R* is the relative distance space for R. If for any p « R. — R and any « > 0 we 
let n(e, p) be the number of components of R-V.j3(p) having p for a limit point, 
then W'(p) is the sum of n(e, p) closed sets each of diameter < ¢ and any two of 


7 See my paper in the American Journal of Mathematics, vol. 54(1932), pp. 367-376. 
8’ See Fundamenta Mathematicae, vol. 1(1920), pp. 167-168. 
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which are at a distance apart > }«. Thus W is light and if lim n(e, p) = n(p), 
e—0 


then n(p) is equal to the number of points in W‘(p) if either of these numbers is 
finite. 

Proof. Let Ri, Re, ---, Rac.» be the components of R-V./3(p) having p 
asa limit point. For each 7, let F; be the set of all points z of W'(p) such that 
if 2, , %2, --- is any sequence in &* converging to z, then almost all of the points 
W(x), W(a2), --- are in R; and of course the sequence converges to p. Since 
for any z e W ‘(p) and any sequence x; — x, where 2, ¢ R* for all k, there exists 
an 7 such that almost all W(z,) lie in R; (because we have p*(y; , y; = $e for 
yi €R,-Vie(p), y; € Rj- Vee(p)), it follows that 


W'(p) = Fi + Fo +--+ + Free: 
Now if ze F;, y « F;, we have 
p*(x, y) = lim p*(xx, yx) = lim p*(W(ax), W(yx)] 2 te, 
where x — 2, yx > Y, Te, yx € R*. Hence 
o(F;, Fj) 2 te. 


Thus since W ‘(p) is closed, each F; is closed. 

TueoreM. Let T(A) = B be interior and light, where A is a compact 2-di- 
mensional pseudo-manifold. There exist compact 2-dimensional manifolds A’ 
and B’ and continuous transformations 


W(A') = A, T’(A’) = B’, Z(B’) = B 
such that 

(1) W is topological except at f points which map into s points of A, 

(2) Z is topological except at e points which map into t points of B, 

(3) T’ ts interior and light, and 

(4) ZT'W' =T. 

Proof. Let P denote the (finite) set of all local separating points of A and 
let R = A — P. Then R is connected and has property S. Let R* be the 
relative distance space for R and sect R? = A’. Then since R. = A, we must 
have 


W(A’) = A. 


Furthermore, since for each p « P there exists a closed neighborhood of p which 
is the sum of a finite number n, of 2-cells intersecting by pairs only in p, it fol- 
lows by the preceding lemma that there are exactly n, points in W '(p) and 
each of these points has a closed 2-cell neighborhood. Thus since W is topo- 
logical on A’ — W’'(P), it follows that A’ is a 2-dimensional manifold and as- 
sertion (1) holds. 

The transformation 7°(A’) = B’ is given by the following continuous de- 
composition G of A’ into disjoint closed sets G,. For any 2 eA’ such that 
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W(z) is not a local separating point of A, let 
G, = WT T(z). 


For an z ¢ A’ such that W(z) is a local separating point of A, let Z, be a 2-cell in 
A’ containing z so small that W is topologicalon E,. Let 2, 22, --- be a se- 
quence of points in E converging to z, and let G, = lim (G,,). Clearly G, is 
independent of the sequence 2; , since it consists merely of all y « A’ such that 


TWy) = TW(x) =z 


and 7'W(E,) is essentially the same as TW(E£,), i.e., z is interior to the common 
part of these sets relative to their sum. For the same reason it follows that any 
two distinct sets G, are disjoint and that the decomposition G of A’ into the 
sets G, is continuous. Let B’ be the hyperspace of this decomposition and let 


T'(A ") = B’ 


be the associated (light interior) transformation. Then B’ is a 2-dimensional 
manifold, since (see footnote 1) 7” is interior and light. 
Finally, if for each x « B’ we define 


Z(x) = TWT’“(z), 


clearly we get Z(B’) = B and (4) holds. Also, from the definitions of Z and T’ 
it follows that if z,y « B’ — T’[W'(P)], x ¥ y, we have 


Z(x) ¥ Zy). 


Hence (2) holds and our theorem is proved. 

Coro.titary. The image of a 2-dimensional pseudo-manifold under any light 
interior transformation is itself a 2-dimensional pseudo-manifold. 

Now to extend our theorem of §2 to pseudo-manifolds, we let T(A) = B 
be a light interior transformation where A (hence also B) is a 2-dimensional 
pseudo-manifold. Let a, 8, k, Y, r, n, m be defined for T exactly as in §§1 and 2, 
where now the s and ¢ points of A and B mentioned in the preceding theorem 
are included in the n and r points of A and B, respectively, given by T(Y) 
and Y. (Note that the existence of the integers k, r, n, m follows from their 
existence in the manifold case by virtue of the preceding theorem.) 

Now from the transformations W and Z we have by virtue of (1) and (2) 


x(A’) = x(A) +f -— 8, 
x(B’) = x(B) + e — 1. 
By §2, the transformation 7’(A’) = B’ gives 
kx(B’) — x(A’) = kr —t +e) —-(n—s+f)—m 
k(r — t) — (n — 8) + ke —f — m. 


(i) 


ll 


(ii) 


Il 
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Now, by (i), 
kx(B’) — x(A’) = kx(B) — x(A) + ke — f — kt + 8, 
whence, by (ii), 
kx(B) — x(A) = k(r — 8) — (n — 8) —-m+hkt— 8 
= kr—n—m. 


This is identically the same relation as in the theorem of §2. 

Thus we have the 

THeoreMmM. If T(A) = B is interior and light, where A is a 2-dimensional 
pseudo-manifold, then B is a 2-dimensional pseudo-manifold, and if k, r, n, m 
are defined as in §§1, 2, we have 


kx(B) — x(A) = kr — n — m. 


UNIVERSITY OF VIRGINIA. 
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FUNCTIONS OF INTEGRABLE SQUARE IN SEVERAL COMPLEX 
VARIABLES 


By 8S. BocHNerR 
° e 1 ° . ° 
As in two previous notes we consider in the space C, of k complex variables 
z= (a, --- , Ze), 42a thy, 


point sets of a special nature which we call tubes. A point set T of C, is a tube, 
if there exists a point set S in the space R, of real variables x = (x, --- , x) 
such that 7 consists of all k-dimensional planes 


(1) z,= 27° (— <% < osx =],.--,k) 


for which (2), --- , 2,) is any point of S. The set S is called the basis of 7, 
and we also denote T more explicitly by 7's. The tube 7's is open or closed in 
C, if and only if S is open or closed in R, ; it is convex if and only if S is convex, 
and the convex hull’ 7 of a tube T is again a tube whose basis S is the convex 
hull of S. 

We say that a function f(z) = f(a, --- , 2) is of integrable square in T if the 
function 


Sly) = f(t + ty, +++ Te + tye) 


belongs to the Lebesgue class Le over the y-space, for every x C S, and if more- 
over there exists a constant AK such that 


(2) | is / \fely) | dvy SK, 


for alla C S, the symbol dv, denoting the Euclidean volume element dy; --- dy . 
In our first note we proved the following theorem. If f(z) is analytic and of 
integrable square in an open tube 7’, then it also exists and is of integrable square 
in T. In the present paper we shall extend this theorem to the case of tubes 
which are not necessarily open. 
AssuMPTIONS. (1) The basis S is such that any two points P, Q of S have a 
finite Euclidean distance D(P, Q) on S in the following sense. Corresponding to 


Received May 6, 1938. 

1S. Bochner, Bounded analytic functions in several variables and multiple Laplace inte- 
grals, American Journal of Math., vol. 59(1937), pp. 731-738; A theorem on analytic continua- 
tion of functions in several variables, Annals of Math., vol. 39(1938), pp. 14-19. I am in- 
debted to H. Behnke for pointing out to me that the theorem of the second note can be 
proved in a much simpler fashion. See K. Stein, Zur Theorie der Funktionen mehrerer 
komplexer Verdnderlichen, Math. Annalen, vol. 114(1937), p. 557. 

? This is the smallest convex set containing 7; it is not necessarily closed. 


635 








636 S. BOCHNER 


any « > O there exist points Py, P,, --- , P, in S, with the following properties: 
(a) Po = P, Px = Q; (8) the Euclidean distance P,P,.; is < €, forv = 0,1, ---, 
n — l;and 


(y) PoP: + P,P: + --- + PaiP, < D(P, Q). 


(2) The convex hull S of S is k-dimensional. 

(3) The function f(z) is analytic and bounded in some (2k-dimensional, open) 
domain® U of C;, containing Ts , and is of integrable square in Ts . 

AsseRTION. The function f(z) exists and is of integrable square in the conver 
hull T of T. Also, it satisfies relation (2) in S for the same constant K as in S. 

This theorem includes our previous theorem bearing on open tubes. In fact, 
if T is open, assumptions (1) and (2) are trivially fulfilled, and assumption (3) 
is satisfied for U = T’, subject to the inessential qualification that f(z) is not 
necessarily bounded in the whole tube 7 but is so in every closed tube interior 
to it. 

For the proof of the theorem we may assume that S is bounded. Otherwise 
we take a fixed point O of S, a sequence of spheres 2, in C, with centers at O 
whose radii tend to infinity, and, for each n, the set S, consisting of those points 
of S which, in the sense of assumption (1), can be connected with the point O 
within Y,. Obviously S, tends to S, and 7s, tendsto 7's. Thus it is sufficient 
to prove our theorem for S = S,,. 

Another specialization is less trivial, and will be justified afterwards; we 
assume that 


(3) fla, ++, 2) = O(yi + --- + yf) aie asyit--» +y— @, 


uniformly for z C U. 
As a consequence of (3), there exists a constant A such that 


(4) fl, -++,%e ,--+,m%) SAO 
forx = 1,---,k, and 
i. 36s ae + ECW. 


Corresponding to any a > 0 there exists in R;, an (open) neighborhood S, of S 
such that the point set 


(x1, --+, 2%) CS (-a<y, <a;x =1,---,k) 
of C, is contained in U. We may assume that S, is contained in a sphere 
(5) tit---+a<ca 


whose radius a@ is independent of a. We now introduce the function 


als,t) = [ her [ ” fla) exp b (, + inate és, 


3’ Which need not contain an open tube. 
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:: for x C S, and arbitrary real points t = (t,, --- ,&). We are interested in the 
partial derivative of this function with respect to 2,. The integrand on the 
right is an analytic function of x; + ty, , hence its derivative with respect to x 
is, but for the factor —7, its partial derivative with respect to y; , thus 
gale, t 
* ft ) = -if’.. £2 an {pla exp [> (a. + ty, )te few. 
1) 
Carrying out the integration with respect to y, , we obtain 
- 4 a a k 
-i f ake fela, ye, +++, Ye) exp | (a + ia)t; + oe (x, + ivdt| dy, --- dys 
t, > 
}) and a similar term with —a instead of a. Using (4), we obtain, for x C S,, 
rt 
r dga(x, t) < A (a, da” 
Ox, 
“ and in general, 
D Spelt 1) < Ale, a7 (= ,h), 
S OX. 
y where A (a, t) is independent of a. If 2’ = (a1, --- , 24) and 2” = (27, , te) 
t are any two points of S, and if the connecting segment 
" t. = pt. + (1 — pac (0< p< 1) 
lies in S, , then 
k 
, az, t , 
a(x’, t) — g(x”, t)| Ss >> max dva(z, t) -|ae — a | 
k=1 0<ps1 Ox, 
k } 
< kA(a, p> (x’ — “| a” 
«=1 
Consequently, by assumption (1), 
| ga(x’, t) — gala’, t) | S k-A(a, t)D(2’, 2’’)-a", 
for any two points 2’, x” of S. Letting a > ©, we conclude that the integral 
oo k 
S [= [ 1) eX Ge + iva Jae, 
) which we can set up for all points x C S is actually independent of x. We de- 


note it by g(t). 


By Plancherel’s formulas we have, for x C S, 


(6) 


and 


fzf \fely) Pdvy = 





1 
f(y) Hoa (2x) f-: 


> + ak 


x=1 


:- [o@ exp | — 
1 a | \2 
ap | fie exp| - 


eo 


of as 


tao. 
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Thus, by (2), 
e-) P k 
(8) [. . | | g(t) |? exp (-2 , # rat) dv, < (2n)‘K 
—.2 «k=l 


forx CS. The function in (8) is the limit, as a — ~, of 


a a k 
[ af g(t) /? exp (2D nuts) dv 
—a —a x=1 


The latter function is convex along any straight line in R,. Therefore it is 
< (2r)‘K for all x C S. We hence conclude that (8) holds for all x C S. 
Therefore we can construct the analytic function 


(9) g:(y) = g(z) = ary | #0 J g(t) exp | -> (1, + ind | dy, 


the integral converging absolutely and uniformly in every closed tube in the in- 
terior of T. Also 


[: | | gz(y) Pde, <K forx CS. 


The next step is to identify the functions f(z) and g(z). Comparing (6) and 
(9), we easily see that they are identical if some point z° of S is an inner point 
of S. Otherwise, if S lies on the boundary of S, there exist k + 1 points of S 
on the boundary of S such that the rectilinear simplex with these points as 
vertices is k-dimensional and part of S. 

Any non-singular linear transformation 

Az, = Ggati +--+ + nz 
with real coefficients a,, carries a tube into a tube, and the basis of the one tube 
into the basis of the other. In particular, we can choose the transformation 
in such a way that (after the transformation) our simplex contains the basis of 
a tube 


(10) acu stn -2“<y%< @, 


the point z¢ being a point of S. Our function g(z) is analytic inside (10) and 
defined by (9), whereas f(z) is analytic in a neighborhood of (1) and defined by 
(6) on (1), the function g(t) being the same in both cases. As in the case k = 1, 
we now readily conclude 

(11) lim [. : | f(t) — g(t) * dy, = 0." 

But the function f,(y) is continuous in a neighborhood of (1), hence by (11), 
for every finite a > 0, 


3a 3a 
(12) lim / see / | 6,(t) idvy, = 0, 
Se —z? —3a —3a 


*E. C. Titehmarsh, /ntroduction to the Theory of Fourier Integrals, Oxford, 1937, p. 130, 
Theorem 97. 
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where 
6(z) = f(z) — gf) 
is defined in the point set 


ocx, S24, 0s |y. 3a, 


IIA 


for » sufficiently small (depending on a). For 0 < ¢« < a, the function 
. SS tg , : P ; ; 
(2) = al vee | 5(a + tyr + im, --+, te + tye + tux) doy 
0 


is analytic and bounded in 


(13) a<aSutn OFS |y%| S 2a, 


e . 0 x 
and on account of (12) it tends to0 asz,—2,. For any fixed numbers y, , 


such that 
0s ly.| Sa, 0 < » S max (1, »), 


the function 


i (ri + inn + mu, ---, re + tye + mw) 


of the complex variable w = u + iv is analytic and bounded in the rectangle 


d.(w) 


oS < aS Bi, —asvesa 
and tends to0 asu—0. Hence d,(w) = 0. In particular A,(1) = 0, or 


S(t tmtin,---,2e +m + in) =0 


for all values (13). Thus 6°(z) vanishes on a 2k-dimensional set and is therefore 


identically zero. But 6(z) = lim 6‘(z), and hence 6(z) = 0, or f(z) = g(z). 
«0 


This completes the proof of our theorem under the additional assumption 
If f(z) is bounded, 


f(z) = f(z) exp [o(zi + --- + 2i)] 
will satisfy (3) for 0 < o < 1, and since, for (5), 


ff \fi(y) Pdr, S A(a) fe | \fely) |? doy 
tim f -:-f ised ide, = [-:-f (sd Paes, 


our theorem holds for f’(z), and for f(z) itself. 
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APPROXIMATION TO THE SOLUTION OF A NORMAL SYSTEM OF 
ORDINARY LINEAR DIFFERENTIAL EQUATIONS 


By W. C. RisseELMAN 


1. Introduction. This note is concerned with certain problems of approx- 
imation on a given finite interval a < ¢t S b to the solution of the system of 
ordinary equations 


( ' 
= = Oa(t)a: + +++ + Gim(t)tm + 9:(t), , 

(1) dt (i = :, _—?- m), 
ri(to) = ci, 


where a S & S b. Let there be given an infinite sequence of functions ¢,(t) 
which are defined and linearly independent (in finite subsets) on (a, b). Let 


Yin; (t) ™ Cagi(t) + wae + Cinyn; (t) (i _ 1, ae m). 
One may consider the problem of approximating to the solution of the system 


(1) by means of a set of m linear combinations y;,,(t) satisfying the initial con- 
ditions so as to minimize the sum 


b 
| yin, ae O11 Yin, a a en Aim Ymrm — A, "2 dt ~~ eee 
(2) 


b 
+ / | tenn a Ami Yin, ee ep ee Oam Ymnn bial Om he dt, 


where the r; are given constants > 0. Another problem is that of approximat- 
ing to the solution by means of a set of m linear combinations y;,,(¢) so as to 
minimize 


-_ b 
> a; | Zito) _ Yin; (to) |""** + [ | yin, = 11 Yin, a Ce im Ymnm cae A; \"" dt 
(3) b 
+ éee + [ Yntin = Omi Yin, — ese <= Omm Y mr —_ Om he dt, 


where the r; and the a; are given constants > 0. Under further suitable hy- 
potheses regarding the functions involved in these problems, questions of exist- 
ence and uniqueness of approximating sets of functions will be discussed. 
The problem of uniform convergence as n; > ~ of the y;,,(t) to the x,(t) will be 
discussed only in case the y;,; are polynomials of degree at most n, in ¢. 

A number of papers’ have been written recently dealing with similar problems 


Received October 7, 1937. 

1W. H. McEwen, Trans. Amer. Math. Soc., vol. 33(1931), pp. 979-997; Bulletin Amer. 
Math. Soc., vol. 38(1932), pp. 887-894. For other references to the literature see these 
papers by McEwen. ~ 
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of approximation to the solution of a system consisting of a single m-th order 
linear differential equation and linearly independent two-point boundary con- 
ditions. The present problems, which are more general in certain respects 
and in which the initial conditions may be applied in the interior of the interval 
in which the approximation is made, have not yet been studied. 


2. Preliminary theorem on existence and uniqueness. 

DerFrInition. The m sets pi;(t), ---, ps;(t) (j = 1, ---, m) of s functions each 
will be said to be properly independent on (a, b) in case each of the functions is 
defined and measurable on (a, b) and at least one of the expressions cp; ;(t) + - - - 
+ csps;(t) (j = 1, --- , m) is different from zero on a subset of (a, b) of positive 
measure if the c; are not all zero. If there exists a set of c’s not all zero such 
that all of the expressions vanish almost everywhere on (a, b), the m sets p;(0), 
-++ , ps;(t) will be said to be essentially dependent on (a, b). 

Lemma. Let there be given m sets of s functions each p;;(t), --- , px;(t) which 
are defined on (a, b) and which satisfy the following conditions: 

(a) The functions p,;,--- , ps; belong to the Lebesgue class L"'(a, b) (j = 1, 

- ,m), where the r; are given numbers > 0. 

(b) The m sets are properly independent on (a, b). 

Let 


r= | Cipu + Copa + +++ + sp |' dt + --- 


b 
+ [ | C1 Pim + C2 P2m + SxF + Cs Psm i dt. 


Then all the c; for which | c; | = 1 satisfy | ex | < (1/To)""*, where Ty is a constant 
> 0 and r, is one of the r; which is at least as small as any other r. 

Proof. Let E denote the set of points (cq , --- , c,) in s dimensions such that 
|e;| = 1 for some 7 and |¢;|! S 1 for alli = 1, 2,---,s. Since 7 is a con- 
tinuous function of the c’s, since the set E is closed, and since the sets of func- 
tions are properly independent, it follows that 7’ has a minimum 7 > 0 on E. 
Now let the c’s be arbitrary. Suppose that the absolute values of the c’s are 
not all < 1 and that c; is one of the c’s whose absolute value is at least as great 
as that of any otherc. Then the coefficients in (ey; + --- + ¢.ps;)/cx belong 
to E. Since |c,| = 1, it follows that |c,| < (T/T»)""*. Therefore all c’s 
for which |c;| = 1 satisfy |c;| < (7/To)"* and the proof of the lemma is 
complete. 

Next the following preliminary theorem will be proved. 

TuHeorEeM A. If the functions p,;(t), --- , ps;(t) and 6,(t) are defined on (a, b) 
and belong to the class L"'(a, b) (j = 1, --- , m), and if the m sets prj, +--+ , psj 
are properly independent on (a, b), then there exists at least one set of values of the 
c’s for which 


6 6 
8 = [16 - aon - ~— — Cspa dt + s+ [00 — e101 — oe — CsPsm |" dt 
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is a minimum. If all r; satisfy r; > 1, the set of minimizing functions is 
unique. 

Proof. If the m sets pi; , --- , ps; , 0; of (s + 1) functions each are essentially 
dependent on (a, b), there is a unique set of c’s for which S = 0. Suppose that 
this is not the case. Then by virtue of the lemma all c; for which | ¢;| 2 1 
satisfy | ¢; | S (S/So)""*, where Sp > 0 is the minimum of 


b 
S'= [ | CoA: — Cipu — +++ — Cspa |" dt + --- 
a 
b 
+ | | CoOm — Cipim — *** — CePem "" dt 
a 
on the closed set in (s + 1) dimensions for which | c; | = 1 for some zand | ¢; | S 1 
for alli = 0, 1,---,s. Since S is a continuous function of the c’s, and since 


the values of the c; for which S is not greater than some specified number lie 
in a closed region, it follows that a set of minimizing functions exists. If all 
of the r; are greater than unity, there is a unique set of minimizing functions, 
for the argument that if there were two sets of minimizing functions {2;,(t)} 
and {yi,(t)}, then the set |(z,;, + yis)/2} would give a smaller value to S applies 
here. 


3. Existence and uniqueness of minimizing functions corresponding to the dif- 
ferential system. In this section the following assumptions will be made re- 
garding the functions 6;,(t) and 6,(t): 

(a) Each of these functions is summable on (a, b). 

(b) If any of the r; (¢ = 1, ---,m) are greater than unity, the functions 
6;;(t) and 6,(t) belong to the class L'‘(a, b). 

Besides the conditions imposed in the introduction the functions ¢;(¢) will be 
assumed to satisfy the following conditions in this section: 

(a) Each of these functions is absolutely continuous on (a, b). 

(b) If any of the r; are greater than unity, and if r, denotes one of the r’s 
which is at least as large as any other r, each function satisfies the condition 
that the sum >> | ¢i(t, — h,) — ¢i(t,) |" h}-* taken over any finite or enumerable 
system of non-overlapping intervals on (a, 6) is bounded. 

Under the conditions imposed on the functions 6;;(t) and 6;(t) there exists a 
unique set of absolutely continuous functions x(t), --- , z(t) which satisfies 
the system (1) almost everywhere on (a, b).” One may then consider the prob- 
lem of approximating this solution. The hypothesis (b) regarding the functions 
¢;(t) is necessary in order that these functions may have derivatives belonging 
to the class L’*(a, b).° 

In the discussion of the existence of a set of m combinations y;,,(t) satisfying 


2W. M. Whyburn, Annals of Mathematics, (2), vol. 30(1928-29), pp. 31-38. 
3 See, for example, E. C. Titchmarsh, The Theory of Functions, Oxford, 1932, pp. 384-386. 
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the initial conditions which minimize the sum (2) the following cases will be 
distinguished: 

(a) The ¢; are all zero and each function ¢,(¢) vanishes at t = & . 

(b) The c; are all zero but some of the ¢’s do not vanish at & . 

(c) The c; are not all zero. 


Let 
Lilt, +++, tm) = SS — Galt) — +++ = Oim(Dtm. 
Then the sum (2) may be written as follows: 
[i A:(t) — LiCyiny, +** 5 Yong) | dt + +++ + [ Om(t) — Lm(Yiny, *** » Yong) | de. 
Let lix(t) = LO, 0, --- , eg, --- , 0), where the notation means that the j-th 


argument is g;, and all the other arguments are zero. Then 


Lyin, 5 Sey a -™ } > Cj Lije(t). 
j=1 k=1 


Now, in case (a) the m sets of m + me + --- + mm functions each, which are 
obtained here, are properly independent. For if the Li(yin, , --- , Ymng.) Vanish 
simultaneously almost everywhere on (a, b), provided the cj, are not all zero, 
then the homogeneous system Li(m , --- , 2m) = 0, xi(to) = 0 has a non-trivial 
solution on account of the linear independence of the g;. This is impossible. 
It follows from Theorem A that for each set of values of the n; there exists a 
minimizing set of combinations and that, in case the r; are greater than unity, 
this set is unique. 

Case (b) will now be considered. Let g(t) be the first of the functions 9, 
which does not vanish at &. If there are any values of ¢ for which n; < k, 
each of the g’s in the corresponding y;,,(¢) vanishes at &. If there are values of 
i for which n; = k, then c;,; = 0 in the corresponding y;,, . Consider the values 
of ifor which n; > k. Let 

™ gilt) a , ’ 
v(t) = g(t) — gx(é) ((=1,---,k-—1k4+1,---, mm). 
¢ (to) 

Then each of the functions y;(t) vanishes at t = t. From the linear inde- 
pendence of the ¢; it follows that the y; are linearly independent on (a, b). 
For the values of i for which n; > k the approximation is to be made in terms of 
linear combinations of the y;. Thus it is seen that in this case either the yin, 
are identically zero or else, as in case (a), the approximation is to be made in 
terms of m properly independent sets of functions, and therefore by Theorem A 
there exists a minimizing set of combinations which is unique in case the r; 
exceed unity. 

In the consideration of case (c) it is to be noticed that if for each 7 for which 
c; ~ 0 there exists a g(t) with k S n; which does not vanish at t , cigx(t) /ge(to) 
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is an admissible combination which satisfies the initial condition. Then the 
problem is that of approximating the set 6:(t) — Li(ews(t)/ex(to), ---, 
Cmpn(t)/ge(to)) with a set Li(Yin,, +--+; Yn), Where the Y;,; vanish at &. If 
there is a value of 7 such that ¢; ¥ 0 and all the ¢’s with subscripts < n; vanish 
at to , the initial conditions cannot be satisfied. 

Next it will be shown that for each set of values of the n; there exists a set 
Yin, Which minimizes the sum (3). This set is unique in case the r; (¢ = 1, --- , 
2m) are greater than unity. If for a given set n; each of the ¢; in question 
vanishes at to , the set that minimizes the sum (3) is the same set that minimizes 
the sum (2) and satisfies yin,(t) = 0. If some of the g; do not vanish at &, 
let ¢. be the first function in the sequence which does not vanishthere. Then 
for all values of 7 for which n; = k one has 


Yin (t) = cayvalt) + +++ + Cua Wealt) + Ciesivenr() + --> 


+ Cin; Wn, (t) + =. ex(t), 
¢x (to) 


where the ¥; have the same meaning as before. One has yin,(fo) = b;. On 
account of the initial conditions imposed, one need consider only values of the 
b; for which 6; | S some bound M. For each value of i one may write 


b ™ - ‘ 
Li(yin, ; if F Yun.) = Le( = gx(t), PS Rs x e:(0)) + Lik ey ae y etede 
gx (to) ¢x (to) 


where each of the functions in the Y;,, vanishes at é& and the b; are zero in case 
k > n;. It follows from the previous work that for each fixed set of values 
of the b; a minimum m(b,, --- , b,,) of (3) exists. But this function is a con- 
tinuous function of the b; and one needs to consider only a closed region. In 
this region a minimum of m(bh , --- , b,,) exists and this is the minimum of (3). 


4. Convergence in case 7,,---,7,,are 21. In the study of the problem of 
convergence it will be assumed at first that the functions 6;,;(t) and 6,(t) are 
continuous on (a, b) and that the approximations to the 2,(t) are to be made by 
polynomials P;,,(t) of degree at most n;. Use will be made of the following 
auxiliary theorem: 

THeorEM B. Let K be a given real number 2 0; let a, , +--+ , dm and fry, +++, 
Tom be given real numbers > 0, and let r,, --- , tm be given real numbers = 1. 
Then if uj(t), --- ,un(t) are any set of m functions which are defined and have 
continuous first derivatives ona S t <= b and which satisfy the relation 


b 
S - { | uy — OU, — *** — OjmUm — 6!" dt + alls 


b 
+ | - ~Rate @ «ss or Oe, we Pog 


m 


+ Do ay | rilto) — ui(to) |"™** < K, 
i~l 
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there exist constants M;; (¢ = 1,---,m;j = 1,---,2m) independent of the 
functions u;(t) such that 

| a(t) — uws(t)| SMa K™" + --- + MizmK"™ on (a,b) (i = 1, «++, m). 
Let the functions »,(t) be defined on (a, b) by the equations 


(4) = = Ba (t)ur + +++ + Bim(t)um + O:(t) + ni(t) (i =1,+++,m). 


Let q:(t) = u(t) — x,(t). By subtraction one obtains from equations (1) and (4) 


(5) =e anida+- +e e GCad---,m. 


By virtue of the relation which the u; satisfy by hypothesis 


K\Urm+s 
6) |a(o)| = | xe) ~ watt) s (A). 
Let the functions ¢;;(t) be the fundamental set for the system 
= O(t)ay + +++ + Oin(t) tm (i = 1,--+,m) 
which satisfy the initial conditions ¢gii(f) = 1, gil) = 0 if ¢ ¥ j, where the 


notation means that one has a solution if a fixed value is assigned to j. Let 
D(t) denote the determinant | ¢;;(t) | and let w;,(t) denote the cofactor of ¢;;(é) 
in this determinant. Then 


D(t) = exp | / DS a at| 


is continuous and does not vanish on (a, b). 
The solution of the system (1) is given by 


a(t) = 1 gi (t) + sae + Cm Gim(t) 


(7) “t > 6;(t) wy (t) “¢ > 0;(t) wjm(t) 
y= eee - j=l 
+ ea | FL att tomo | FE at 


It follows that the q,(¢) satisfy the equations 


q(t) = gill) galt) + +++ + Qm (to) gim(t) 


a |] oe. ptt ae 
+ at [| ws 4 HM Jat 


“f | 
+ Pim(b) | k a Se | eer | dt. 
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By a straightforward process in which use is made of the Hélder inequality 


b b Wr; 
[ into, aes © = ae) — vinf [ incorrae]™ 


it is found that 


b l/r) b I/rm 
| gi(t)| < Ma | | 11 ie at| + == + Min | | | Im kh a| 


+ | gilto)ga(t)| +--+ + | am(to)gim(t)|, 


where M;; is the maximum on (a, b) of (6 — a)“*’"' } Aw | gu(t)|, and A» 
k=1 


is the maximum on (a, b) of the continuous function | w;,D™' |. But it follows 
directly from the hypothesis that 


b 1/r; : 
| / ina] < K"" (j = 1,--+,m). 


Let Nx, equal the maximum of | g(t) | on (a,b). Then from (6) 


| qu(to)pix(t)| S (Ka,')"""** Nix (¢ =1,---,m;k =1,--+,m). 
In the last relation let the coefficient of K'""** be denoted by M,;; (i = 1, --- , 
m;j = m+ 1,---,2m). Taking (8) into consideration, one may now write 


| qi(t)} = | a(t) — u;(t)| < Mi K"™ + tee Mian K"'"™ 


on (a, b). 

Hereafter a set of polynomials | P;,,} which satisfies the initial conditions and 
minimizes the expression (2) will be called an approximating set of the first kind, 
and a set {P;,,{ which minimizes (3) will be called an approximating set of the 
second kind. 

A way has now been prepared for the discussion of convergence problems if 
Ty, °*:,fm are 21. Since the z,(t) are continuous and have continuous first 
derivatives on (a, b), it follows as a corollary to Theorem B of McEwen’s paper* 
that there exists a set of polynomials |P;,,} satisfying the initial conditions, 
corresponding to each set of positive integers {n;} such that 


| ri(t) — Pin,(t)| S ein, 3 xi(t) — Pin, (t)| S ein,, 
where lim €i,, = 0. 
Let f(t) = r,(t) — Pi,,(t). Then the f,(t) satisfy the system 
| ~ = OalOfi + -+- + Bim(OSm + y(t), a 
\fillo) = 0, 


* McEwen, Transactions, loc. cit., p. 983. 
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where the y;(t) satisfy | y:(t)| S (m + 1)Die,. Here D; is an upper bound 
of the bounded functions 1, | 61 | , --- , | Oim | , and ¢, is the largest of the num- 
bers €in;. Now the P;,,(t) have the property that they make the sum S of 
Theorem B equal to 


: “b 
[ | y(t) "dt coe + i | ym (t) rm dt. 


This sum is less than or equal to 
din) = m(b — a)[(m + 1)D]"*e;" if e <1, 


where D is the largest of the numbers D;, r, is the smallest of the r;, and r, 
is the largest of the r;. Since an approximating set of the first kind {P;,,} 
makes the sum S less than or equal to &,,) if the n; are sufficiently large, it 
follows from Theorem B that for such values of the n; 


| x(t) ~ Pin, (t) | -- Maori} tree t+ Mandi" (i = 1, -+-,m). 


Since 6(n,) —~ 0 as n; > «, one has the following result: 

TuHeoreM I. If {Pi,,(t)} denotes an approximating set of the first kind, if 
e > 0 is arbitrarily assigned, and if the functions 6;(t) and 0,(t) are continuous 
on (a, b), then there exists an integer N, such that, if the n; are = N,, then | x,(t) — 
Pin,(t) | < € for all values of t on (a, b). 

Re-examination of the proof of Theorem I will show that one immediately 
has the following: 

TueoreM II. If {Pin,(t)} denotes an approximating set of the second kind, 
if « > 0 is arbitrarily assigned, and if the functions 0; ;(t) and 6;(t) are continuous 
on (a, b), there exists an integer N, such that, if then; are = N,, then | x,(t) — Pin, () 
< ¢ for all values of t on (a, b). 

The hypotheses on the functions 6; ;(t) and 6,(t) will now be made more restric- 
tive. One may prove the following theorem: 

TuHeoreM III. If each of the functions 0;;(t) and 6,(t) satisfies an ordinary 
Lipschitz condition on (a, b), and if | Pin,(t)} denotes an approximating set of the 
first kind, then there exists a constant G independent of the n; such that for every set 
of positive integers {n;}, | x(t) — Pin,(t) | S G@/ni on (a, b), where r is the smallest 
of the numbers r;/r; (¢ = 1, ---,m;j = 1,---,m), and n, ts the smallest in- 
teger n; . 

Since each of the functions 6,(t) and 6;;(t) satisfies an ordinary Lipschitz 
condition on (a, b), the functions zx;(t) satisfy a Lipschitz condition on this 
interval. Then it is a corollary to Theorem D of McEwen's paper’ that for 
each set of positive integers n; there exists a set of polynomials { P;,,(¢)} satis- 
fying the initial conditions such that 

l2(t) — Pin (| S =p jai(t) — Pin (t)| : ; (¢ = 1, +--+, m) 


’ McEwen, Transactions, loc. cit., p. 985. 
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for all values of ¢ on (a, b), where C is a constant independent of the n;. The 
rest of the proof is similar to the proof of Theorem I. The expressions C/n; 
now take the place of the ¢€;,; used in the proof of that theorem. Among the 
points to be noted are the facts that C/n; is less than unity if n; is sufficiently 
large, that 6(,,) is less than unity if n, is sufficiently large, and that one may 
choose each of the numbers r,41, --- , Tem less than the r; in the expression to 
be minimized. 

In like manner one obtains the following result: 

TueoreM IV. If each of the functions 0;;(t) and 0;(t) satisfies an ordinary 
Lipschitz condition on (a, b), and if {Pin,(t)} denotes an approximating set of the 
second kind, then there exists a constant H independent of the n; such that for every 
set of positive integers {n;}, | x(t) — Pin,(t)| S H/nj on (a, b), where r is the 
smallest of the numbers r;/r; (¢ = 1, ---,m;j = 1, ---, 2m) and n, is the smallest 
integer n; . 

A further result obtained by the same method of proof is the following: 

TuHeorem V. [f each of the functions 0;;(t) and 0,(t) has a k-th derivative 
satisfying an ordinary Lipschitz condition, and if | Pin;(t)} denotes either an ap- 
proximating set of the first kind or an approximating set of the second kind, then 
there exists a constant ¥ independent of the n; such that for every set of positive 
integers {nx}, | a(t) — Pin,(t) | < &/nS**”" on (a, b), where r and n, have the same 
meaning as they have in the corresponding cases in Theorems III and IV. 

In the proof of this theorem one notices that it follows from the hypotheses 
that 2;(t) has a (k + 1)-th derivative satisfying an ordinary Lipschitz condition. 
Use is made of the remark made after Theorem D of McEwen’s paper.® 


5. Convergence if the r; are < 1. In the treatment in the preceding section 
of the convergence problem use was made of the Holder inequality, a relation 
which is not applicable if some or all of the r; (¢ = 1, --- , m) are less than unity. 
Consequently a different method must be used in this section. This method, 
which is an extension of the method which McEwen used’ to treat the corre- 
sponding case in his problems, is not restricted in application to cases in which 
the r; are < 1, but the bound which it assigns to the errors in case the rj; are 2 1 
is not as good as that obtained by the preceding treatment. It does, however, 
prove the convergence of the set { Pin, | to the set {ari} as well as the convergence 
of the set {Pin,} to the set {x;} as then;— ~. 

In the proof of the convergence theorem use is made of the following result: 

TueoreM C. If any set of polynomials {7 in,(t)} satisfies the initial conditions 
Tin,(lo) = d;, uf the 0;; and the 6; are continuous on (a, b), and if 5, is one of the 


numbers 6; which is at least as large as any other 6; , where 6; = max | Li(tin, , ++ , 

T wv in} on a < t < b, then 

(a) | wie, | —* o(a+% a!) (k = 0,1); 
i=l 


® McEwen, Transactions, loc. cit., p. 986. 
™ McEwen, Bulletin, loc. cit., pp. 891-894. 
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and if the functions 0;;(t) have bounded first derivatives 

ld a = 
(b) ee eee ’ Timnm) =< Dn? (6. a > | di ) (i = a se . m) 
for all values of t on (a, b), where C and D are constants independent of the n; and 


of the coefficients in the min, . 
The proof of this theorem is similar to the proof of McEwen’s Auxiliary 


Theorem.” Let Z(t) = Li(min, +++» mn). Then the set {xin} is the solu- 
tion of the system 
Li(x, ae ~ fed = Z(t), xi(to) = d;, (7 oe face, m). 


Therefore 7;,; is given by the formula (7). The remainder of the proof of state- 
ment (a) can be supplied readily. In the proof of conclusion (b) use is made of 
Markoff’s theorem on the derivative of a polynomial. 

The following theorem on convergence can now be proved. 

THeorEM VI. If the functions 6;(t) are continuous on (a, b), if each of the 
functions 0;;(t) has a bounded first derivative on (a, b), and if | Pin,(t)} denotes 
either an approximating set of the first kind or an approximating set of the second 
kind, then there exists a constant C’ independent of the n; such that for every set of 
positive integers {nj} 


l2f?() — PP. | Ss C'ni'"é (k = 0, 1) on (a, b), 
where n, is the largest of the n; , r, is the smallest of the r; (i = 1, --- , m), 8 ts the 
smallest of the numbers r;/r; (¢ = 1, --- ,m;j = t, --+ , 2m), and «, is the largest 


° , ° k 
of the numbers €in;, where €in, is an upper bound of the error with which x{" (t) can 


be approximated by polynomials p(t) (k = 0, 1) of degree at most n; satisfying 
the initial conditions. 

The proof, which will be omitted, is similar to the corresponding proof of 
convergence given in McEwen’s paper.’ 


ARIZONA STaTE TEACHERS COLLEGE. 


8 McEwen, Bulletin, loc. cit., pp. 891 and 892. 
® McEwen, Bulletin, loc. cit., pp. 892-894. 





SOLUTIONS OF A DIFFERENTIAL EQUATION OF THE FIRST ORDER 
AND FIRST DEGREE IN THE VICINITY OF BRANCH 
POINTS OF THE SOLUTION 


By Jesse PIERCE 


Introduction. In this paper a method previously developed’ for solving 
systems of differential equations about an ordinary point is applied to the 
equation 


(1) an > fa(02" (fi) # 0), 


which has a singularity at z = 0. 

The coefficients f,(t), which for convenience will be represented by f, , are 
assumed to satisfy the following conditions: 

I. The functions f, (A = 1, 2, --- ) are real and are dominated on the interval 
(to, t:) by a function f of t. The functions f, (hk = 0, 1, --- ) are integrable 
(Riemann) and their only points of discontinuity belong to a set EH of measure 
zero. 

II. The function f is integrable (Riemann) on the interval (é , ¢;) and is equal 
to unity for all values of t < &. The points of discontinuity of f belong to the 
set E. The definite integral of f on the interval (to , to) where to < t is repre- 
sented by 


(2) [oid a=u-baczo, 
6 


III. The function fy is real and satisfies the inequalities 


| t t 
‘0< | fodt < fdt, 
| 0 0 
, a 


1 ] “ A’ al 
i a7 = 
‘| fodt+e i fdt+e 


where A is a real constant satisfying the inequality A 2 1 and the zeros of the 
function F belong to the set EZ. 
1. Formal solutions of the differential equation (1). The transformation 


(3) 


x 
rh 
(4) z= Diwk’, 
h=1 
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where K is an arbitrary parameter, reduces equation (1) to 


c h 2 h—l 
(5) p> a“ Le UrYr—ves = fo+ p> sie 2 Soir Yis + Yig 
- p= =2 = 
(i+ i+ --- +i, =h-—1), 
a dy; 
where y; = at: 


A formal solution of the differential equation (5) can be found by solving the 
following system of linear differential equations and then replacing K by unity: 


(Qyiyi = fe, 


| oh h—1 
(6) 42 z. YoYr—pHi = De Sfavirdis Se 
q= 


p=l1 


(i: + ie + --> +g mh — 1h = 3B, ---). 


Equations (6) are obtained by equating the coefficient of K’*' on the left of 
(5) to the coefficient of K"™ on the right. 
The first differential equation in (6) has the solution 


(7) yi = | fodt +c, 


where c is defined by (2). Let » be a definite square root of the right member of 
(7). Since there are two choices for n, there are two distinct values for y;, one of 
which will be represented by 


(8) Y= ». 


The other differential equations in (7) can be solved, sequentially, in the form 


1 t 
[m= a, faa 
(9) | Sat 


1 t h— l h—l ; 
Yr = / | 2 fav “oe vs | dt — — Do yoyr—pur (h = 3,4, ---). 
2n to q=l1 2 


) p=2 
Hence two formal solutions of the differential equation (1) are represented by the 
series 


x 


(10) z= Dyn (wi = »). 
h~=l 
In order to obtain a satisfactory dominating series, consider the differential 
equation 
: A‘f A‘F?X _ tal dX 
— |A°FX] = 2A°FX — 
(11) ab’ PX! 1 etl _- xp* . 2 dt 


> 2p dX on, A*f 
+1X-A ale ad). 
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When the right member of (11) is expanded in a power series in X, it can be 
written in the form 
d Qny 4 rh 2ny dX 
— [A*FX] = = Dyan’ + > AWAX + 2A°FX — 
dt “ dt 
(12) i 
- [xX - A’F] E 4 A 4 ; 


dt 2F 
The transformation 


(13) X = A'FK +2, YK = 2, YK’ (Y, = A’F) 
h=2 h=1 
reduces the differential equation (12) to 


~ mn h—l ~~ h—1 
p> kK" S (A°FY,) = AY+ DK > AYY:.Y:,--+ Yo t p> » > Y,Yi-o1 
= h=2 q= =] p= 


cA i h—i P {‘F? 
+ >> Ke Ks] 2a | > Se ria] 
= : 2K 


(14) “ 4 
re Mw yo Dy, Yi-pg +  K’AF’G,(Y1, --+, Ya, Yi, -*-, Yas) 
A=2 h=3 
, 2 oo , 244 
+ K-VASS wy, 4 cK — nae SKY, + K-VAL, 
2h h=2 h=2 2 
where the function G,(¥;,--- , Ys-e, Yi, +--+, Ya-g) is the coefficient of K* 


in the expansion of 


(15) {x A‘F*h bis vi] Hoe Y ‘ 


\=2 
as a power series in K. It is clear that the function G, is a polynomial in the 
Y,and Y; (i,j = 1, --- , hk — 2) with positive coefficients. 
A formal solution of the differential equation (14) can be found by replacing 
K by unity and solving, sequentially, the system 


arn A‘f, 


o (AY FY) 


4 
A‘'fYi + | ary, - ai ‘| Yi, 


h—-1 h—1 
De AV Vin + Vig + 2 YoVinn 
i = 
h—1 2 4 
+ 2A°F > Y,Yi- — Yi 
& 


oi (A°FY,) 
Baek 
| + A‘F’ b if + APG AY, eee Yr-3, Yi Kew Yi-a) 
} pml 


(i; +--+ +%,=h—1;h = 3,4,---). 














e 
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Equations (16) are obtained by equating the coefficient of K* in the left member 
of (14) to the coefficient of K* in the first sum in the right member plus the 
coefficient of K"*' in the second sum plus the coefficient of K” in the third sum 
plus the coefficients of K"™' in the fourth and fifth sums. A formal solution of 
the system of differential equations (16) is 





A’ f[* ‘ ‘ 

n= > [ fdt = A’F = A*H,, 

Y: = -. [Hif + {2FH, — 4F"} Hi] dt = 3 A‘? = A‘, 
= r ony! 

an \¥s => ; [st ++ Hi, +2F 2d HyHs-» — FH... 
+F 3 H,Hi-pa + F°Gsa(Mi, ---, Aas, Ai, °°, H..) | dt 
Ps 

+= > Hy Hy— pss 
= a,A™F" = A”'H, (h = 3,4, ---), 





where the a, are known constants. Hence the differential equation (11) has 
the formal solution 


x 


(18) X=), A*mh, 
h=1 
which is a power series in A°F. 
The differential equation (11) has the general integral 
(19) 3A‘? — 1 — 24°FX — $A°P°X 4 24°F X* + X* = C(L — X)e", 
where C is an arbitrary parameter. If we replace C by —1 and expand e* in a 
power series in XY, equation (19) takes the form 


[—2A°FX + gA‘F? + 4X" 


P rie ee TF =. Xx" 
—1A'p?y 4 94° PX? — a 
+| sA‘FPX + 24°F X Sanmtoal-* 
It follows from the theory of implicit functions that equation (20) ean be 
solved for X as a power series in A*F in two and only two distinct ways.’ In 
one of these series the coefficient of A*F is unity and in the other the corre- 
sponding coefficient is three. As the coefficient of A°F in (18) is unity, it 
follows that the series (18) is the same as the expanded form of (20), which has 
the coefficient of A*F equal to unity. Hence there is a radius of convergence 


(20) 


r > 0 for which the series (18) will converge when 
(21) A’F <r. 


?F. R. Moulton, Differential Equations, p. 85. 
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As 


t to t t 
(22) Pa [saten [sus [sam fsa, 


it follows that to make A*F < r the interval (t , ¢) will, in general, have to be 
limited to certain values; say 1 — ts < R. The point f lies between ft and ¢, 
hence the sum of the lengths of the intervals (t) , t) and (t , t) must be less 
than R if the series (18) is to converge. 

It follows from the inequalities (3) that 


(23) n<H, < AM. 


The second equation in (17) can be written in the form 
t 
(24) Y, = A’ ; . (AH,F + A{2FH, — 3F*}H;j) dt. 
to 


The quantity 


9 


(25) 2FH, — 3K = 4F° 


is positive and as AF’ = y ' (by (3)) it follows from (23), (24), (17) and (9) 
that 


(26) yo| < A*He. 

By induction it is readily proved that 

(27) y.| < A*M, 

and hence 

(28) ly. | S A™H, = Y, (A 2 1). 


Thus the series (10) will converge when the inequality ¢ — t) < R is satisfied. 
When t = t, then ¢ = 0 and the initial value of each of the two distinet 
functions represented by the series (10) is zero. 


2. Proof of the existence of the derivative of the series (10). Enclose the 
set E in a sequence of intervals {6;} the sum of whose lengths is less than e, 
which is positive but arbitrarily small. Delete this sequence of intervals {6;} 
from the interval (%, 4). It follows, sequentially, from (9) that every y, is a 
continuous function on the deleted interval (&, 4). It follows from (3) and 
(28) that the integrand in the definite integral defining y, is bounded on the 
deleted interval (t , 4). Hence every y, has a derivative at every point on the 
deleted interval (to , t)). 

If we compare (16) with (6), it is clear that 


(29) y,| = A™H,. 
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The series >> A”H; converges uniformly on the deleted interval (t , t), for 
h=1 


which the series (18) converges, and hence the series >, y, converges absolutely 
h=1 
and uniformly on the deleted interval (é , 2). Therefore the function defined 


by the series >> y, has a derivative at every point on the deleted interval 
h=1 


(to , tg), and this derivative is defined by the series 7. y,. This is true for 
h=1 


every « > 0, and hence the function defined by the series (10) has a derivative 
at every point on the interval (t , f2) except at the set E of measure zero. 

It follows from the way in which the series (10) is derived that the function 
defined by this series satisfies the differential equation (1). 


Conclusion. As there are two distinct solutions with the initial conditions 
x(to) = O (series (10) with c = 0), the point & is a branch point of the solution 
of the differential equation (1). As t& can be any point in the interval for 
which the assumptions I, II, III are satisfied, it is clear that at every point on 
this interval there are two distinct solutions of the differential equation (1) 
which have the initial value z(&) = 0. 

The case where the reciprocal of the right member of the differential equa- 
tion (1) is analytic in z and ¢ is well known.’ It is evident that the conditions I, 
II, III do not depend upon analyticity and hence the method of this paper is 
more general. 


HEIDELBERG COLLEGE. 


’ Ludwig Schlesinger, Einfiihrung in die Theorie der gewéhnlichen Differentialgleichungen 
auf funktiontheoretischer Grundlage, p. 38. 





FACTORIZATION IN PRINCIPAL IDEAL RINGS 
By H. Sersin 


Factorization theorems in a ring K[z] of polynomials over a field K have been 
obtained by several writers [1, 3].'_ We consider this problem in the present 
paper for associative rings of a more general type, namely, rings (with unit 
element) in which every left ideal is a principal left ideal. We prove that two 
similar elements in such a ring which are factored in some way into a product of 
elements in K[z] possess further factorizations which are essentially alike. The 
relation of two-sided ideals to left ideals is also considered for special rings. 
The latter leads to a generalization of a theorem due to N. Jacobson [2]. 


1. Examples of rings which are principal left ideal rings. Among such are: 
(a) K[z], a ring of polynomials a = > k:x' (n = 0,1, 2, --- , kn ¥ 0) in one 
i=0 


indeterminate x over a field K (non-commutative in general). The degree of 
a equals n. One assumes [3] that there is an associative and distributive (over 
addition) multiplication defined such that 


(1) deg (a-8) = deg a + deg 8 
for each pair a, 8 of elements of K[z]. Condition (1) implies 


ra = ax + a’. 
Cf. [2]. 
(b) R, , the square matrix ring of degree n with elements from R, where R 
is itself a principal left ideal ring with unit element. 
To show this, let I be a left ideal in R, and consider the set of all vectors 
(ay, @2,--+ ,@n), Where a = ay (k = 1, ---,n), the matrix (ay) being in [. 
This set forms an R-left module M when addition is defined by 


(ay , @2, +++ ,@n) + (Bi, Be, ---, Bn) = (ar + Bi, ae + Po, --+ , Gn + Bn) 


and ; 
play, @2, +++, Qn) = (par, paz, +--+ , pan), peh. 


The first components of all the vectors in M thus form a left ideal in R generated 
by some element, say a, which must therefore be the first component of some 
vector A; in M. Ifa = 0, then choose A, to be the null vector (0, 0, --- , 0). 
Every vector of M is congruent (mod A,) to a vector in which the first com- 


Received January 31, 1938. 
' Numbers in brackets refer to the bibliography at the end of the paper. 
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ponent is zero. The vector A? is defined as one with first component zero and 
with second component a generator of the left ideal of all second components 
of vectors with zero first components. Continuing in this way, we obtain a 
sequence of vectors A;, Az, --- , An, some of which may be null vectors, such 
that 


M = 0 (mod A;, Azo, --- , An) 


so that A,, Az, ---,A, forms an R-basis. Then the matrix (a;;) of degree 
n in which a;; is the j-th component of A; is the required generator of the left 
ideal I. 

In the following, then, R will denote a principal left ideal ring (with unit 
element) which will be regarded upon occasion as an Abelian group under addi- 
tion with left operator ring R itself [4]. The notation for the group theory and 
ideals as by van der Waerden [4] will be used here unless otherwise indicated. 
Thus the symbol (a) will mean the left ideal generated by a ¢ R, the symbol 
(a)/(8) for (a) D> (8) the quotient group in which (a), (8) are considered as 
normal subgroups of R. ‘ 

In addition, a bar will be used to denote annihilators. More exactly, if 8 « R, 
then the left ideal of all elements y such that y8 = 0 will have a generator which 
will be denoted by 8. 


2. Factorization by left ideals. If an element ae can be expressed as a 
product aja: --- a, , then we will say that a is factored, its factors being a; , a, 

-,a@,. A factor a; will be trivial if (ajajy; +--+ an) = (a@jai +++ On). 

LemMMA 1. a@ = £*8 is equivalent to (8) > (a). 

LEMMA 2. a= Br Bo ++ Ba is equivalent to (a) C (81) C (Be) C --- C (Bas), 


where B, = BrvBesa for k=0,1,---,n—1,B%=a,B. = Bro. 
Lemma 3. If a = 6*8, then 
(8)/(a) = R/(6*, B) (operator-group isomorphism). 


Since the first two lemmas are evident, only the third will be considered. 
The correspondence y — y8 (mod (a)) defines a homomorphism R ~ (8)/(a). 
The totality of elements y of R going into the zero consists of all those such that 
v8 = 0 (mod (a)) or 


vB = 0 (mod (8*8)), 
that is, 
vB = \p*B for some 4, 


whence 


(y — A8*)B = 0, 


or 


y — \s* = 0 (mod (8)). 
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This gives finally 
y = 0 (mod (6*, 8)). 


The result follows readily. 
As usual, similarity is defined as follows: 
DEFINITION. Two elements a and £ in R are similar in R if 


R/(a) = R/(8). 


Similarity is thus seen to satisfy the equivalence relations. A notable dis- 
tinction between equality and similarity, however, lies in the fact that although 
a and 6 may not be similar in a ring R, they may be so in a ring R containing R. 
Such can occur in the case of differential polynomials. 

Example. Let K be the field of rational functions of a variable ¢ over the 


field of rational numbers. Consider the ring of differential polynomials >. a:x"“, 
i=0 


d ‘ i Tait ‘ : ’ 
where x = ai and a;¢«K. Multiplication is defined as is usual for linear differ- 


ential operators. Primes denote differentiation with respect to ¢. 

If P and Q are similar polynomials, then there are polynomials (see Theorem 3 
below) P; , Q,; such that PQ, = P,Q. If Q, is of higher degree than Q, write 
Q, = SQ + T, where the degree of T is lower than that of Q. Then PT = 7,Q, 
where 7, = —PS + P,. In particular, if P = x — a, Q = x — b, where 
a, be K, then T and 7; are in K. But since (x — a)T = Tx + T” — al, 
T, (x — b) = Tix — 7;), it follows that T = T, and T’ = T(a — b). Conversely, 
if 7 ¢ K satisfies this condition, then z — a, x — b are similar (Theorem 3). 
Hence, if a = 1, b = 0, we conclude that z — 1, x are not similar. On the other 
hand, if K is enlarged to include e‘, these polynomials are similar. 

THeoreM 1. If @ is similar to B and if a = v2 se x, B=h | ee . 
then the factorization of each product can be continued so that 


(2a) @ = aja2 --- a, 
(2b) 6 = BiB: --- Ba. 


Moreover, the new factors a* in (2a) can be paired with those B* in (2b) so that, if 
* * ° 
a; and 6, are corresponding factors, 


R/(a;, &;) = R/(Br, Be), 


where &; , B, are annihilators of the products a4 -- + an, Beir + >> 8. , respectively. 

Proof. Consider the group S( R/(a) = R/(8)). According to Lemma 2 
we can construct a factor series of subgroups between (a) and FR from the fac- 
torization given for a; similarly one for (8) and R. There are thus two factor 








>r- 


» 2 


or 
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series between the null-group 0’ of S and S. Apply Schreier’s theorem [4] to 
these two series. They possess isomorphic refinements. 


(3a) 0’ C (a1) C (az) C (a3) C--» C (anu) = S, 
(3b) 0’ C (61) C (62) C (63) C--- C (6.4) = S. 


Let (a;) be the left ideal containing all elements of R going into (a;) under the 
homomorphism R} ~ R/(a). Similarly with the 6’s. Interpret the series (3a) 
and (3b) in terms of (a;) and (6,). 


(4a) (a) C (a1) C (ae) C (a3) C --- & (ans) R, 
(4b) (8B) € (81) C (Be) C (83) C--- CS (Bau) = R. 


Since (a;)/(aj;-1) & (@;)/(a}_,) and similarly for the 8’s, Schreier’s theorem 
implies that the factor series (4a) and (4b) are isomorphic. Hence, under a 
suitable pairing of quotient groups, 


(a@;)/(aja) = (Bx) / (Bx). 


(Among such isomorphisms is R/(a@n-1) & R/(Bn-1).) Let aja = ajsa;, Bra = 
Br By (j, k =1, 2, ---,m — 1), ana = en, Bus = Ba, a = a, Bo = B, and apply 
Lemma 3. The preceding isomorphisms give 


(5) R/(oj, &;) = R/(Br, Bx). 


Before we proceed with a refinement of the theorem, it is convenient to state 
two lemmas. 

Lemma 4. If (a, 8) = (6), thena = a4, 8 = Bd and R = (a, B:, 4). 

Proof. For any particular p « R there exist elements (’), (”) in R such that 


pd = (’)-a + (")-8 


by hypothesis. Lemma 1 gives a = 6,8 = 8,6. Hence 
(‘aud + (”)B:4, 
0 (mod (6)). Hence 


pd 


and this gives p — (‘)a; — (”)A; 
p = 0 (mod (a, 8; , 4)). 


Lemma 5. If a = B*8, then (8*, 8B) = R is equivalent to (a) = (8). 

This follows from Lemma 3. 

In the following, the symbol (y, —) to be used in connection with a definite 
factorization 6, --- 5;1ydj,. --- 6, will denote the left ideal (y, dj.1 --- 6x). 
It is evidently independent of the factors preceding y. The quotient groups 
R/(e}, &;) will be denoted therefore by R/(a;, —). 

We have the following 
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THEOREM 2. The factorizations (2a) and (2b) of Theorem 1 may be replaced by 
(6a) a= dr --:- Nas 
(6b) B = pwpye--+ Mn, 


in which dj; is similar to pu, for the pairs j, k as defined by Theorem 1. The factors 
and y are trivial, 1.e., 


(7) (a) = (Arg +--+ An), (8) = (Biba --- Bn), 
or what is equivalent 
(8) R=(,-), R=, -). 

Proof. The equivalence of (7) and (8) follows from Lemma 5. Start with 
the factorization (2a) a = aja, --- a, , in which the asterisks have now been 
discarded. Let j be one of the numbers 1, 2, --- ,n — 1; let 
(9) (a;, —) = (aj), 
and, consequently, 

a; = ya;, jy °° a, = bax; . 
By Lemma 4, 
(10) R = (vy, 4, &). 
Then 
C1 j0j41 +++ On = YOjOj41 +++ On. 


Consider (y, —). Evidently (y, —) > (vy, 6, &}) = Rby (10). Hence (y, —) = 
R. By Lemma 5, this gives 
(11) (cx jerjsa +> On) = (ajerjys - ++ an). 
Now takej > 1. Then 
(12) R/(a;n, -) = (vara ++ @n)/(@; creer +++ Qn) 
> (axjer jg >>> tn) /((aej ry) aja jys ++ On) = R/((ajay), —) 


if we apply Lemma 3, then (11), then Lemma 3 again. Therefore the fac- 
torization 


(13) OC = AjOy +++ Aj jAjAjy, +++ An 
is replaced by 


(14) a = ajag:-- (cx j-vy)orjoe 41 re 


in which the (j — 1)-st factor is a; yy, the j-th being a}. What of the corre- 
sponding quotients R/(*, —)? (12) shows that these quotient groups correspond- 
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ing to the (j — 1)-th factor are isomorphic before and after the replacement of 
a; and regrouping. But (a;, —) = (a;, —) = (a;) from (9). Hence 


R/(a;, —) = R/(a;, —) = R/(a}). 


The final result follows immediately. Start with 7 = n — 1 in the factorization 
(13) and perform the replacement (13) — (14). Repeat for 7 = n — 2, ete. 
Finally we arrive at the factorizations of (6a) and (6b). Equation (11) gives 
(7) and (8) of the theorem. 


3. Similarity. The following theorem gives a well-known interpretation of 
similarity in terms of operations and elements of the ring B# itself. 

THEoREM 3. If R has a unit element 1, then all of the following statements are 
equivalent : 

(a) R/(a) = R/(6). 

(b) There is an element 6 in R such that (i) (a@) = [8, 6], (ii) (8, 0) = R, and 
(iii) every left annihilator of 0 is in (a). 

(c) There is an element ¢ in R such that (i) (8¢) = [a, ¢], (ii) (a, ¢) = R, and 
(iii) every left annthilator of ¢ is in (8). 

Proof. (b) and (c) can be obtained from one another by interchange of a, 8 
and ¢, @. 

Assume (b). Then (b), (iii) implies that (a, #) = (a). Then 


(15) R/(a) = (8)/(a0) = ()/[B, 6] = (8, 8)/(8) > R/(8). 
The isomorphism R/(a) ~ R/(8) is seen to be given by 
(16) y (mod (a)) = yé@ (mod (8)). 


Assume (a). Then | (mod (a)) = @ (mod (8)) for some @in R. Since y = 
v 1, 


(17) y (mod (a)) = yé@ (mod (§)), 
and, in particular, a (mod (a)) = a@ (mod (8)) so that 
(18) a@ = 0 (mod (§)). 


The isomorphism implies that there is a g « R such that 

¢@ = 1 (mod (8)), 
(19) (0, 8) = R. 
But the correspondence (17) is such that if y¥@ = 0 (mod (8)), then y = 0 (mod 
(a)). This gives (iii) of (b). Finally, that (i) follows can be shown by con- 
sidering a sequence of isomorphisms as in (15). We see that (@)/(a@@) = 


(6)/[8, 6] under the correspondence y@ (mod (a@)) — y@ (mod [8, @]), and this 
gives the desired result. 
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If R/(a) were homomorphic to a subgroup of R/(8), we would have merely 
(18). Hence we have 

THEOREM 3a. The set H of homomorphisms of R/(a) into itself forms a ring 
which is isomorphic to the ring (mod (a)) of elements @ of R such that a@ = 0 
(mod (a)). 

THEOREM 3b. If (a) is divisorless, then H is a field. 


4. Two-sided ideals. Let (a) be a two-sided ideal in R. Consider the quo- 
tient ring R//(a). There is a (1-1) correspondence between left (right) ideals 
of R which contain (a) and all left (right) ideals in R//(a@). The ring R//(a) 
is subjected to the following 

Condition. R//(a) satisfies a descending chain condition for left ideals. 
This is satisfied if R is a principal left ideal and principal right ideal ring which 
is a domain of integrity. . 

THEoREM 4. Let R be a domain of integrity, (a) a two-sided ideal such that the 
above condition is satisfied. If (a) is not divisible by any two-sided ideal other than 
(a) and R, then a can be written as a product a = ajay --- a, , where each a, can 
be factored no further. All the a’s so obtained are similar. 

This is a generalization of a theorem of N. Jacobson [2, p. 199]. 

Proof. R//(«) is a simple ring satisfying descending and ascending chain 
conditions for left ideals. Then 


R*~R//(e) ~L+h+h+--- +h, 


where the l’s are minimal left ideals which, considered as groups with left oper- 
ator ring R//(a), are operator-isomorphic to each other. To the series of 
composition in R* 


O<h<ht+kh<---gh+h+--- +h = 
there corresponds a series of composition in R 
(20) (a) < (a1) < (ax) < --- < (ax) = R, 


where (a;) is the left ideal in R consisting of all elements going intol, + l.+ --- 
+ 1, under the ring homomorphism p — r defined by R — R*. Hence 


(21) (ak) /(aka) (Ch ta+---+W/htht+---+ha) ak, 


the isomorphisms being for addition. Now R* is a group under addition with 
left operator ring R*. It can also be defined as a group under addition with 
left operator ring R. For this, let p bein R,ain R*. Then define 


pa=r-a, 


where p — r under the homomorphism Rk — R*. Also, the isomorphism of the 
minimal left ideals gives rise to an isomorphism between the subgroups R-l, . 
For if a, ¢el;, a, €l, such that a; — a, in the isomorphism l; ~ |, (preserved 
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under the operator ring R*), then pa; = pa,. Since (a;) is the totality of ele- 
ments of R going intol, + --- +) = R*¥(,+---+k) = R+--- +), 
then the isomorphism of (21) is also an operator-group isomorphism. The result 
follows by an application of Lemmas 2 and 3. 

We also obtain 

THEeoREM 5. Ll 'nder the conditions of Theorem 4, a is the left (right) least com- 
mon multiple of a, , a2,---,@n. The a’s are left (right) relatively prime in the 
sense (a; , ax): = R((a;, ax), = R). 
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NIL-RINGS WITH MINIMAL CONDITION FOR ADMISSIBLE 
LEFT IDEALS 


By Cuarues Hopkins 


The main theorem of this article is stated in $1 and proved in §2. Possibly 
the corollaries of this theorem are of more interest than the theorem itself. Let 
© be any ring with minimal conditions for left ideals. From our main theorem 
it follows that (1) the radical of © is nilpotent; (2) the ring © is semi-primary 
(or semi-simple) ; (3) any subring of © containing only nilpotent elements is itself 
nilpotent. This third corollary is a conjecture of Kéthe, which Levitzki’ proved 
by assuming both the minimal and maximal condition for right ideals of ©. 


1. Definitions and assumptions. Let %t be a nil-ring—i.e., a ring in which 
every element is nilpotent—and let 2 denote a set of operators for ®, each 
element of 2 being a left-hand operator for 8%. We shall assume that (1) ® is 
not the null-ring and that (2) the set 2 contains all the elements of R. Thus Q 
will contain as right-hand operators the elements of ® (and possibly elements 
not belonging to 3). We assume the following postulates: 

(a) E(u +v) = gu + évforall &eQand u, vin NR; 

(a1) (&n)u = &(nu), provided that &y exists in Q; 

(az) (E+ nu = gu + nu, if € + 7 is defined in Q. 

For those elements of 2 which are right-hand operators for R we assume the 
analogues of (ao)-(a2) above; e.g., (a1) asserts that u(én) = (ué)n, provided that 
the product &n exists in 2 and is a right-hand operator. 

If an element @ of Q is not a right-hand operator for R, we shall need the addi- 
tional postulate: 

(a3) O(uv) = u(dv). 

At this point we mention three useful relations which are consequences of 
(2), (a), and (a) above: 

(8) &uv) = (Eu)v; 

(vy) (vé)u = v(Eu); 

(5) (vu)E = v(ué). ; 

We derive (8) from (a), and (vy) and (6) from (a;), by regarding the element 
u of # as an operator (see (2) above). Obviously (8) holds for all £ in Q, while 
(vy) and (6) are valid only when ¢ is a right-hand operator. In connection with 
(a3) we point out that if € is a right-hand operator we do not deny (a;)—we 
merely do not assume it. 


Received February 28, 1938. I am indebted to members of the Mathematics Seminar 
of Tulane University for useful suggestions regarding the phraseology of the proofs. 
1 Math. Ann., vol. 105(1931), pp. 620-627. 
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By the term admissible left ideal of ® (a.1.i.) we shall mean a left ideal of R 
which admits all the elements of © as left-hand operators. 

Fundamental Hypothesis. We assume that the descending chain condition 
(minimal condition) holds for admissible left ideals of ®. 

PrincipaL THEOREM. The ring R is nilpotent. 


2. Proof of the Principal Theorem. Our proof will depend upon the following 
auxiliary theorems: 

2.1. The ring R*” (m = 0, 1, 2, --- ) admits the elements of Q as operators 
and satisfies the same assumptions and postulates (relative to Q) as does R itself 
(with the possible exception of (1)). 

2.2. If RK" D0, thenR” D (MR). 

Our main theorem will be a direct consequence of these two lemmas; for 2.1 
implies that each ®,, (= KR") is an admissible left ideal of R, and since the 
minimal condition holds for admissible left ideals of 9, we know that in the chain 
R = MR VR: Dj --- we must have the equality sign after a finite number of 
terms. But from 2.2 we know that M,, can equal ®,,.4; only if R,, = 0. Hence 
® is nilpotent, and its exponent does not exceed 2”. 

Proof of 2.1. Evidently %" is a two-sided ideal of 9 for all positive integral 
values of n. Let — and 2,22 --- x, be any elements of Q and ®", respectively. 
From (8) of §1 we have 


E(ayt2 ++ Xn) = (Ex1)(t2 --- In) ER". 
If ¢ is a right-hand operator of 9, then, using (6) of §1, we obtain 
(ido +++ Xn)E = (21 +++ Pur) (nk) € R". 


Hence a left-hand (right-hand) operator for ®t is a left-hand (right-hand) opera- 
tor for R". In particular, R”" is an admissible left ideal of R. Since R" is a 
subring of 9, all the postulates which are satisfied by the elements of ® are 
automatically satisfied by the elements of KR”. 

That the minimal condition holds for admissible left ideals of R" follows from 
the fact that every a.l.i. of R" is an a.l.i. of R (see (2) of §1). 

Proof of 2.2. We assume that %, (= 8°") is not the null-ring. We wish 
to show that 2, DR. Since R,, and MR satisfy the same postulates relative 
to 2 (see 2.1), we may drop the subscript and prove 2.2 for R alone. We shall 
need the following lemmas, the proofs of which we shall postpone. 

2.21. If tis a minimal non-zero admissible left ideal of R (m.a.1.i.), then Rt = 0. 

Derisition. The right annihilator of R is the set of all elements u in R for 
which Ru = 0. 

2.22. The right annihilator N of R is (a) a two-sided ideal of R and (b) an 
admissible left ideal of RN. 

We know that 2 D0, since N must contain every non-zero m.a.Li. IfRNM = R, 
then #° = RN = 0 CM, and our proof is ended. So we assume NR CR. Since 
® is a two-sided ideal of R, there exists the quotient-ring RW’ = R/N. Let 2’ 
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denote the element of 9’ that corresponds to the element x of ® in the homo- 
morphism  ~ 2’. We shall find it convenient to denote the element 2’ by the 
class x + 9 of elements in 8; in particular, the null-element 0’ of R’ will be 
the class J. 

Since MN is an a.l.i. of R, we may define the product &2z’, for all & € 2, by the 
equation &@’ = tr + N = (éx)’. If € is a right-hand operator of MR, we have 
the corresponding definition” x’ = (zé)’. 

Thus a left-hand (right-hand) operator for 8 is a left-hand (right-hand) 
operator for 9%’. Every element of ’ is nilpotent; for if p is the exponent of z, 
then 2” = (x +, MN)? = 2° +N = MN = 0’. One can easily verify the fact that 
®’ satisfies the same postulates relative to 2 as does ¥ itself. It is known that 
the minimal condition for a.l. ideals of a ring © implies the minimal condition 
for a.l. ideals of any quotient-ring ©’ = ©/a (it being assumed, naturally, that 
© and ©’ have the same domain of operators). Hence we may deduce, from 
2.21 and 2.22, the existence of a right annihilator Jt’ > 0’ (for the ring ®’) 
which is an a.l.i. of 9’. 

Let Jt, denote the set of all elements in ®% which correspond to elements of Jt’ 
in the homomorphism ® ~ M’. Since J’ D 0’, we have N, D NR. 

Now 9, corresponds to #’N’ (= 0’) in the homomorphism R ~ MR’; hence 
RN, SN. Therefore RN, S| RN = 0. But RR, ¥ 0; otherwise, we should 
have 2, | MN, from the definition of the right annihilator N. Since RI, ~ 0 
and XR, = 0, we must obviously have the inequality R D MR”. 

Proof of 2.21. Let { be any non-zero m.a.L.i. of R and let u denote any non- 
zero element of . Now Stu is an a.l.i. of R, and since lis minimal, we must have 
either Ru = lor Ru = 0. We exclude the first alternative by proving that Ru, 
which is contained in [, cannot contain u. Suppose that u = au for some ain ®, 
and let p denote the exponent of a. Then we should have u = au = au = 

- = a’u = 0, contrary to our assumption u # 0. Since u represents any 
non-zero element of {, we conclude that Rl = 0. 

Proof of 2.22. We wish to show that the right annihilator N of ® is (a) a 
two-sided ideal of R and (b) an admissible left ideal of #. Since Q contains 
all the elements of §, it will be sufficient to show that (i) a left-hand operator of 
® is a left-hand operator of Nt; (ii) a right-hand operator of ® is a right-hand 
operator of J. 

Let &, z, and u be any elements of 2, ®, and N, respectively. 

(i) If € is not a right-hand operator of ®, then, using postulate (a3) of §1, 
we obtain z(éu) = (ru) = —-0 = 0. That is, éu annihilates every element of 
® on the right, and is therefore contained in N. 

If is a right-hand operator of ®, then, from (y) of §1, we have r(gu) = (xé)u e 
Ru = 0. 

(ii) If isa right-hand operator, then, from (6) of §1, we have x(ué) = (ru)é = 
0-£ = 0; that is, uwé « N. 


? In the proof of 2.22 we shall show that N admits every right-hand operator of MR. 
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3. Consequences of the Principal Theorem. Let © be any ring with minimal 
condition for left ideals, and let R denote the radical of D. In what follows D 
assumes the réle of 2 above. 

3.1. The radical of © is nilpotent. 

This result is obviously nothing more than a restatement of our main theorem 
for the case Q = ©. 

3.2. A ring © with radical and with minimal condition for left ideals is semi- 
primary. 

By definition, a semi-primary ring is one for which the quotient-ring with 
respect to the radical is semi-simple. Let ©’ denote the quotient-ring O/M. 
Since the minimal condition for left ideals holds in ©, it will hold in D’. Let us 
suppose that ©’ contains a radical %’ > 0’. From 3.1 we know that ® and WR’ 
are both nilpotent. Let p and p’ denote the exponents of 3t and MR’, respectively. 
Now the set §, of all elements in D which correspond to elements of R’ is a two- 
sided ideal of ©. Since Ri”? | N° = 0, we see that N, must be nilpotent. But 
the radical R of O must contain every nilpotent two-sided ideal; we must have, 
accordingly, RW 2 W,. But if WR’ D0’, then R, DR. It follows, therefore, 
that O/® is a ring without radical and with minimal condition for left ideals 
i.e., © is semi-primary. 

3.3. In aring D with minimal condition for left ideals any subring S containing 
only nilpotent elements is itself nilpotent. 

(i) If © is semi-simple, then it is well known that the maximal condition 
holds for left ideals of ©. In this case, therefore, Levitzki’s proof is available.’ 

(ii) If S is contained in the radical R of O, then S is necessarily nilpotent 
(see 3.1). 

(iii) We assume R DO and S EK. 

Let T denote the set of all elements x, + y,,2,€S, y, eR. Since R is a two- 
sided ideal of ©, it is easy to see that T is a ring containing both ® and © as 
subrings. 

Let I’ denote the subring of D’ which corresponds to T in the homomorphism 
OD ~ OD’ = O/R. Let o denote the exponent of z,. Then (x, + y,)° € R, since 
® is a two-sided ideal of D. It follows, then, that every element of T’ is nil- 
potent; since ©’ is semi-simple (see 3.2), we conclude from (i) above that T’ is 
nilpotent. Let p’ and p denote the exponents of T’ and ®, respectively. Then 
tr’? | KR’ = 0. That is, FT is nilpotent. And since S is contained in Tf, it 
follows immediately that © is also nilpotent. 


TULANE UNIVERSITY. 


? See footnote 1. 








INFINITE SYSTEMS OF LINEAR EQUATIONS AND EXPANSIONS OF 
ANALYTIC FUNCTIONS 


By P. W. Ketcuum 


Introduction. In the present article we emphasize a mutual relationship 
existing between the theory of the solution of infinite systems of linear equations 
in an infinity of unknowns and the theory of the expansion of an analytic fune- 
tion in a series of analytic functions. In the first two sections we show how 
known expansion theorems can be used to give theorems on the solution of 
infinite systems of equations. In particular, an expansion theorem of Birkhoff' 
yields a theory similar to that of von Koch’ on normal determinants. 

In the remainder of the paper we apply known theorems, or suitable modifica- 
tions of known theorems, on infinite systems of linear equations to new situations 
so as to obtain generalizations of certain types of expansion theorems. These 
expansions are similar in character to those of Pincherle,*® who was the first to 
show that any function f(x) analytic at z = 0 can be expanded in a series of the 
form 


co] 


(1) f(x) = . Cm2t”" Gn (2), G,(0) = 1, 
be 
provided the functions G,,(x) are analytic and uniformly bounded in some 
neighborhood of x = 0. 

We have adopted in this part of the paper a point of view initiated by I. M. 
Sheffer,‘ according to which a known expansion theorem is generalized by 
replacing the functions, in terms of which we are expanding, by linear combina- 
tions of those same functions, the coefficients of these linear combinations being 
restricted by appropriate conditions so that the resulting sums will be “close to”’ 
the original functions. 

In the expansions of Pincherle, the n-th term has a zero of order n at the 
origin. Our expansions differ from those of Pincherle principally in that the 
n-th term has n zeros not necessarily coincident. 


Received April 8, 1938. 

1 Comptes Rendus, vol. 164(1917), pp. 942-945. 

2 See F. Riesz, Les Systemes d’Equations Linéaires 4 une Infinité d’ Inconnues, Paris, 
1913, Chapter IT. 

’ Memorie della Accademia delle Scienze dell’ Istituto di Bologna, (4), vol. 3(1881), 
pp. 151 ff. 

* American Journal of Mathematics, vol. 57(1935), pp. 587-614. 
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INFINITE SYSTEMS OF LINEAR EQUATIONS 


1. Let f(x) and F,,(x) be given functions of the complex variable z, 


(2) f(z) = az’, 
(3) Pala) = & boat” (m = 0,1, --+), 


where the radii of convergence of these series are not zero. If it is possible to 
have the uniformly convergent expansion 


(4) f(x) = 2» Cm F'n (x), 

then, according to the Weierstrass double series theorem, the coefficients of the 
various powers of x, obtained by substituting the expansions of f(x) and F,,(z), 
must be equal on both sides of the equation. In other words, the equations 


4 


(5) Cuban = Gn (n = 0,1,---) 
m=0 
are valid. When the a’s and b’s are regarded as given, these form an infinite 
system of linear equations in the infinity of unknown c’s. Under our hypoth- 
esis that the expansion (4) holds uniformly in some neighborhood of xz = 0, 
the system (5) has a solution. Moreover, information concerning the asymp- 
totic behavior of the solution is given implicitly, but none the less definitely, by 
the condition that the inequality 
(6) lim sup | ¢nF'n(x)|"" <1 
m—>o 

hold for x in the region of convergence of (4). 

In important classes of cases we may translate this implicit relation into an 
explicit condition on the c’s. For example, suppose that the functions F,,(x) 
are such that 


(7) lim | F(x) |" = (2) 


for x in a region S, about the origin, in which f(x) and every F,,(x) are analytic. 
It is understood that ¢(2) may have infinity as a value. Suppose further that 
(4) holds uniformly in S. Then 


(8) lim sup | cp |'’" < L, 


where L is the lower bound (finite or infinite) of ¢(z) in S. We can thus state 
TuroreM I. The infinite system of equations (5), with the c’s as unknowns, 

has a solution provided (4) holds uniformly in some neighborhood of the origin. 

This solution satisfies (8) provided (4) is satisfied uniformly in a region S about 

the origin in which f(x) and F,,(x) are analytic and (7) holds. 

If the equations (5) are such that the functions f(x) and F,,(x) exist, then 
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these functions will be said to be associated functions, that is, associated with 
the system (5). If the associated functions do not exist, it may be possible to 
divide the equations by appropriate constants so as to get a new system for 
which they do exist. In particular, if all but a finite number of them exist, 
then one can always find multipliers such that the new system will have a com- 
plete set of associated functions. 

As an example of an application of Theorem I, consider the particular system 
of equations (5) in which a, = 1, bn = 1, bon = 0, > 0, and b,,,, form > 0, 
n > 0 is the sum of all possible products of 3, 3, --- , 1/m taken n at a time 
(allowing repetitions). Since b,,,, does not approach zero, the infinite deter- 
minant | b,,.,, | is not normal, nor can it be made normal by introducing multi- 
pliers for the equations. The associated functions are 


f(z) = (1 -— 2)", 


» mtd -[O-90-3)--0-DT 


The expansion (4) will then be an expansion in Stirling’s series, which will be 
valid and uniformly convergent on any closed set of points in the half plane 
R(x) < 1. Moreover, ¢(z) = 1. Hence this particular infinite system of 
equations has a solution satisfying the conditions 


ll 


F(x) 


. 1 
lim sup | c, |'’" < 1. 


2. As another application of Theorem I, we use the following expansion the- 
orem of Birkhoff: 


If the functions f(z) and F,,(x) are analytic for | x | S a, and if 


(9) D> | Fa(z) — 2"|a"" 

m=0 
converges uniformly for | x | = a to a value less than a“, then (4) holds uni- 
formly for the same circular region | x | S a. 

Hence we have the following corollary to Theorem I: 

TueoreM II. If the functions associated with the given equations (5) are such 
that (9) converges uniformly to a value less than a for a region | x | S a in which 
f(x) and F(x) are analytic, then (5) has a solution satisfying (6) in that region. 
Furthermore, if (7) is satisfied for | x | < a, then the solution will satisfy (8). 

The special case of Theorem II where a = 1 is of interest because of its simi- 
larity to the classical theorem of von Koch that (5) has a bounded solution 
provided the a’s are bounded and the determinant of the equations is normal 
and different from zero. The condition that (9) converge for | z | = a= 1 
resembles the condition that the determinant of the equations be normal. Thus, 
for a = 1, Theorem II requires that the series (9) for x = 1, 


a 4 


, » a (Dm.n = Suse) ’ 


m=) n=O 
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converge, dm,, being Kronecker’s symbol: while the condition that the deter- 
minant be normal is that the series 


eo oa) 
p (x | Ban — Sen,n ) 
m=0 n=0 

converge. 

Theorem II possesses certain advantages over von Koch’s theorem in that 
the condition imposed on the a’s is less restrictive, and it may be easier to show 
that (9) has a value less than a than to show that the determinant of the 
coefficients does not vanish. 


3. We now consider the problem inverse to that just discussed. Suppose 
that the equations (5), in which the c’s are regarded as unknowns, have a solu- 
tion. Then (4) will be a formal expansion of f(x). Suppose, moreover, that 
the solution of (5) is known to satisfy the condition 


(10) lim sup | cp (’" < L 


for some number L, and that f(x) and F,,(x) are analytic in a region S about 
the origin. Then the expansion will be valid uniformly in any closed region 
about the origin, in S, where 


(11) lim sup | F,.(z) |" < K < L™. 


We can now state 

TuHeoreM III. Let the equations (5) be such that there is a solution satisfying 
(10). Suppose further that the associated functions exist and are analytic in a 
region S, about the origin. Then (4) will be a valid uniformly convergent expansion 
in any closed region, about the origin and in S, where (11) holds. 

As an application of Theorem III, we may suppose that the determinant 
| bm.» | is normal and different from zero. If, then, the a’s are bounded, there 
will be a solution with the c’s also bounded. In this case L S 1. 


4. From this point on, we propose to restrict attention to a special class of 
equations (5) which are, in fact, merely recurrence relations. In such a case 
there is, of course, no question as to the existence of a solution. The problem 
of determining the asymptotic behavior of the solution is, however, of as much 
interest for this case as for the more general class of equations. The equations 
are as follows: 


C = a, 


Borco + = Qh, 
(12) 
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They may be obtained by writing 


Gn(x) = > Bunt”, Bus = 1, 


and equating coefficients of corresponding powers of x in Pincherle’s expansion 
(1). Corresponding to Pincherle’s theorem, stated in the introduction, we have 
the following 

TueoreM IV. If in the equations (12) 


(13) Bam = O(p ™) uniformly in n, 
(14) a, = O(r'™), 

then there will exist a y such that 

(15) Cm = Oy”). 


This is a special case of the following theorem, which corresponds to an 
expansion theorem of Takenaka.” 
TueoreM V. [f in the equations (12) 


(16) Bam = O(p ™), $.c., | Bam | & Map ”, 

(17) am = O(r"), 

then, letting « be any positive number and M = lim sup M,,, we have 
(18) Cm = O(max[p "(M+ 1+ 62—)",r™)). 


Proof. Consider the sequence of systems of equations obtained from the 
system (12) by modifying the right members so that a; = 4;,; for the j-th member 
of the sequence. Let {c{”} be the solution of the j-th such system. Evidently 
c\” = Ofori <j. The solution of (12) will be given by the sum 


(19) ¢ = Dd ef a;. 


j=0 


We first estimate the numbers c!”. We have 


Bia 1 0 cee 0 0 | 

Bi2 Bjs1,1 1 ose 0 0 | 
ce, = (—1)’! -- toa Jue ivr ee oe 
Bist Bistw-e2 Bisgqu-a + Bigeye 1 

Bi» = Biste-1  Bizev-e + **  Bizo-ee  Bjpo-aa 


Denote this determinant by A,. Let b,,,, be any set of positive numbers such 
that bam 2 | Bam |. We modify A, by first replacing 8,,,, by b,,,. and then 


5 Proceedings of the Tokyo Physico-Mathematical Society, (3), vol. 13(1931), pp. 
111-117. 
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agreeing to expand the resulting expression by the determinant rule except that 
every term is to be positive. If the resulting array is called D,, we have 
A, | < D,. Expanding D, by the elements of its last column and putting 
bi.m = M,p ™ we get 
le, | S (Mina + I)D,sp~ 
S (Miya + 1)(Mir-2 + 1) +++ (Mian + DMjp” 
<= A(M+1+.6)’p”. 
From this estimate and the relations (19) and (17) it follows easily that 
le; | S Ap (M +14 6)'+ Br", 


and the proof is complete. 


6. Consider the linear space E of functions f(x) defined as follows: 

I. There exists in E a sequence of functions (x), (a), --- , all defined over 
a set S of real or complex numbers, which form a complete basis for E; that is, 
if f(x) is in E, then 


(20) f(x) = > 0,04(2) 


uniformly over some subset S’ contained in S. 
II. There is a positive number r such that for every f(x) in E 


(21) a, = O(r "). 


III. There exists at least one set [ in S such that if g,,.(x) and f(x) are func- 
tions in E expressible over [ by uniformly convergent series in the 6’s, and if 


(22) f(x) = DY gn(x) 


uniformly in T, then the expansion of f(x) in terms of the @’s can be obtained 
by expanding each g,,(x) and collecting the coefficients of like 6’s. 

Condition III is the analogue of the Weierstrass double series theorem. As 
an immediate consequence of Theorem V we have 

Tureorem VI. Let E be a space of functions satisfying conditions 1, Il, and 
III, and V a set satisfying II. Let Fo(x), Fi(x), --- be in E and defined in T 
by the uniformly convergent series 


x 


(23) F(z) = D> BmnOmen(2), Bmo = 1, 


n 
where 


(24) it18 Ba; limsup M, = M< « ° 
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Suppose that for x inl, 


_ ‘ : , l/m 4 , — 
(25) lim sup | P(x) |" < § min (« i+ a) 


m—> oO 


for some positive number & less than 1. Then any function f(x) which is in E and 
has a uniformly convergent expansion in terms of the @’s for x in T also has an 
expansion in terms of the F’s: 


(26) f(x) vane > cn Fa(2), 


m=0 


which is uniformly convergent in T. 


7. As a simple application of this theorem, we suppose that the 6’s have 
the form 


(x) = Oo(z), 


27 

@) On(xz) = (x — ay)(x — ae) --+ (@% — an)On(x) (m = 1, 2, ---), 
where the functions 0,,(z) are analytic and non-vanishing for | z | S o. The 
points a , a: , --- need not be distinct, but are confined to a region ! x | S £ <. 
It is assumed that the a’s and @’s are such that any function f(x) which is 
analytic for | z | < A, \ > ¢, can be expanded in a uniformly convergent series 
(20) for | x | S px S X, px > &, where py is independent of f(x). Thus, as far 
as condition I is concerned, we may choose for E the space E) of all functions 
analytic for | «| < A, S the set | z| S o, and S’:|2| S py. 

The 6’s may be normalized so that 


(28) @,.(amui) = 1. 
We assume that this has been done. Let 
" Vn (x) 
(29) Ym(z) = 2Qri(x — a) (x = ae) -*° (t — Q@ms1)’ 


V,,(z) =1+ Km a(X — Om+1) + —_— + kamal ~- ae) res (x _ Om+1); 


with the k’s to be determined. Then, if m > n, the product @,,(z)~,(x) will 
be analytic for | z | < o; and the integral 


will vanish. Obviously, we can orthogonalize y,,(x) successively with respect 
tO Om—s(2), Om—2(r), «++ , O0(x) by choosing the k’s successively in the order 
kimnay Kms ++ 5 hmm. This makes In.n = 45m, for all m and n; and the two 
sets {y,,.(x)} and {@,.(x2)} are biorthogonal. 

We now make the additional assumption that the polynomials Y,,(z) are 
uniformly bounded: | ¥,,(x) | < K for | «| < o. Multiplying the uniformly 
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convergent series (20) by y,.(z) and integrating term by term over L:| x | = R, 
¢< RS py, we get 
(30) dm = / S(x)Wm(x) de. 
L 

But, if | z| > ¢, then 

’ K 

| a. 

vol) | S oa] — Fe 
and so 

lam | S NKpx(ox — $)"", 

where N is the upper bound of f(z) on | z! = p,. Thus EZ), satisfies condition Il 


with r = py — ¢. 
Let f(x) and g,.(x) be analytic for | x | S \ and let (22) hold uniformly for 
|x| SRep,,R>¢. Then 


dm() = 2 dninla(2) 


uniformly in the region | z | < R; and (20) holds uniformly in the same region. 


The coefficients a, are given by (30), which, on combining with (22), reduces to 


a, =»), i Gm(x)Wn(x) dz. 


Hence, 


an = bm Ba.e> 


and E) satisfies condition III if © is the set |x| < R. 
Choosing F,,,(x) as in (23) and (24), we have 
F,,(x) = (x — a)(x — ae) --+ (& — am)H (2). 


We assume that the functions H,,(x) are analytic and uniformly bounded for 
|2|<. The expansion (26) will then be valid for|z| << R,f < RS py, 
if the following inequality is satisfied for that same region: 


lim sup [|2 — a] |2 — ae| ++: |2 — am|]™ < ¢ min (r, oo) 
In particular, if ¢’ = lim sup | a, | , the expansion will be valid in the circle 
lai < min (0, —¢, ; +a) — ¢ 
provided the right member of this equation is larger than ¢. 


Starting with a set of 6’s for which we already know the possibility of expand- 
ing f(x) in form (20), we are led to conclude the possibility of expanding f(r) 
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in terms of the more general functions F,,(x). Thus, starting with an initial 
set of 6’s, we may be able to iterate the process so as to get successively more 
and more general results, by choosing at each stage the preceding F’s as the 
new 6’s. 

Since much is known from other considerations about the possibility of 
expanding a function f(x) in terms of Newton’s interpolation series, we state 
in our final theorem the result of the above procedure for the special case where 
the initial expansions are of that form, i.e., the case 9,,(r) = 1. 

THEOREM VII. Let a, a2, --- be a bounded sequence of points in the complex 
plane. Let’ = \a,|,f' = lim sup | a, |. Suppose that any function f(x) 
which is analytic for |x| Sr, > A > A = BW + &’, has an expansion of the 
form 


2 


f(x) = a9 + D an(x — a)(2 — on) +++ (2 — am) 


m=1 
which is uniformly convergent for |x| S px, px = 26+ 6’ +6,.,6, > 0. Let 
Fo(z) = 1 + ho(z), 
F(x) = (x —_ a) (x —_ a) ali (x —_ a@»){1 + h,»(x)) (m - ‘ 2, is -), 


where hm(Q@msi) = 0, hm(x) is analytic and bounded in absolute value by N» for 
xz) Suro<u<d,limsupN, = N < «~,andi, > M(o + &’), M = Nop, 
(po, — ¢)'. Then f(x) also has an expansion of the form 


f(z) = Dd enFn(2) 





which is uniformly convergent for 


é, — M(t + ey 


zg <=R<¢+min E iiM 


The proof parallels the general argument just given. The functions h,,(x) 
can be expanded in the form 


h(x) = > Bin.nOm.n(2), Amn (at) = (x — Om 1) «bee (x = Om n). 
n=l 


For biorthogonal sets we have 


] 
~ Qri(z — omy1) *** (2— Gmensi)’ 


Wmn(L) Wn(Z) = Yon(zx). 


Hence 
Bus = [ hal2mal2) de, 


n—l 


Ban S NimPyl Py cr ¢) ’ 


and the theorem follows. 


‘); 
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For the particular case a; = a, = --- = 0, the hypotheses of the theorem 
are obviously satisfied for p, = 4, 0 < A < ©; so we get Takenaka’s theorem 
to the effect that any function f(z) which is analytic for | z | S \ may be ex- 
panded in the uniformly convergent series 


co) 


f(x) = 4 x"[I +h,(z)],  ha(0) = 0, 


n= 


in the region 


i cat : M 
x¢| SR < min (Q., it "): 


where h,(z) is analytic and bounded by N, for | x | S uw and lim sup N, = N. 
Takenaka’s theorem has been shown to include a large number of special expan- 
sions which occur in the literature, of which the Neumann expansions in 


Bessel functions are best known. 
INSTITUTE FOR ADVANCED Strupy. 


6G. S. Ketchum, Transactions of the American Mathematical Society, vol. 40(1936), 
pp. 208-224. 








TERNARY TRILINEAR FORMS IN THE FIELD OF COMPLEX NUMBERS 
By R. M. TuHratu anp J. H. CHANLER 


1. Introduction. The specific problem of this paper is a classification of 
ternary trilinear forms with coefficients in the field of complex numbers. The 
complete solution is given by the table on page 689, and Theorem 12 gives 
necessary and sufficient conditions for the equivalence of two ternary 
trilinear forms under non-singular linear transformations on their sets of 
variables. 

However, the authors consider the introduction of geometric methods to the 
study of trilinear forms of more importance than the specific results obtained. 
A trilinear form defines certain algebraic transformations between subspaces 
(manifolds) of the spaces of the variables. These subspaces may in general be 
curves, surfaces, or even isolated points; but for ternary trilinear forms they 
are plane cubic curves and the transformations between them are birational. 

Consider the general trilinear form 


F(z, y, 2) = > Bnij Tr Yiz; , 


where there are r, 2’s, 7; y’s, 7; 2’s and the a,,; are arbitrary complex numbers. 
Associated with the form is the three-way matrix (a,;;), called the matrix of 
the form. We suppose that the numbers r,, r;, 7; are the smallest numbers 
of x's, y’s, 2’s, respectively, in terms of which the form can be expressed.’ Two 
forms F and F’ are called equivalent, and we write F ~ F’, if F can be sent 
into F’ by non-singular linear transformations on the sets of variables taken 
separately. The totality of forms equivalent to a given form F is said to 
constitute a class of forms denoted by [F]. If F ~ F’, then [F] = [F’]. 

For a given three-way matrix (a,;;) there are six ways in which sets of 
variables z, y, z can be associated with the elements a,;; to produce trilinear 
forms.” Two trilinear forms derived from the same matrix are 


F(x, y, 2) = Quitiyitr + Quetiyize + AusXiyi2s + AinXiyeti + AieeLiyrte + AiesLiyr2s, 
with r, = 1, 7, = 2,7r; = 3, and 
F(z, z, y) = F'(a, y, z) 

= AyD 21Yi + Ay2FiZ1Y2 + AysXi2Z1Ys + AyrLiZ2Yi + 12271222 + Ay232122Ys, 


Received January 17, 1938; presented to the American Mathematical Society, September 
10, 1937. 

' These numbers are equal to the h, i, j index ranks introduced by R. Oldenburger, IV. 
That these index ranks are the smallest numbers of variables in terms of which the form 
can be expressed was noted by H. R. Brahana, III, pp. 190-191. (Roman numerals refer 
to the bibliography at the end of paper.) 

2 VI, p. 384. 
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with r, = 1, 7; = 3,7; = 2. We say that two forms F and F’ possess general 
equivalence and write F = F’ if F ~ F’, where F’ is one of the six forms asso- 
ciated with the matrix (a;;;) of F’.. The totality of forms generally equivalent 
(or g-equivalent) to a given form F are said to constitute a general class (or 
g-class) denoted by {F}. 

The fundamental problem in the classification of trilinear forms is twofold: 
(1) the determination of necessary and sufficient conditions for equivalence 
(or g-equivalence) of two given trilinear forms; (2) the determination of a set 
E(r,, ri, 7j;) of forms which includes one and only one form from each class 
(rn, rs, 7). The solution of (2) obviously implies that of (1) although the 
converse is not true, as can be seen for the case of ternary trilinear forms by 
comparing Theorem 12 with the table of g-classes on page 689. (1) is listed asa 
separate problem, since it may have a simpler solution than (2), and is of some 
interest in itself. 

If the r, are all different, the g-classes with invariants‘ r, , r;, r; are deter- 
mined by the classes for any particular ordering of the r,. In such cases we 
order the numbers so that r, > r; > 17; ; then the set E which includes one 
and only one form F from each class (r, , r; , 7;) will also include one and only 
one form from each g-class with invariants r,. If, however, some of the 
numbers r, are equal, such a basis E for the classes of forms (r,, ri, 7;) may 
give more than one representative for certain g-classes, although it will still 
include at least one for each g-class. Evidently if a g-class has more than one 
representative in E, it has 2, 3, or 6. In general, to determine the g-classes 
with invariants r,, we first obtain the set EF for some one of the orderings of 
the r, and then find what g-classes are thereby multiply represented and in 
what manner. 


2. Trilinear forms (3, 3, 3); general geometric theory. It has been shown’ 
that the problem of determining the classes of forms is abstractly identical 
with the problem of classifying the matrices® 


M,(z) = (x4) = (2 anssn) 


under multiplication on left and right by non-singular constant matrices and 
linear transformations on x. Instead of M,(r) we could use 


M,(y) = (yr) = (2 ausiys) or = M2) = (zx) = (2 usi2;)). 


3 L.e., a class with two-way rank invariants ra, ri, 75. 

‘The two-way rank invariants of any form considered as unordered numbers are in- 
variants of the g-class to which the form belongs. 

° VI, pp. 385-387. 

® This matrix was introduced by H. R. Brahana (III, p. 196) and later named A-charac- 
teristic matrix by R. Oldenburger, V, p. 673. The use in V of variables p, instead of 2, 
seems unnecessary in view of the meaning of this matrix as discussed in this paper and in 
VI, pp. 385-387. 











680 R. M. THRALL AND J. H. CHANLER 


The projective invariants of the ternary cubic | M,(x) | = X(x) = 0 are there- 
fore invariants of the trilinear form F = >> ajjanyiz;. Hence if F ~ F’, 
then X(x) = 0 is projectively equivalent to X’(z) = 0. Furthermore, any 
cubic projectively equivalent to X(x) = 0 will serve as X’(x) = 0 for at least 
one member F”’ of the class [7]. We may therefore choose one representative 
from each projective class (or case) of ternary cubics and insist that the member 
of £(3, 3,3) from any class [F'] have one of these canonical cubies (or a constant 
multiple of it) for X(x). Any ternary cubic is projectively equivalent to one 
of the following: 


(1) xi = 0; 

(2) zit, = 0; 

(3) 21X2(%1 — X2) = 0; 
(4) 210323 = 0; 

(5) xs(xi + x2%3) = 0; 

(6) s(x; + xer3) = 0; 
(7) zi — 1323 = 0; 

(8) ri + 22 — 227; = 0; 
(9) an elliptic cubic; 
(10) a cubic identically zero. 


We shall say that M,(a) is an x-section of M,(x), the form F, and the matrix 
(a,;;) and define £, n, and ¢, respectively, to be the numbers (not necessarily 
finite) of z-, y-, and z-sections of rank one of a givenform. We shall use the 
symbol [£, 7, ¢] to describe the form.’ We now prove some important pre- 
liminary theorems. 

TuHeoreM 1. If M,(a) is of rank one, then a is a multiple point of X(x) = 0. 

For the linear polar of X(xz) with respect to a can be written as the sum of 
determinants each involving two columns of M,(a). Since M,(a) is of rank 
one, each of these determinants vanishes. 

Turorem 2. If for three collinear points a’, a, a®, M,(a“”) is of rank one, 
then for all the points a on their line, M,(a) is of rank one. 

We normalize by taking a” = (1, 0,0), a” = (0,1, 0), anda” = (1, 1, 0). 
Then, since M,(1, 0, 0) and M,(0, 1, 0) are of rank one, we can find non-singular 
matrices P and Q such that 


- 7 aXe 0 
P-M Aa, 22, 0)-Q = CLe bare 0 ’ 
\0 0 0 


7 The invariance of these and other numbers similarly defined was proved in VI, p. 386. 
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where ac = 0. Then for M,(1, 1, 0) to be of rank one we must have b = 0, 
and the theorem follows. 

TuEorEeM 3. If the determinant | M(x) | vanishes identically, M.(x) cannot 
have more than two sections of rank one. 

The proof is similar to that for Theorem 2. 

Immediate corollaries to these theorems are: 

Corotuary 1. If X(x) = 0 is elliptic, M.(x) has no sections of rank one. 

Coro.iary 2. £ is finite unless X(x) = 0 is projectively equivalent to xix. = 0, 
or zi = 0. 

Coro.uary 3. Unless £ is infinite, it is 0, 1, 2, or 3. 

Coroutuary 4. If & = 3, X(x) = 0 ts projectively equivalent to x,x2r3 = 0, and 


ot 0 0 
M,(x) ~| 0 @e 0 
0 0 Z3/ 


Given F(x, y, 2) = >> angjxnyiz;, suppose that we ask for values Z and 2 
of x and z such that F(z, y, 7) = 0 in y. The condition for this is that the 
coefficients of y:, ye, ys, Which are bilinear forms in x and z, should vanish 
for x = %,2z = 2. Setting these coefficients equal to zero, and treating the 
result as three homogeneous linear equations in 2, 22, z;, we see that the 
necessary and sufficient condition for a non-trivial solution in z is the vanishing 
of the determinant M,(x). Thus for each # such that X(#) = 0, there will 
be at least one 2 for which F(%, y, 27) = 0. If M,(#) is of rank two, there will 
be just one such point Z corresponding to ¥; if M.,(#) is of rank one, there will 
be two independent solutions 2, and therefore a line of points in the z-plane 
for which F(z, y, 7) = 0. M,(#%) can not be of rank zero for @ = (0, 0, 0); 
else 7, would be less than 3. The locus of # such that M,(%) is of rank two or 
less is given by X(x) = 0. 

Since the conditions on #, 2 for F(z, y, 2) = 0 are symmetric with respect to x 
and z, all the arguments concerning M,(r) apply to M.(z). In particular the 
locus of points Z such that there exists a non-trivial # for which F(z, y, 7) = 0 
is the curve Z(z) = 0. Hence the trilinear form sets up a correspondence 
between the points of X(r) = 0 and those of Z(z) = 0. To consider this 
correspondence more precisely, let us return to the linear equations which 
determine z. If X(#) = 0, one of these three equations, say the third, is 
dependent on the other two. It is well known that two bilinear forms in xr 
and z determine a quadratic Cremona transformation, say z = 2(2), between 
the z- and z-planes. As x runs through the points 7 of X(r) = 0, 2 = 2(%) 
will run through a locus corresponding to X(7) = 0 under this quadratic trans- 
formation. But since X(#) = 0, F(%, y, 2(@)) = 0, hence z(#) lies on Z(z) = 0. 


*Z(z) = | M.(z)|, Y(y) = | M(y)|. 
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Now if & = ¢ = 0, the correspondence between the points of X(z) = 0 and 
Z(z) = 0 will be (1, 1) without exception and will be given by the transforma- 
tion z = 2(x). Instead of using the first two equations to define z = z(x), we 
might use, say, the last two, obtaining another quadratic transformation, 
z = 2'(x), which coincides with z = z(x) for X(z) = 0. We have therefore 

THeoreM 4. Foré = ¢ = 0, X(x) = O and Z(z) = 0 are birationally related. 

The equations relating the points of X = 0 and Z = 0 can be found by 
setting F(z, y, z) = F(x, y®, z) = 0, where y” and y are any two different 
points y. Hence the trilinear form defines * or a net of quadratic trans- 
formations which transform the points of X(x) = 0 in the same way, but which 
have no other common image. Since — = 0, there is no fundamental point 
common to all the members of this net. (Indeed the number of fundamental 
points common to all the members of the net is always precisely £.) 

TueoreM 5. Foré = ¢ = 0, X(x) = 0 is projectively equivalent to Z(z) = 0. 

If X(x) = 0 is elliptic, so is the birationally related Z(z) = 0. But two 
elliptic cubics which are birationally related are projectively equivalent.’ If 
X(x) = 0 is rational or degenerate, it follows from the analyticity of the trans- 
formations that X = 0, Z = 0 must have the same number of irreducible 
pieces; i.e., they must both be irreducible, or they must both factor into a line 
and a conic, or they must both factor into three lines. Furthermore, the 
transformations must be (1, 1) on the points of X(x) = 0, considered either 
as a point set or as points of an algebraic manifold; i.e., a nodal point counts 
once as a member of the point set, but twice as a point of the manifold. Hence, 
the number and nature of the singularities of X = 0 and Z = O must be the 
same. But if this is true, the curves are projectively equivalent. Finally if 
X(z) = 0, the analyticity of the transformations insures that Z(z) = 0. 

An important consequence of this theorem is that by non-singular linear 
transformations on z and z we may insure that X = 0 and Z = 0 are constant 
multiples of one of the canonical cubics listed above. That this is possible 
follows from the fact that linear transformations on y and z replace M, by 
PM.Q and so replace | M,| by | P|-|Q|-|M.| = c|M.|. When X and Z 
are so transformed, the quadratic transformations become those of a cubic into 
itself. In the case X = 0, Z = O, the algebraic transformation from zx to z 
induced by the trilinear form is (1, 1) without exception throughout the pro- 
jective plane. It must therefore be a projectivity of the plane into itself, and 
by a linear transformation on z we may insist that it be identity. Then since 
F(z, y, 2) = 0 in « and y, we have 


M,(y) ~ M,(y) - 
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which has no y-section of rank one; so 7 = 0. To show this, we write 


F(a, y, z) = ss YrjTn2; - 


Then M,(y) = (y;) is the matrix of a bilinear form in x and z. The condition 
F(z, y, ) = O requires that y,; = —yj, ; whence 


0 Y2 Ye 

M,(y) = | —yx 0 Ys 

—Yy3 —Yy2 0; 

Now saying that F(z, y, z) can be expressed in terms of three and no fewer than 

three y’s is equivalent to saying that all of the y,; can be expressed in terms of 

some three of them. In this case y:2, yis, y2s must be independent. Hence 

M,(y) ~ M,(y’), where ys = yx, ye = Ys, Yi = Yrs. Since Y(y) = 0 and 
M,(y) ~ M.ty) ~ M,(y), we have 

THEOREM 6. There is just one g-class [0, 0, 0], X(xz) = Y(y 


) = Zz) 
and it is uniquely defined by the conditions § = ¢ = 0, X(x) = 0. 


0, 


3. Trilinear forms (3, 3, 3) with sections of rank one. We now remove the 
restriction § = ¢ = 0. 

TueorEeM 7. If M,(a) and M,(a’) are sections of rank one, and if I(x) = 0, 
U'(z) = 0 are the lines in x and z corresponding to z = a’, x = a, respectively, 
then the line I(x) = 0 and the point x = a are incident or not according as the 
lise U'(z) = 0 and the point z = a’ are incident or not. 

The proof is similar to that for Theorem 2. We shall refer.to Theorem 7 
as the incidence theorem. 

TueoreM 8. If £ = 3, thenn = ¢ = 3. 

For we saw that 


T1 0 0 
Mz) =|0 xm O 
0 0 Z3 


represents the only class for § = 3. But then M,(r) = M,(x) = M,(zx); so 
n= ¢ = 3. 

TueoreM 9. If & = ©, then one of n and {is ~, and the other is | or 2, there 
being just two g-classes in this case. 


We have seen that § = © implies a line of double points in X(r) = 0. Let 
this line be xz, = 0. Then by the argument of §2, we obtain 
/l1 0 0 0 1 0 


(1) M(x) ~ MS'(x) = (a)ar +10 0 Ofart+]O 0 O Jas, 
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or 
‘1 0 0 0 0 0 

(2) M.(2) ~ M2 (2) = (aa +10 0 O}ae+]1 0 O fas. 
0 0 O/ 0 0 O 


(1) and (2) give different classes but the same set of g-classes. In (1) 7 = @, 
and in (2)¢ = «x. To establish the second part of the theorem, it is sufficient 
to show that (1) gives rise to two classes, with ¢ = 1 and ¢ = 2, respectively. 
We consider 


Ze 0 0, 


Since M!’’(0, 0, 1) is of rank one, ¢ = 1. The point at which z2 = 2; = 0 
will give a section of rank one. If ¢ = 1, this point must be (0, 0, 1); whence 
G33 = Gi33 = 0. Since z; must appear, ay; # 0. Then there exist non-singular 
matrices P and Q such that 


PM3’Q=|2 0 0], 


and we have only one class, whose rank invariants are [©, », 1]. Similarly, 
if the point zj2 = 2:3 = 0 is not (0, 0, 1), we may take it to be (1, 0, 0) giving 
Ay = Ay = 0, and 


/O 23 2 


M!(z)~I1l2 0 O 


z O O 
giving just one class[«, «, 2]. In both cases Z(z) = 0. 
Suppose X = 0 and Y has no multiple line. Then unless Y(y) = 0, it 
cannot possibly have enough pieces and double points to map into the whole 


z-plane. Hence there are exactly three g-classes for which any of X, Y, Z 
vanish identically: the two given by the theorem just preceding, and the third 
for which € = n = (= 0,X =VYV=2=Z2=0. 

Having disposed of the g-classes for any one of £, n, ¢ > 2, we now consider 
one of them equal to 2. 

THeoreMm 10. The condition & = 2 implies that n, ¢ = 1. 

We may evidently suppose that M_(1, 0, 0) and M,(0, 1, 0) are the z-sections 
of rank one. Then the line z; = 0, joining these double points, must be a 
factor of X(z) = 0 and corresponds to one or more sections of rank one in 
M, and M,. 
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4. Determination of the g-classes (3, 3, 3). Theorems 8, 9, 10 imply that 
for any form two of the numbers &, n, ¢ are equal. We shall therefore get at 
least one member of each g-class if we list a representative of each class with 
¢ = ¢. Hence we need consider only classes with the following rank invariants: 
(0, 0, O}, (0, 1, O}, [1, O, 1], [1, 1, 1], [1, 2, 1], [2, 1, 2], [2, 2, 2], [3, 3, 3], [<, 1, 2], 
[«, 2, «]. We have already proved that there is just one class for each of 
the last three possibilities. We shall now consider the canonical cubics listed 
in §2; taking each in turn as X(x), we shall determine for it the classes [£, n, &]. 

For X(x) = zx}, and for X(x) = ziz2, the geometric methods used for the 
other cases break down due to the double and triple lines; we have therefore 
entered in the appended table of g-classes, for Cases 1 and 2, results obtained 
previously.” 

Case 3. X(x) = cxix2(21 — xe). Since X(x) = O has only one multiple 
point, € = Oor 1. For [0, n, 0] we may suppose Z(x) = «X(xr). To each 
piece of X(x) = 0 will correspond a piece of Z(z) = 0, and we can choose 
coordinates in z so that 1, = Oz = O;22 =~ OOxnm = 0; 2, —- me = 00 
2, — 2. = 0. We recall that if two rational curves with parameters ¢ and r 
respectively are in birational correspondence, this correspondence can be ex- 
pressed by a relation between the parameters: r = (at + 6)/(yt + 6). Ap- 
plying this theorem to z; = 0 and z, = O written respectively as pr, = 0, 
pt, = 1, prs = ty 5 pt: = 0, pze = 1, pzs = 71, we have 7m = (at; + B)/(yti + 4). 
Since the triple points x = (0, 0, 1) and z = (0, 0, 1) must correspond, we have 
i = © <> = © ory = 0. Similar arguments apply when we write zz: = 0 
as pz, = 1, pre = 0, prs = tf, and 7; — v2 = O as px; = 1, pre = 1, px3 = ts, 
and the same for z with 7; instead of t;. Thus we may write 


(1) tT = al + Bi (¢ = 1, 2, 3). 
Now for x = 2(t;), z = 2(7i) = z(aits + Bi), (¢ = 1, 2, 3), we have 

F(t:, y) = F(x), y, 2(aiti + B,)) = FC, y, 2(2)) = 0 
in y and ¢;. The automorphisms of X(z) are generated by 


, , 
A, : %3 = ax, + bre + 23; As 3 Zs = Cts. 


Under A, , t; is replaced by t; = t: + b, te by th=t+a,tsbyt; =t +at; 
under Ag, ¢; is replaced by t; = ct; (i = 1, 2,3). We may evidently use these 
transformations on ¢; and 7; to modify (1) above. We get 


(1)’ r= a; te = ate; 112=t +83, (8 = orl). 


Then the conditions 
F(t »¥) = ye + Ysalt + Yost + Ysaty 71 
(2) = Yo + (Ys + ay yos)ty + anyssti” = 0, 
F(é,y) = Fis, y) =0 


VI, p. 409. 
"ITT, p. i40. 
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yield the respective sets of equations (when we write a; , 6; for ai, 
Yor = Yxs = Ysr2 + MY = O, 
Yu = Yss = Yis + yn = 0, 
Yu + Yr2 + Ya + Yoo + Bsyis + Bs Yes 


(3) 


= Ya + Yiz + Ys2 + Y23 + Bs Yss = Y33 
Hence 


M, =| yn 


—a2Yi3 = 1 Yo3 


where 


(4) ya + yn + Bsyis + Bayes = 0, (1 — ae)yis + (1 — ar)y2s = 0. 


Unless equations (4) are dependent, there will not be the three independent y;,; 
which are necessary if r; = 3. If a2 = a = 1, 8; = 0, we have | M,| = 0. 
Hence 8; = 1, and the sole class is represented by 

0 yi 

M,=|-y-yw—-—ys 0 

—ys —ys 0 
where y; = ¥i2, ¥2 = Ys, Ys = Ys. We note that » = 0 as a consequence of 
§& = ¢ = Oand X(zx) = cxj22(%1 — 22). 

Next consider [1, , 1]. Using the incidence theorem, we may suppose 
x = (0,0,1) ~ 2 = 0;z = (0,0, 1) > 2 = 0; whence yo; = ys2 = ys3 = O. 
Then z.2 = 0 and xz; — x. = O must correspond to distinct lines in Z(z) 0, 
and the intersection of these lines in z must correspond to the intersection of 
tq = Oand x, — x2 = 0;i.e., it must be on z; = 0. Since it is the only multiple 
point of Z(z) = 0, this intersection must be z = (0, 0, 1), in accordance with 
our initial supposition that M,(0, 0, 1) was of rank one. Hence we may choose 
coordinates so that Z(z) = o,X(x), and so that 7 = 0 2 = 0,% — 2 = 
0 <> z, — z = 0. Expressing this correspondence parametrically, we have 
ti = at; + B; (¢ = 2, 3); by means of the automorphisms of X and Z, these 
transformations can be modified to tz = t, 73 = agtz. The conditions 
F(t, y) = Fl, y) = O give us yn = Ys + Ys = Yu + Yo + Yu + Ya = 
O3Yi3 + Ysa = 0. These four relations imply that r; < 3 unless aj = 1. We 
have therefore the single class with 


f 0 Yr Ys 
M, =| 42 — yo Yo O |, 
—Yis 0 OO, 





these 
litions 
Y2 = 
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Case 4. X(x) = cx,rex3 , where the lines are parametrically represented as 
pr, = 0, pz = 1, prs = ts; pti = th, pte = 0, prs = 1; pm = 1 pm =k, 
pt; = 0. For [0, n, 0] we may suppose z; = 0 <> z; = 0 expressed by 7; = aif; 
(¢ = 1, 2,3). The automorphism zx; = pix; (¢ = 1, 2, 3) produces the trans- 
formation 

Pd pil; pals 
_=_— 22> — = = 
pe 


? 


so we may assume 7; = (ayaa). Imposing the condition 
F(t;, y) = 0, we have 
0 Yi2 — aysi 


M,(y:a) =| —ayxr 0 ys |, n= 0; 
Ys1 «=—§- — @Y28 0 
M,(y:a) ~ M,(y:wa), (w* = 1). 


Interchanging x and z, we get” F(x, y, z: a) = F(x, y, z: a"), since then r’ = 
‘a. Interchanging y and z gives no new g-equivalence relations. Hence 
for [0, n, 0], X(x) = carers , F(x, y, 2:a@) = F(z, y, 2:8) if and only if 8° + @* = 
a + . 

For [1, », 1] there are two cases possible: (1) with incidence; (2) without 
incidence. If (1) holds, arguments like those above show that there is just one 
g-class. It has » = 1, Z(z) and Y(y) in Case 4. Similarly if (2) holds, we 
have just one g-class, with » = 2, Y(y) in Case 6 and Z(z) in Case 4. For 
[2, », 2] we have just one g-class, with » = 2 and Y(y) and Z(z) in Case 4. 
We have already treated [3, 3, 3]. 

The methods of investigation for Cases 5, 6, 7, 8 are those just applied to 
Cases 3 and 4. Hence we shall merely list the g-classes for these cubics in the 
appended table,” except for the two instances where [, », =] and the case of 
X(x) does not uniquely define the class. These instances are: 


Case 6. X(x) = cx(xi + xen), [E, », —] = [0, 0, 0), 
(l—a)y2 ye Ye 
M, = — Yr QO ayes |, 
— Ys yx 0 


where a ~ 1, 0, and F(z, y, z: a) = F(x, y, 2: 8) if and only if 8 = a@ or a‘; and 
Case 8. X(x) = e(x} + x2 — 22ers), with rank invariants [0, 0, 0), 


(a’ ~~ 1) yes/ax Yi2 — ays 


M, = — ayn (a° — 1)yn/a yes |, 
Yai — aYo3 0 


" Le., the semicanonical form defined by M,(y: a). 
'® Representatives of these g-classes are included in V1, pp. 397-411. 
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where a # 1, F(z, y, z: a) = F(a, y, z: 8) if and only if a +a = 6 +B”. 

Before turning to the elliptic case we shall give an outline of the method 
followed in all the cases where X(x) is rational and without a multiple factor. 
We have — = ¢, where £ cannot be greater than the number of linear factors 
of X(x). The steps of our procedure are as follows: (1) we determine the pro- 
jective case of Z(z); (2) set up the correspondence between the parameters of 
the pieces of X(x) = 0 and Z(z) = 0; (3) normalize this correspondence by 
means of the automorphisms of X(x) and Z(z); (4) determine the y,; so that 
F(t, y) = 0, where ¢ is the parameter of X(x) = 0, and so get M, (here we rule 
out any correspondence set up in (2) which puts more than six independent 
conditions on the y,;, since r; must equal 3); (5) investigate the classes thus 
obtained for g-equivalence. 

Case9. cX(x) = 42} — gorz3 — 3X3 — 2303; = «Z(xr). We give an analytic 
treatment based on the fact that the only birational transformations of a 
generic elliptic cubic into itself are: (1) the involutions interchanging the mem- 
bers of every pair of points collinear with some fixed point of the curve, and 
(2) the products of two such involutions."* We write X(z) = 0 parametrically 
as px; = p(u), pr, = p’(u), px; = 1, and do the same for Z(z) = 0, using param- 
eter i. The transformations from zx to z are then given by u + &@ + a = 0, 
where the plus sign goes with (1) and the minus sign with (2). This trans- 
formation is an automorphism (i.e., a collineation) if and only if a is a third- 
period. Since the automorphism z; = —2z: replaces u by —u, we may always 
suppose our relation to beu + &@ + a= 0. F(x(u), y, 2(a)) = Fu, y) is an 
elliptic function of order six. Its vanishing identically in u and y is expressed 
by at most six conditions on the y,;. That the six conditions are independent 
is seen by expanding F(u, y) as a Laurent series about the poles u = 0 and 
a = —u — a = O and equating the coefficients of negative powers of u and @ 
and the constant term to zero. We get eight linear homogeneous equations in 
the y,; whose matrix is of rank six. Denoting by F(z, y, z: a) a trilinear form 
with @ = —u — a, we ask for what values of b is F(z, y, z: a) ~ F(a, y, 2: b)? 
Such values of b must come from automorphisms, which can be expressed, as 
we have seen, by u = +u’ + 40, a@ = +7’ + 40’, where Q, ©’ are any periods 
of p(u), giving equivalence if and only if b = +a + 49; i.e., for 18 values of b. 
Geometrically, this means that if the points of X(x) = 0 are grouped into 
sets of 18 in such a way that the sum or difference of the parameters of any 
two points in a set is a third-period, then there is one class for each such set. 
Interchanging the sets of variables gives no new g-equivalence. We have proved 

TueoreM 11. A class or g-class for which X(x) = 0 is a generic elliptic cubic 


4 The word “‘generic’”’ here excludes only the harmonic and equianharmonic cubics. 
To obtain the additional birational transformations of these cubics into themselves, we 
take certain collineations and the products of these collineations with each of the trans- 
formations (1) and (2) above (see II, pp. 151-155). Hence for these cases also we get the 
semicanonical form by considering only the involutions. However, new g-equivalences 
will be introduced among the points of the parallelogram of Theorem 11. 
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has two arithmetic invariants; one is the absolute invariant of X(x) = 0, and the 
other is the group of values of a defining the set of points from which the center of the 
involution is obtained. If w, , w, are the periods of p(u), then there will be a class 
of forms F(x, y, z: a) for each point a in the parallelogram whose vertices are 
0, dw: , G1 + Jue, Fue. 


Case 10. X(x) = Y(y) = Z(z) = 0. This case has already been considered. 
TABLE OF G-CLASSES FOR 7, = ry = 7; = 3 


{0,0,0) [0,1,0] [1,0,1) [11,1] [1,2,1] [2,1,2] [2,2,2] [3,3,3] [2,1,2] [2,2, 0] 


a} ai} | | @ | | (10) 

2} @|} | |@@ Mm @®)@!) | ao 
8)| @) | f@| || | 
(4) | (4)* (4) | 6) (4) (4) | 
(5) | (6) | 7) | @)| i oe a ee wee 
(6) | ()* (8) | () | 
| @i | | iS a oe a ar 
6)| @ | | Pi | 
‘@! @ || | ery 
(10) | | (10) | a 


The entry numbers on the left refer to the projective e cases of X (x), Z(z) of 
the cubics in §2. The starred cases contain an infinite number of g-classes. 
There are no forms for the blocks without numbers. The numbers in the 
blocks give the projective case of Y(y), there being just one class for each num- 
ber except in the starred cases. 


5. Conclusions and generalizations. The results of the preceding section give 
the following 

THEOREM 12. A necessary and sufficient condition for the g-equivalence of two 
ternary trilinear forms F and F’ is 

(I) that &, n, ¢ equal &’, n’, ¢’ in some order and X(x), Y(y), Z(z) be projectively 
equivalent to X’ (x), ¥ “y), Z'(z) in that same order; and 

(IL) that if &, n, é aa. 0, 0 and X(x) is projective ly equivale nt to (a) Ttais , 
(b) x(a + om), (c) zi + 22 — 22ers, or (d) 4zi — garizs — gers — zits, 
then in the semicanonical forms F(x, y, 2: «) and F’(x, y, 2: 8) of F and F’ ~ 
P+B =a +a (b)B+B' =at+ai () SP +8’ =a+a” 
(d) 8B = +a + 40, where Q is a period of p(u | ge, gs). 

This theorem solves problem (1) for ternary trilinear forms. The above 
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table together with the semicanonical forms for (a), (b), (c), (d) gives a com- 
plete solution for problem (2). 

As was indicated in the introduction, a major purpose of this paper was the 
application of well-developed geometric theory to trilinear form classification. 
Accordingly, we. shall here indicate certain parts of the preceding theory which 
are susceptible to direct generalization. We shall limit ourselves in these 
generalizations to cases where r; = r;. 

Then Theorem 1 becomes 

THeoreM 1’. Jf M,(a) is of rank r; — 2, then a is a multiple point of the 
“surface”? X(x) = 0. 

Theorem 2 remains true as stated. Corollaries 1, 2, 3 are replaced by 

Corouuary 1’. €& (the number of x-sections of rank r; — 2) does not exceed 
the number of multiple points on X(x) = 0. 

If r, = r; = r;, Theorem 4 becomes 

TueoreM 4’. Foré = ¢ = 0, X(x) = O and Z(z) = 0 are birationally related. 

The direct analogues of Theorems 5 and 6 will not be true. 

The theorems of §3 do not generalize directly, although there will be theorems 
of somewhat the same character to take their places. 
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EQUIDISTRIBUTION OF RESIDUES IN SEQUENCES 


By MarsHauit HA 


1. Introduction. A sequence of rational integers m, %, --- satisfying a 
rational integral linear recurrence 


(1.1) Un+k = AQyUngeaa + +++ + Aclyn 

is periodic’ modulo an arbitrary prime p, that is, 

(1.2) Un+r = Un (mod p) 

for a fixed 7 and all n = no(p). The polynomial f(r) = 2° — aa** — --- — a 
is called the characteristic of (1.1). This paper is concerned with the distribu- 
tion of the residues 0, 1, --- , p — 1 (mod p) in sequences satisfying (1.1). 


This distribution has been investigated in two papers, one by Ward’ supposing 
f(x) to be a cubic irreducible modulo p, and another by the author’ supposing 
f(x) to be any polynomial irreducible modulo p. 

Here it is shown that if f(x) is the product of a linear factor and an irreducible 
factor modulo p, the number of zeros in the different blocks will satisfy equations 
similar to those found in H. (Compare equations (2.3) in this paper with 
equations (13.8) in H.) 

By a simple device these results may be used to show that when f(x) is irre- 
ducible modulo p and the period of (v,) is r, an arbitrary residue a (mod p) will 


occur rp ' + cq times in any 7 consecutive terms of (v,), where | c, | < p'“~”. 
The notation and terminology throughout are those of H. 
2. Distribution of zeros. Suppose 
(2.1) f(x) = (x — @h(x) (mod p), 
where h(x) is irreducible modulo p and at least of second degree. A sequence 
(2.2) (v,) = g(x) 


Received April 28, 1938. 

'R. D. Carmichael, On sequences of integers defined by recurrence relations, Quarterly 
Journal of Mathematics, vol. 48(1920), pp. 343.372. 

* Morgan Ward, T'he distribution of residues in a sequence satisfying a linear recursion 
relation, Transactions of the American Mathematical Society, vol. 33(1931), pp. 166-190. 

* Marshall Hall, An isomorphism between linear recurring sequences and algebrate rings, 
Transactions of the American Mathematical Society, vol. 44 (1938), pp. 196-218. This 
paper will be referred to as H. 

* For second order sequences see Marshall Hall, Divtsors of second order sequences, Bul- 
letin of the American Mathematical Society, vol, 48(1987), pp. 78-80, and the note to 
Theorem 13.5 of H. 
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will satisfy no recurrence modulo p of lower order than (1.1), if g(x) is rela- 
tively prime’ to the double modulus p,f(x). Such a sequence is said to be 
regular modulo p. We shall investigate the distribution of zeros in the reduced 
cycles of the totality of regular sequences satisfying (1.1). 

We note first that if (v,) is any sequence satisfying a recurrence of charac- 
teristic f(x), and if s is any integer prime to p, then (s"v,) is a sequence satis- 
fying a recurrence of characteristic f,(z) = s‘f(x/s). The zeros modulo p of 
(s"v,) occur in the same positions as those in (v,). Moreover, the reduced 
period of both sequences is the same. This is true for any f(x), but will be used 
here only to simplify the proof of Theorem I. 

TueoreM I. If f(x) = (x — d)h(x) (mod p), where h(x) ts irreducible modulo p, 
then 


(2.3.1) 


(2.3.2) (u — m)p**, 
=1 


r £0 (xm), 
(2.3.3) ad 
i ’ r=0 (xi), 
(2.3.4) (u,p— 1) =m, p— 1 = mu, w= mu, kK = Wk1, 


where b; is the number of zeros in a representative reduced cycle of the i-th block of 
regular sequences satisfying (1.1), provided the « blocks have been appropriately 
ordered. 

The subscripts in (2.3.3) are naturally taken modulo x. 

Under the secondary isomorphism 


(2.4) xr"g(x) > On 
the regular cycles (v,) modulo p satisfying (1.1) form the cosets of the cyclic 
group {x} in the group of residues prime to [p,f(x)] (Theorem 13.1 of H). 
Since f(x) = (x — d)h(x) (mod p), where A(z) is irreducible modulo p, the 
group @ of residues prime to [p,f(x)] is representable as 
(2.5) (i =0,---,p—1;j =0,---, p** — 2), 
where r is a primitive root modulo p and hence of order p — 1 and 2z is of order 
oo ow ¥. 
By definition of the reduced period yu 
(2.6) xz” = b (modd p,f(z)), 
where b is rational and 


(2.7) yk = p 


§ See page 604 of Morgan Ward, The arithmetical theory of linear recurring series, Trans- 
actions of the American Mathematical Society, vol. 35(1933), pp. 600-628. 
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Hence for z; = z° with c some integer prime to p** — 1 
(2.8) zi = sx (modd p,f(z)), 
where s is rational and 

(2.9) G = r'z. 


Hence the (s"v,) cycles are obtained by taking every «-th term of the (w,) 
cycles, where zi} — w, by the secondary isomorphism (Theorem 13.2 of H). 
Because of (2.9) there is but one z, block of reduced cycles prime to [p,f(zx)]. 
Let (c,) be a cycle of this block. The z, cycles are all regular except the cycle 
which is identically zero, the cycle whose g(x) = 0 [p,h(x)] which contains no 
zeros, and the cycle (x — d)z~ — y, which modd p,f(z) is the same as the cycle 
zj; modd p,h(x). Wenow apply Theorem 13.4 of H to the cycles (je,) (j = 1, - - -, 
p — 1) and (y,). Heren = 0, --- , p’* — 1 and to obtain the same length 
we must take p — 1 reduced cycles of (y,) since z} (modd p,h(x)) has as its 
reduced period (p** — 1)(p — 1) by Lemma 1 of Theorem 13.5 of H. By 
Theorem 13.4 of H for z] modd p,h(x) there are (p — 1)[(p** — 1)(p — 1)"] 
= p** — 1 pairs of zeros differing by a in position in (y,) if 0 < a < p** — 1, 
a #0 (p’' — 1)(p — 1)" and p** - 1 if a = 0 (p*" — 1)(p— 1)". Forall 
z, cycles modd p,f(x) there are p*” — 1 pairs of zeros differing in position by a 
for0 < a < p** — 1. Excluding the zeros in the (y,) cycle and dividing by 
p — 1 we find that in (c,) there are p*~ pairs differing by a if a # 0 (p** — 1) 
(p — 1)" and none if a = 0 (p** — 1)(p —1)*. The termse,.4; (n = 0, ---, 
» — 1) are a reduced cycle of the i-th block of (s"v,) cycles, and these have, as 
remarked above, the same reduced period and position of zeros as (v,) cycles. 
We now count the differences in positions of zeros in (c,) in terms of the differ- 
ences of positions of the cycles (s"v,) = (ni). If there are b; zeros in the 
i-th block, there will be >> b,(b; — 1) differences in the same (s"v,) cycle. But 
i=1 

these are the differences = 0 (mod x) in (c,) and there are » — m of these differ- 
ences # 0 ((p*" — 1)(p — 1), where m is determined by (2.3.4). This 
yields the equation (2.3.2). Similarly, equations (2.3.3) enumerate the differ- 
ences congruent to r modulo «x in terms of the b’s. Equation (2.3.1) merely 
gives the total number of zeros in the (c,) cyele. 

Turorem II. Under the assumptions of Theorem 1, bs = p* x’ + ¢ , where 


les | < 4/ y/ pe — EN pl 7 
K K 


k 


If we define quantities c, by putting b; = p*“« ' + e¢; in equations (2.3), 


we find 
> « = 0, 
(2.10) 


Sid =» (mx + 1) 4-3 
Gc¢=p - i 


A 


whence Theorem II follows immediately. 
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3. Distribution of arbitrary residues. 

TueoreM III. Let f(x) be irreducible modulo p, and let the period of (1.1) 
modulo p be r. Then the residue’ a £ 0 (mod p) will occur in a cycle of (Un) ng 
= rp + Cg times, where | c, | < p**~”. 

If (u,) satisfies (1.1), then (v,) = (u, — a) satisfies a recurrence of char- 
acteristic (c — 1)f(x) and n, the number of residues congruent to a in a cycle 
(7 terms) of (u,) will be the number of zero residues in 7 (v,) terms. But both 
the period and the reduced period of the (v,) sequence are equal to r. For 
Unyy = Un implies vay, = v, and conversely, whence 7 is the period of (v,). The 
reduced period yu of (v,) is the least solution of 


(3.1) x" = b (modd p, (x — 1)f(z)), 
whence z* = b (modd p, x — 1), 1 = 6b (mod p). Consequently, 
(3.2) x’ = 1 (modd p, (x — 1)f(z)) 


and uw = 7 the period of (v,). 

Now Theorem II may be applied to the (v,) cycle. n, is the number of zeros 
in a (reduced) cycle of (v,). Here (v,) satisfies a recurrence of order k + 1 
and 


k-1 


(3.3) n =P +4, 


kK 
i(k—-1) st il 
. But here r = » and uw = p — 1, whence 


k—1l 
P Pp 
(3.4) ra = (PF i) +e, 


where | ¢, | < p 


This gives 


T T 
NM =—+ ———, +. 
Pp p(p* — 1) 
Hence from Theorem II n, = rp’ + c,, where |c| < p'“~”. 
Note that equations of the type 


(3.5) > « = 0, ~c =M 


yield not only an upper bound on the magnitude of the e’s | ¢; | < « ?(« — 1)'M' 
but also require that, for at least one c, | ¢; | = « *M* (x even), | c;| = (« — 1) *M? 
(x odd). If the c’s are regarded as statistical variables, these equations give 
their mean and standard deviation. 


® The number of zeros in (u,) is given by Theorem 13.5 0f H. According to this theorem 
in « terms of (u,) there are uwp~! + co zeros where | cy | < p¥-. 
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As an example of the application of Theorem III consider 


(3.6) Unsg = —Unit + Un (mod 5). 


> 
~ 


- 


~ - ~ 
~ ~ = ~ ~ 


~ 


Sr oY PPNe on 
ono ooo me 
— 


Hi ow wom ww 
WwWOWee ror SS 


- 


Here the n, will be equal to 6b; of a recurrence of fourth order in which p 
=5,4= 7 = 31,k = 4,m = 1,x = m = 4,and the equations (2.3) for the 
distribution numbers are 


b +be +bs +b 
bb +b +b; +5 
bibs + bobs + baby + babi = 
bibs + babs + babi + bibs = 
bibs + bob: + babs + bids = 


Of these equations only three are independent and the solution associated with 
(3.6) is b} = 9, be = 3, bs = 6, bs = 7. These are respectively the number of 
residues congruent to 1, 2, 4, and 3 in (3.6). 
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ON THE FACTORIZATION OF GENERALIZED QUATERNIONS 


By Gorpon PALu 


1. Afundamental theorem in the arithmetic of Lipschitz’ integral quaternions 


(1) Vv = Vo + ty + tov. + 2303, 

where the v; are rational integers and the 7, are the familiar Hamilton units 
2 ‘ . P “ : 

(t, = —1, etc.), is that any proper v (i.e., one in which wv, - -- , v3 are coprime), 


9. . . . . . . . 
whose norm )> v; is divisible by an odd positive integer m, has exactly eight 
right-divisors ¢ of norm m, these forming a class of left-associates 


(2) +t, +i, +toet, +izt. 


In this article a connection is set up between the problems of factoring “gen- 
eralized quaternions”’ (defined in §3) and of representing the number 1 in a 
certain quaternary quadratic form S. Hence the problem is reduced to that of 
equivalence of quaternary quadratic forms. However, the order and genus of S 
is readily identified. Hence in all cases where there is but one class in this 
quaternary genus, a theorem of the type quoted above will follow; and when 
several classes occur in that genus, some similar theorem may be deducible. 

Our definition of generalized quaternion, based on Hermite’s identity,” con- 
nects the theory with ternary and quaternary quadratic forms, rather than with 
binary Hermitian forms as in Dickson’s definition. For results similar to ours 
in Dickson’s generalized quaternions, perhaps the best reference is Ideals in 
generalized quaternion algebras, Trans. Amer. Math. Soc., vol. 38(1935), pp. 
436-446, by C. G. Latimer. 


2. Our method is based on a process of Hermite’s,’ who in turn was guided by 
Gauss’s algorithm for reducing the representation of numbers in a binary 
quadratic form to the solution of a quadratic congruence and to identifying 
the class of a form constructed from the solution. We shall introduce the 
method by exhibiting a similar device for quadratic fields. We shall confine 
ourselves, however, to fields in which the integers are of the form 


(3) ’ Vy + Vw, vo and v, rational integers, 
where w D is « non-square rational integer. There is no difficulty in 
extending the theory tow +04 4(1 A) 0. Similarly, in this article we 


Heceived May 1%, 193% 

Lipschitz, Jour. de Math., (4), vol. 201846), French translation by J. Molk 

7) Hermite, Jour. fiir Math., vol. 4701854), pp. 313 340; Oeuvres, vol, 1, 1905, pp. 200 
ZB), eapecially p. 212 

* Hermite, Jour. fur Math, vol. 4701854), pp. 34% 446; Oeuvres, vol. 1, pp. 234 237. 
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shall treat only the simpler case of quaternions associated with Hermite’s 
identity. The extension by means of Brandt’s generalization’ of Hermite’s 
identity is being investigated by students of the writer. 

Let p be an odd prime not dividing D. How many divisors of norm p does v 
possess? For this we must consider 


(4) vo + vw = (uo + uw)(to + tw), t+ Dit = p 


On taking norms we see that p must divide Nv = v5 + Doi. Assuming this 
and multiplying both sides of (4) by t = to — tw, we get 


(vo + vw)(to — tw) = 0 (mod p), 
(5) Volo + Dot, => 0, Vito _ Vol; = 0), (mod p). 


Now assume that p does not divide both (and hence either) of vp, v,. Then 
the condition p | Nv makes either of conditions (5) imply the other. Either 
of them reduces to to = et; (mod p), where e is an integer = vo/r; (mod p). 

Thus if p | No, (5) will be satisfied if and only if 
pXo + eX, 
t, = X, ’ 


to 


(6) 


in integers Xo, X; ; and then vt = 0 (mod p), vt = pu, vtt = put, v = ut, pro- 
vided for the last step Nt = i = t} + Dtj = p. If we substitute from (6), the 
condition Nt = p becomes 


(7) pXo + 2eNXoXi + fXi = 1, 


where f = (e° + D)/p. The form |p, 2e, f] is of determinant D, and will repre- 
sent 1 if and only if the prime p happens to be represented in x26 + Dj; and then 
the number of divisors ¢ of norm p of v will be 2if D > 1, and 4 if D = 1; if 
D > 1, the divisors are +1, if D = 1 they are +t and +:t. When there is only 
one class in each genus, the condition for p to be presented in x3 + Daj ean be 
expressed simply in terms of Legendre symbols. 


3. With a symmetric matrix @ = (a,s) of order 3 in a field %, we associate a 
system of quaternions 
(8) t = to + tit + tate + tls, 


where the ¢, range over § and ¢; , ts , ts satisfy the following multiplication table, 
A,s denoting the cofactor of ays ina: 


” 


el Aaa (a = 1, 2, $). 
(9) Igts Mos + Qyith + Qyt, + aysts, 
tgty Age yyy Qyyly ists , 


* See footnote 2 


*H. Brandt, Math, Annalen, vol, 91C1924), pp. 808 309 
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ist; , etc., being obtained by permuting subscripts cyclically. Multiplication by 
scalars (in §) is defined in the obvious way, addition by adding corresponding 
coérdinates. Addition is commutative and associative, and scalar factors can 
be taken in and out of products. Multiplication is distributive over addition. 
In general, ut = v is given by the formulas (which are essentially those of 
Hermite) :* 


3 
vo = Ug lo ~—_ p ® Aas Uals, 
b= 


a 1 


(10) 


3 
Uta + Ualo + + Ws 4ga (a = 1, 2, 3), 
s=1 


WwW = Ugts - Ugle, uve = U3ty — Uz ls, w3 = Uy; le = Ugh. 
Seeing that multiplication is associative reduces to verifying 
(11) (tata ty = ta(tgty) 


for all choices of subscripts 1, 2,3. Forming the products by means of (9), we 
readily find 


(tata)ts = ta(tats) = —Aaals , 

talisis) = (iats)is = —Aggta, 

(12) (iaig)ia = taligia) = —2Aasta + Aaats , 
(iyie)tg = ty(tot3) = —A — Aogti + Asie — Ass, 
(igt1)?23 = to(ty3) = A + Asgeti — Arsig — Aaits, 


tes; , etc., being obtained by cyclic permutation. Here A = | dag |. 
We define conjugates by 


(13) int — th «dh — 

so that by (9), isi2 = i273 , and readily obtain 

(14) t= t= t + D> Aastals, 

which we call the norm of t, or Nt. Since igis = (—is)(—ia) = igia, and 


i+ u = i+ w, we see that the conjugate of (uo + Douata)(to + >. tsis) is 
(to — >> teis)(uo — ie Uala), that is, 


(15) t = ti. 
Hence from v = ut follows d = ta, whence vd = utta, or 
(16) Nv = Nu-Nt. 


This is Hermite’s identity. 


6 See footnote 2. - 
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4. In case the as are rational integers we define an integral quaternion by (8) 
with rational integral t;. By (9) the sum and product of integral quaternions 
are integral. If » = ut in integral quaternions, we call ¢ a right-divisor of v. 
Then by (16), Nt! Nv. 

If t is a right-divisor of v, ? is a left-divisor of 3. If t, = te = ts = 0 so that ¢ 
is a rational integer, ¢ is a right-divisor of v if and only if ¢ | »; (¢ = 0, 1, 2, 3), and 
we can write ¢ | v. 

For a given v such that p “ v but p | Nv, how many right-divisors of norm p 
does v possess? From 


(17) v = ut, Nt = p 


follows vt = up, vt = 0 (mod p), or (ef. (10)) the system of homogeneous, linear 
congruences in to , t; , te , t: with the matrix W obtained from 


0 > Ajava } Azava p A3a Va 
Vy «3, V2 — A103 Ay V3 — Ag, A210; — Ay) V2 


Vo A32V2 — A2203 A203 — A32V; ze; — Aj2V2 








V3 33V2 — G23V3 4303 — 330, a3, — Ay3V2 _| 


by adding v, —%», —v, —vo to the elements of the principal diagonal. In 
general if p | Nv, W is of rank 3, (mod p). If p | v, W becomes V and the crux 
of our method lies in 

Lemma 1. If p|m,p|Nv = >> Aasvavs, and p * Av, then two and at most 
two rows in V are linearly independent (mod p). 

To show that two rows are independent, it suffices since p / v to show that 
one of >> Agata is prime to p; if this were not so, p would divide 


»» agy . is Agata = Av, (y al 1, 2, 3), 


contrary to hypothesis. For the rest, it suffices to show that every three columns 
are linearly dependent. For the second, third, and fourth columns we use the 
multipliers v; , v2, , and vs , and adding obtain (Nv, 0,0,0). For the second, third, 
and first columns we multiply by > Asata, — > Areva, and Avs, and on adding 
obtain (0, ag:Nv, as2.Nv, ag3Nv). If these multipliers are all 0 (mod p), a glance at 
V shows that the second and third columns are proportional. 

Corouuary 1. With the hypotheses of Lemma 1, tf of the conditions 


(dS Aravalti + --- = 0, vo + (asv2 — dats) + --- = 0, 
Volo + (Gs2v2 — Aeevs)t; + --- = 0, v3lo + --- = 0, (mod p), 


the first is satisfied together with the a-th one of the others, where p 4 vq, then all 
four conditions are satisfied. Further, for all such t; , 


(19) Pp | Nt = ti + > Aastats . 


(18) 
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To secure (19) we need only observe that pvt, p | vit, p | v(Nt), p | Nt. 

Conversely, any solution ¢ of (18) satisfying Nt = p is a right-divisor of v. 
For, vt = pu, vit = put, v = ut. 

For definiteness. we can suppose that >> A;.v. is prime to p, and solve (18) 
in the form 


(20) to = at, + bts, t; = ct, + dt; , (mod p), 
where a, b, c, d are certain integers. Then (18) is equivalent to 
to = pXo + aX2 + DX;, te = X2, 


(21) 
t; = pX, a cXe aa dX;3, ts = X3, 


in integers X;. Substituting these expressions in t} + >> Aastats = p, we get 


3 
(22) > rig XX; = p. 
i,7=0 
By (19), p >> rx;X;X; for all integers X;, whence p divides every r;;; set 
r;; = psi;. Thus (22) reduces to the equation 


(23) >> 3j;XiX; = 1. 


The number of divisors equals the number of solutions of (23). 

Let P denote the matrix of transformation (21), which has determinant p’; 
let g, s denote the matrices of the forms Q = & + > Acstats, S = >> 8:;X5X;. 
That the determinants of g and s are equal follows from 


(24) ps = P’qP. 


We shall see that the orders of Q and S coincide. Since the index is unaltered 
by the real transformation (21), this will follow if we show for k = 1, 2, and 3 
that the g.c.d. of the principal minor determinants and the doubles of the non- 
principal minor determinants of order k is the same for q and s.”_ Let « denote a 
subsequence of k elements of (1234); for any matrix RP let R{o,02] denote the 
minor determinant whose rows have the positions indicated by o,, and the 
columns those of ¢,. Then by (24) and a simple determinantai theorem, 


(25) p‘ sloro2] = 2, gloo’|Ploa| Plo’os), 


where the summation ranges over the (*C,)’ pairs ¢, 0’. Since p 4 A, p cannot 
divide every g{eo’|; if o; = o2, the terms with q[eo’] and q[o’o] are equal; hence 
the g.c.d. of the q[aa| and 2q[e0’| divides every s{oo] and 2s[ao’]. The converse 
follows on solving (24) for q in terms of s. 

In terms of the order invariants’ recently introduced by the writer, let the 
divisor and o-invariants of the ternary form f = > dep Lap be d,, o,, and 02. 
Since the ag, are assumed integral, d; is even if o, is odd. The order invariants 


7G. Pall, Quart. Jour, of Math., vol. 611935), pp. 30 51, Theorem 2 


* Same asx footnote 7, Theorem | 
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of the primitive form Q, and therefore of S, are found to be (0,d;, 02, 0). De- 
note the primitive concomitants by Q, = Q, Q:, Q;. The genus of Q is char- 
acterized by the values of the principal characters (Q, | w:) for the odd primes w, 
dividing 0,4}, 02, 0,, respectively, and possibly certain supplementary char- 
acters (—1\Qx), (2|Qx), or (—2/Q,).° It is evident that if (Qs\w) is a character the 
same is true of (Q:\w). It is not difficult to verify also, by using a canonical 
form 


2 2 2 2 2 2 A 
Pimixi + 2 mex + 2*msxz or 2” maxi + 2°(maz + m’xexrs + nzx3) (mod 2°) 


for f, that if any of (—1\Qs), (2\Qs), or (—2)\Q3) is a character, the same is true 
of Q,. It should be observed that the simultaneous characters need not be 
considered here, since for forms in less than five variables their values are fixed 
by those of the others." Further, since Q represents 1, the value of any char- 
acter due to Q; is +1. 

Finally, it is evident from the process by which S was derived (or from (25)) 
that if S, represents n, then Q; represents p‘n. Hence the characters due to S» 
and Qe: are equal, while the values of those of S,; (or S;) are obtained from those 
of Q; (or Q;) by multiplying by the quadratic character of p. The form S will 
therefore not represent 1 unless for each character (Q;\w), (—1.Q:), (2,Q:), and 
(—2|Q,) which may happen to be an invariant of Q, the value obtained on sub- 
stituting p for Q; is +1. When this holds, we may say that p is consistent with 
the genus of Q. 

Integral quaternions of norm 1 are called units. Their number, possibly 
infinite, is equal to the number p of solutions of 


(25’) t+ > Aastats = 1. 


If 6 denotes an arbitrary unit, the p quaternions 6t are called left-associates. 
If t is a right-divisor of v, the left-associates 6¢ form p right-divisors of the same 
norm. We have now proved the following theorem in the case p | v , and shall 
remove this restriction in §5: 

TuHroreM 1. Let (das) be a symmetric matrix of order 3, the das integers, 
(Aas) the adjoint. Set Q = t + ¥> Aastats. Let p be an odd prime not dividing 
| das |, v an integral quaternion of the type defined in §3 and the beginning of §4, 
p|Nov, p { v. Then v has no right-divisors of norm p unless p is consistent with 
the genus of Q, and then the number of right-divisors is equal to the number of 
representations of 1 in a certain form of the same genus as Q. If this genus contains 
but one class, there are exactly p right-divisors of norm p, these forming a class of 
left-associates. 

Coroutuary. The last sentence of the theorem holds with p replaced by m, 
where m is a product of primes cach consistent with the genus of Q, and 


(26) m is prime lo 2A, m | Nv, and m, vo , 01 , U2 , Us are Coprime. 
°H. JL S. Smith, Coll. Math. Papers, 1, pp. 513-514, 


'® Same as footnote 7, Lemma 3 
"HL. J. 8S. Smith, loc. cit., p. 515 (relation (A)) 
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We prove this by induction assuming the theorem as stated. Assume the 
corollary to be true for products m of h or fewer primes consistent with the genus 
of Q and dividing neither 2A nor v. Let p be such a prime. 

Existence. From v = ut, Nt = m, pm | Nv = NuMt, follow p| Nu, u = wz, 
where Nz = p,v = w(at), N(xt) = pm. 

Uniqueness. If v = ux = wy, Nx = Ny = pm, then x = at and y = bt’, 
where Nt = Nt’ = m, t and @’ are left-associates since they are both right- 
divisors of v; by absorbing the unit factor on the left we can make t = ¢’; thus 
ua = wh, where a and b are both of norm p and hence are left-associates. 
Consequently, x = at and y = bt are left-associates. 

There are no characters (Q;'w), (—1/Q;), (2\Q:), (—2!Q,) if and only if 


d, = 1, 1 = 4o0r 8, 16 x 02; Or 
(27) d, = 4, 16 | 0, (—1\f2) = —lj;or 
d, = 2, j= i 


II 
— 
S 
s 

| 


fz, denoting the reciprocal of f = )caastars. In these cases then, if there is but 
one class in the genus of Q, there will be exactly p right-divisors of norm m, for any 
positive m satisfying (26). An attempt to extend the theorem to such an m in 
any case seems to fail because of the difficulty of securing that some minor 
determinant of order 2 in V is prime to m. 

We may note that if m were negative we would have —1 at the right of the 
equation corresponding to (23), since we would divide by |m| to keep the 
index unaltered. It may be worth while observing also that the chain of 
leading principal minor determinants in the matrix of (23) is p, Aup’, pass A, 
A’; which are independent of v. 


5. The problem is reduced to the case p | vo by two lemmas: 

Lemma 2. If v and w are integral quaternions, and m an integer prime to Nw, 
then v and wv have the same right-divisors of norm m. 

For if v = ut, wo = (wu)t. Conversely, if wy = ut, and Nt = m is prime to 
Nw = k, then kv = (®u)t, kuot = Dum, 


vt = Wu(m/k) = integral quaternion. 


Hence the coérdinates of Hu are each divisible by k, v = (Wu/k)t. 

Lemma 3. Let p be an odd prime not dividing A, nor all of v; , v2, v3. Then we 
can find a pure quaternion w such that Nw is prime to p but the real part of wv is 
divistble by p. 

It is clear that the condition on v, , ve , v3 is satisfied if p| Nv, p 4 v. Tam 
indebted to R. BE. O’Connor for the following simple proof of this lemma. The 
problem is to find integers w, , wz , w; to satisfy 


(> Ajgvs)uy + (> Axg0g)W2 + (> Agsv3)w3 = 0, 


(28) 
DA asWars F 9, (mod p). 
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Using matrix notation, we can write these in the form 
(28’) w’Av = 0, w’Aw # 0, (mod p), 


where A is a symmetric matrix of order 3 with integer elements, of determinant 
prime to p, v and w are vertical vectors and the prime denotes transposition. 
By a sequence of elementary transformations we can find a matrix C of integer 
elements, non-singular (mod p), such that C’AC = B (mod p), where B is a 
diagonal matrix, no diagonal element being zero (mod p). Then (28’) becomes 


(29) x’Bu = 0, x’Br # 0, (mod p), 
where u = Cv and z = C'‘w (mod p). Hence we have only to solve 
(30) ayuy 2) + Geer. + a3u3z3 = 0, ar; + aexe + 4323 = 0, (mod p), 


where the a, are prime to p, and at least one u, is prime to p since p / (0; , v2 , 0s). 
By symmetry we can suppose p 4 u,, and solve for x, from (30) in the form 


x, = dzr2 + ez; (mod p). 
Substituting this in a,2] + a2z3 + a;23, we get 
(a2 + aid’)xs + 2dexex3 + (a3 + ae’)z5, 


which has a coefficient prime to p, the first if d = 0, the third if e = 0, the second 
ifde #0. This completes the proof of Theorem 1. 

6. We shall give a few special cases, making use of Charve’s table” of positive 
quaternary quadratic forms of determinant S 20. Instances of our theory 
will undoubtedly be far more numerous among indefinite forms, where one class 
in the genus is the rule rather than the exception; and among forms in which 
some cross-product coefficients are odd, which may be attained by extending 
our results through Brandt’s generalization of Hermite’s identity. 

Starting with the matrix (a,3) of the ternary quadratic form (2, 2, 2, 1, 1, 1) 
of determinant 4, we have Q = G + 36 + 36 + 36 — Mele — Mh, — Me, and 
find for the adjoint, 


4Q® = 4(4x5 + Qxi + 2x3 + 2x5 + Qroxy + 2rgx, + 2172). 


Since Q” is improperly primitive, and there is only one such form of determinant 
16 in Charve’s table, it belongs to a genus (and order) of one class. The same is 
therefore true of Q. Since no generic characters are due to Q and Q™ (Q” 
however represents only (Sn + 3)’s), S is equivalent to Q. Since Q represents 1 
for two values &) , --- , 4s, quaternions v with the multiplication table 


2 2 2 - ae a: ° -——- 
YH h=i3h = —3, tots = 1 + 2 + te + ts = tgte, ete. 


" Charve, Comptes Rendus, vol. 96(1883), pp. 773-775 
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have exactly two right-divisors (¢ and —?) of odd norm m, where m (>0) is 
assumed to divide Nv but to have no prime factor dividing all of vo , 0; , v2 , v3 

Similarly we find that p (the number of right-divisors) is 2, if m is prime to 
2A, for the quaternions arising from 2z} — 2x,22 + 2x23 + «3 (having A = 3), or 
from 22; + 223 + 23 (having A = 4). But p = 4 if mis prime to 2d (and the 
divisors are +t and +7,t) in the cases of Ax] + 23 + 23 (A = 2 or 3), for which the 
multiplication table is 


2 ° ° — 
41 = —1, lg = 173 = —A, lo = 3 = —t2h, 


(31) ry B Lt - 
131) = lg = —23, lot3 = Aly = —232e. 
For ordinary quaternions (A = 1), p = 8 as stated in the introduction. 
If there is more than one class in the genus, as for \ = 5, when there are at 
least the two classes represented by 


2 2 » 2 2 2 2 2 2 
Xo + 2 + Sze + 523, 279 — 220%, + 3x; + 2x2 — 2rexz3 + 323, 


we may replace the requirement Nt = p, in connection with (22), by Nt = 2p 
(or hp) and deduce that 2v has right-divisors of norm 2p (or a like theorem). 

We mention one type of application. The general solution of hm? = }* A asvavs 
may be obtained by observing that the pure quaternion v = 7,0; + tov. + 1303 
has its left-divisors the conjugates of its right-divisors, whence v = twt, where w 
is pure and of norm h, and Nt = m. For a given h all solutions w of Nw = h 
can be written down. 


7. B. W. Jones and G. Pall” have used the results for \ = 1, 2, and 3 above in 
proving certain “automorphisms” among the representations of numbers 8n + 1 
or 24n + lin Ax? + 23 + 23. E. Rosenthall and C. Solin employ these results 
in McGill University theses together with that for f = Qri — Qayx2 + 2x2 + 23 to 
obtain an arithmetical proof of Glaisher’s™ result for 4(4n + 1) = 227 + 23 + 23, 
and of new automorphisms for 24n + 1 = f, 24n + 1 = 32, + 323 + 23, and 
2(24n +1) = Sri + 23 + ai. 


McGitui UNIverRsiTyY. 


1° B. W. Jones and G. Pall, to appear in Acta Mathematica. 
4 J. W. L. Glaisher, Quart. Jour. Math., vol. 20(1884), p. 84. 














CERTAIN DIFFERENTIAL EQUATIONS FOR TCHEBYCHEFF 
POLYNOMIALS 


By H. L. Kray 


1. Introduction. The classical orthogonal polynomials of Jacobi, Laguerre, 
and Hermite satisfy a differential equation of the form 


(legx® + lex + loo)yn(x) + (lux + ho)yn(x) + looyn(x) = Anyn(2), 


where the {1;;} are constants and A, is a parameter. By repeated iterations 
of this equation one can obtain other differential equations of higher order 
which have these orthogonal polynomials as solutions. For example, the 
Legendre polynomials satisfy 


(z* — Lyn(z) + 2xyn(z) = n(n + Vyale), 
(a — 1)*yn'(x) + Sx(x* — Iyn'(x) + (142° — 6)yn(z) + 4rya(z) 
= n'(n a 1)*y,(z). 


However, all the iterates have a special form, namely, the coefficient of the r-th 
derivative is a polynomial of degree S r. 

In this paper we shall look for polynomial solutions, in particular, for orthog- 
onal polynomial solutions, of the general differential equation of this type: 


(1) L(y) = > ( ly’) Yn (2) = AnYal2), 
i=0 )=0 
where 
An = lo + nly + n(n — Ilo + --- 
We also consider an extended definition of orthogonal polynomials which we 
call a Tehebycheff set. 
DEFINITION. (riven a set of real or complex constants |c,} such that 


co 1 C2 see) (Cut 
C1 C2 C3 o*s Cr 
(2) a TOT va wkacaecaeabesannnek = 0 (n = 1,2, ---), 
Cn-1 Cn Cry CQn-2 


Received May 21, 1938. The author takes this opportunity to thank Professor |. M 
Sheffer for his many suggestions. 

' It is obvious that there would be no loss of generality in assuming that loo = 0, for this 
term can be absorbed in the A, 
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the polynomials 


Co C1 C2 Cn 
Ci C2 C3 Cn+1 
(8) Wa iceeeeeeeee 2 Y0l@) = C0, (mn = 1,2, +++) 
Cn-1 Cn Cn+i Con-1 
1 zs = x" 


form a Tchebychceff set. 

The condition A,,, # 0 assures us that the degree of y,(z) is exactly n. This 
definition becomes the usual definition of orthogonal polynomials if a weight 
function ¥(z) and an interval (a, b) exist such that 


b 
Cc. = I x” dy(z) (n = 0,1,---). 


However, the existence of a function ¥(z) is not implied here. 
Our purpose is to find conditions on the coefficients {l;;} in order that the 
differential equation (1) will have a Tchebycheff set of polynomials as solutions. 


2. Formal relations; the function D,(¢). We use the symbol L(t, x) for the 
power series 





Lit, z)= pF L,(z)t", 


n=0 
Ln(z) = Ino + bart + Inge + +++ + Land” (li: =0O if n>vr). 


Rearranging this series to give a power series in z, we obtain 
Lit, z) = De @n(t)z", alt) = Inn bl” + Ungar” $ ++. 
n=0 
This gives a second operator &: 


L 
W(ult)) = >> (w(t). 
7=0 
There exists’ a unique (except for constant multipliers) set of functions 
[D,(t)} (n = 0,1, --- ) such that 


¥(D, (t)) An Dall) 


or 


(4) Dd Dd kit’ Di) = ».D, (0), 


1-0 j~0 


where Z,(t) is a formal power series having no powers of t of degree less than n. 


*J. M. Sheffer, On the properties of polynomials satisfying a linear differential equation, 
Part |, Transactions of the American Mathematical Society, vol. 35(1933), pp. 184-214 








eC 
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Using a result of Sheffer’s, we can obtain the relation’ 


(5) D,(t) = —p> Ai, K"(0), 


where 

ee a’K ~¢ 

KO®=L—°; KOs seo, 

(6) OS mao m! © di? ~~ »—0 m! 
and 

fo 1 Ci-1 Ci+1 Cn 

C1 C2 = Ci Ci42 nee Cn+1 
(7) Ani ote TTrerreereretrit rer rT. DRE he ee ’ 

Cn-1 Cn Cn+i-2 Cnsi Con-1 

Ao = 1, (n = 1, 2, -¢=0,1, ,n—1) 


ah . ° 4 
lo prove relation (5) we use Sheffer’s relation 


*~ > yn(x)D,(t) am > D,(t) > Az” ~ “> 2 Dal Anm 


n=0 Ann An+i.n+1 - n=0 Aan Ansa, n+1 m=0 m=0 mam BoMasas ory 





Equating powers of x, we have 





i rari 


Then 


l i 2° 
De Min me Be Bp De SUH we YY YE Seepien de HO 
p= p= Pv ! = 


m=0 nm Ann Ans, n+l 


= > Dd.) > > Cm+p dip Anm - 


n=O Aan Aa+t. antl p=0 m=O 


But A,, is the cofactor of c,,; in the last row of A,41,.41 ; consequently, 


n 0, p<n, 
+B Cmip Aum =. 
m=O (Anss.n+3, p=n. 


3 If l,, # 0, the formal series, used here, all converge (see Sheffer). If /., = 0, the series, 
even though they may be formal, may be used, since we equate powers of ¢ or 7 and only a 


finite number of terms are necessary to determine the coefficient of any power of ¢ or x 
wo 


For example, the relation e ~ : Ual2)Da(OATIA, Saya States that the coefficients of xt? 
m=0 
are equal, Only j terms are necessary to find the coetlicient on the right side while the co 
eflicient on the left side is zero ifs #@ jand (i!) 'ift = 7. We use > to denote the equality 
of two formal series, 
*The D,(¢) used here is a multiple of the D,(¢) used by Sheffer. In fact, here D.(f) = 
Ansiauil™ + «++ , while in Sheffer’s paper D,(/) = ( 4 
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Thus 
: Ajp > Cm+pAnm = 0, n>4J, 
° _ 
7 n 
pS a, Cm+pAjpAnm = ‘ 
p=0 m=0 oe os Anm y Cm+pAip = 0, j>n, 
Ajj Ajs1541, n = j. 





And finally 
j 
Le AipK(t) = Dit). 
p=0 
Substituting the relation for D,(t) in (5) into (4), we get 


> = lit AuK't4(t) =. DO An K'(0). 


i=0 j=0 l=0 


Using the expansion for K”(t), we get 


> > > > ee > y aeee 


=r 
t=0 j= l=0 m=0 . i=0 m=0 
If we replace m by m — i, this becomes 
rT ' n aL ( 
m—i+l+ a € ty 
ee ee Lig Ansl” & Ys > — 
i=0 j=0 =O m=i (M—1)! l=0 m=0 ! 


Equating the coefficients of ¢” and agreeing to drop terms containing negative 


factorials, we have 


a Mb owe a 


t=O j7=0 lO _ i=0 


Letj = 1 — u, then 


lou ¢ a 
pp ay ee ms =o. 2 Au = 
6 um [=O (m--1)! l=0 m: 
Multiply both sides by m! and use the notation 
(0) | 


(5) x(x l)--- (2 —n+ 1); 


We have, assuming (as we may) that ly = 0, 


(Y) B,(m) = An >» + m' I ae ee A, = AniCmyt = 0. 
(=6 i~l u=-@ 


1-6 
The first relation L4(m) 0 is sufficient to determine the fe, in terms of ¢9 , 
hence the other recurrence relations are extra conditions on the {lj}. These 
conditions L£,(m) = 0, together with O,, 7 O(n = 0,1, --- ), are necessary and 
eufficient for the existence of a Tchebycheff set satisfying the differential equa- 
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tion. To prove the sufficiency we assume (i) B,(m) = 0, (ii) Ann + 0 (n 


0, 1, --- ) and proceed as follows. 


Set 





+ Qnii(d), 


e ie > Anm Dn (t) 
n! - n=m Ann Anti, n+l 


where 


Then 


i 


Qmsi(t) = > 


Um+1,m+k 


D,(0) = p> Aj, K?(t) = p> Aip z Cm+p - 


= . Aip : cat Aon Ds Ann Dall) + Qantd, 


m= (n=m Bas hettnt An+1, n+l 


D,() 


a 


D 
ee 





2 


> Riciiiclien 


n=O Bion Aas, n+1 p=0 m=O 


Aan Da(t) 
= ¥ ay ¥ core — 


m= 


These two relations give us 


> Aip > Cm4 


m= 


We get for 


0 : Aw >. Cm Qmsi(t) 


rQ m+ i(t) = 0, 


j= = 0, 
m=O 
j =1: > Qmar(l) | Cm Aro + Capi Au} = 
m=O 
j =: 


m=O 


In general, since A,, = 0, 


2s Qmii(Demss = 0, 


m=O 


= > > Cm4a > Cuiasat 


n=m Bunlies L.n+ "§ 


= Au m Qmail(Oemsa 2 0, 


m=O 


m=O 


~> Cues x Qa eh ky y ah 


n= 


709 


2: > Qin i(h) | Cm Moo A Cm41 Aer + mye Ace} SS Ase p & Qnist(Denss = 0 
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Thus, 


k 
p> Qm4i,k+iCm+e = 0. 
Since A,, * 0, we have for 
k = 0,8 = 0: queo = 0, qu = 0; 
k = 1,8 = 0: qioco + Gaoei = 0; 
k = 1,8 = 1 : qi: + qooce = 0, Giz = Gee = O. 
It follows at once that Q,..:(t) = 0, and then 


” St AnmDn(t) 
m! — zz Sg ei n+l 
YHOO 





== Dn ae > Aan 2” 

n=0 Ann Ans+i.n41 n=0 Beles 1n+1 m=0 
~ > 2" > D, (()Anm . zt" Pw Pad 
wie? m=0 n=m Pag aR n+l a m=0 m! ii : 


Since B,(m) = 0, the function D,(t) must satisfy (4). Sheffer has shown that 
te) = L(e*). Accordingly, 


= L(y,(x))D,(t) , P yn(x)&(Dn(t)) 
~ ae (e*) ~ &(e*) aw 
> Ann An+i.n+1 . ) = : ‘ ) a x! Ann An+1. n+l 


5+ An Yn(t)Dn(t) 


aa 0 Bisiiecioss ° 
Equating the coefficients of D,(t), we get finally 
L(y,(z)) = AnYn(2). 


If we find a set of {c,} and {l;;} which satisfy B,(m) = O and A,, # 0, we can 
immediately write out the differential equation and the solutions {y,(zx)}. 
The classical polynomials furnish us with examples of equations of any even 
order; however, the question of the existence of equations whose solutions form 
a non-classical Tchebycheff set is more difficult. In order to answer this ques- 
tion we proceed to replace (9) by equivalent recurrence relations which are 
much simpler. 


3. Some lemmas. We shal! use the following well known formulas: 
Alu(m)-v(m)| = ulm + 1)jo(m + 1) u(m)v(m) 


u(m + 1)Av(m) + v(m)Au(m), 
A(m + a)” k(m + a)", 
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Lemma 1. 


° i-l ; — — 
m” ” y = (m nae 1) p (-0'(? : Yim +1—2k— 1) MD 1, 
k=0 
Proof. We consider the right side, R, 


= 


i—l . 
AnR = (m+1—2) > (-1)' y k ') {(m + 1 — 2k)°-*-” km* 1 
k=0 


+ (2i — 2k — 1)(m +1 — 2k — 1)? m1} 


k=0 


= k 27 ~— k —_ 1 2i—2k—-1) k) 7(k) 
+ > (—}) ( k ) om +1 = 2k - re ae 
= 2i-k-1 , ,; 
A, AnR = (m — I) : (-»'( ke a +l — + 1) Pa 
k=O 
+ (25 — 2k — 1)(m + 1 — 2) km 
+ (95 — 2% — 1)(m + 1 — BO a 
+ (21 — 2k — 2)(2i — Bk — 1)(m + 1 — Be — 1)? am 1} 


i—1 . a" en ; 
+) (-1)' (° . ') {—(m +1 — 2k)? km? 1" 


to k 
— (2i — 2k — 1)(m+1— 2k — 1) mm | 
+ (m +1 — 2k) erm hI" 
+ (2i — 2k — 1)(m + 1 — 2k — 1)? m1}, 


These eight terms can be simplified as follows. The sixth and eighth terms 
cancel. The second and third terms give 


(2i — 2k — 1)(m + 1 — 2k) * km“ 1m + 1 — 2k + 2) 
a k(2i — 2k — 1)(me + 1 — DE + 1) a" 
+ k(2i — 2k — 1)(m +1 — 2k) mE PIE”, 
The fifth and seventh terms give 
k(m + 1 — 2k) ts 1°? — m*” 1} 
= (oe — k(n 4-1 — 2) I” 
= (m — km“? 1? {(m + 1 — 2k + 1)” 


— (2i — 2k — 1)(m +1 — 2k) }. 
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Thus, since two more terms cancel, 
> 2—-k—-1 
A:dnR = (m— 1) U (-»*( k ) 
k=0 


{(m + l a 2k + yore m?? 12 (i? + k(2i _ 2k es 1) + k) 
+ (2i — 2k — 1)(2i — 2k — 2)(m +1 — 2k — 1) * m™ 1} 


i—l . 
=(m-l) > (-o1(? ? ') 
k=0 
{k(2i — k)(m + 1 — 2k + 1) me 1") 
i—l a 
+(m—0 % (-o'(™ : ') 

k=0 

{(2i — 2k — 1)(2i — 2k — 2)(m +1 — 2k — 1) ** m™ 1}, 


If we replace k by k + 1 in the first summation, we get the negative of the 
second. Accordingly, A,A,R = 0. Since R is a polynomial in m and I, it 
must be of the form 


R = f(m) — g(l). 


20) 


Setting m = 0 we have g(l) = 1” 
proves the lemma. 
LEMMA 2. 


; setting 1 = 0 we have f(m) = m™. This 


i—l . 
mA) — [FY 2 (m — 1) Dd (oi? “ Vim +1— 2k — 1) *? m1, 
k=0 
We omit the proof of this lemma, for it is almost identical with the proof of 
Lemma 1. 
Lema 3. 


n—l ee 

m”’ —(m — Ll) >» (—1)* (' 4 ') (m+1— 2k — 1) ay 
k=0 

(° when 1=0,1,---,n —1, 


(—prat(' : oe tm ™, when l=n, 


n 


wheret > 2n > 0. 
Proof. If 7is even, replace ¢ by 27 and the left side becomes 


k= k 


n—l ae eae 
L =m — (m — 1) b (—1)* ? . cm +1—2% —1)%* a” 


il € —_ om ’ o 
= | + (m — l) >. (—a) (7 : ') (m+ — 2b —1)*™ eat. 
k=n 
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Since /“’ = 0 when! = 0,1, --- ,k — 1, we have L = 0 when! = 0,1,--- , 
n—1. Whenl = n, we have 


L = (m — n)(—1)" ¥ any le ') (m + 2 — 2n — 1) a 
= (—'nt(? Gace ') allied 
n 
If 7 is odd, replace zi by 27 — 1, and we get 


‘ n—l ——. Fe = ™ 
L = m*” — (m -— DI) D (-1)' * : *) (m +1 — 2k — 1)? m® 1 
k=0 


_ (21-1) > .(2—-k-—2 % (2i—-2k—2) (ik) p(k) 
= | + (m—1) > (-1) k (m +1 — 2k — 1) mel’, 
k=n 


As before, L = 0 when/ = 0,1, --- ,m — 1, and whenl = n, 


Lain m=? a ‘ si ‘ (m + n — 2n — 1)%-? yg | 


on (nt (? eat *) “, 


n 


4. Fundamental recurrence relations. Let 


(10) S,(m) 


a (' in ') (m — 2n — 1)°°" Is i_-uem—u, When 2n +1 


= {t—2n+1 u=0 


0, when 2n + 1 





IA 
~ 


V 


Then (see (9)), we have 
Lemma 4. 


n n—l 
B,(m) — & An(m — Dd (—1)* m1 Si(m + I 
1=0 k=0 
(11) ay 
= (—1)"n!A,,m"*" S,(m + n) + > K(n, Dems: 
i=0 


where 


n—l ltu 


K(n, 1) => : ae ae + u)" ks u + 7 da(l” —_ n les. 
uml t=—u tl 
The particular form of A(n, J) is unimportant for our purpose. However, 
it is important that A(n, 1) does not depend on m and that the last summation 
on the right of (11) extends from 1] = Otol = n | 
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Proof. First assume 2n + 1 <r. Then let 
n—l n—1l r 2n—1 2n i 
Q= DL (-1)'m™ 1’ Sim + I) = > ( > +2’ + aE Ho}), 
k=0 k=0 \i=2n+1 t=2k+1 t=2k+2 \u=0 
where 


H(i) = (—1)* (’ si : = ') m” ®(m we ) tein ie ee 


and >.’ denotes summation through odd (or even) values of i. 





n—l r n—1 n—1 21+1 n—1 n—1 21+2 
Q@=2 2 > Hl) + LUD Aa+)+ LD YD DY Ai + 2) 
k=0 i=2n+1 u=0 k=0 i=k u=0 k=0 i=k u=0 
r m—-1 « 2+1 n—1 i 25+2 
->> > Hi) + LLL AMA+Y)+ LY L A+ 2, 
i=2n+1 u=0 k=0 =0 k=0 u=0 i=0 k=O u~0 
(12) Q= 2 > Da + »» =D we-»+ > > Y Ae. 


Also from (9) 


B,(m) = me Ant ( > Pe wy a \(z mis-vemsts) 


t=2n+1 i=1 t—2 u=0 


— » Ant e n "Vis Cm 
i=l 
7 * (a) . 
If we set F(t) = m1; i-u€m+i-u, this becomes 


B,(m) = > ; a . > ra+>d. } F(2i — 1) 


t=2n+1 u=0 i=l u- 


(13) 
+ ~ : F(2i) = > bacm | 


t-1 u=O 


If we use (12) and (13), the left side, L, of (11) becomes 


=) uO 


L= Xda YL {Kw — m0 E mea} 


n 2 i-—l 
wp > Spa, -~1)—(m-) Dd Ma — v} 
k=O 


t~l -O 


+ > fy (21) > (2) } - - n'taemst | 


u=O k=O 

















DIFFERENTIAL EQUATIONS FOR TCHEBYCHEFF POLYNOMIALS 715 
Lemmas 3, 2 and 1 apply to the terms in braces; hence, 
r i ° 
L = Aan . ys (-p'nt( piles ') ” i? Pe 
t=2n+1 u=0 nm 
n n 2i—1 
+ ps au 3 pi ‘elite ee oe 
i=0 i=l u=0 
n 2% n 
+ > p> aad Sa, — 2 nhacas | 
i=1 u= i= 


(—1)"Annn! m"*?S,(m + n) 


n 2n i n 
+ > i Ant [> - _ ant p ™ ncaa | 


1=0 i=l u=0 i=1 
We separate the term for which u = 0, use the fact that " = 0 wheni > J, 
and get 
L = (—1)"Annn! m"*)S,(m + n) + > > > ball; un Omg ime 


l=1 i—1 u=1 


+ > Ant > a = 2 Vs Cats 


i=l 
Since u S 7 S 1, the first sum contains no c, whose subscript is less than m; 


also the greatest subscript in this sum is m + n — 1. In the second sum, the 
coefficient of c,.,, is zero, so rearranging the terms we have 


n-—l 
L = (—1)"Annn!m"*” S,(m + n) + . K(n, Demet. 
1=0 


To obtain the exact form of K(n, 1), rearrange the second term as follows: 


n l i n " I 
2. > De Anal Uist = PO : - Bal” Issn Cmstew- 


uml jeu i—wu 


Replace | by 1 + u; this becomes 


n—u l+u —i I+wu 


> } 2, datsell + u) I Us <u Cm4t = > > ; An. teull + u)“ Cm+t 


uml l= imu i-0 uel iu 


and 


n—l liu 


K(n,D = > Dd Ansell + whic e + Ant > | i . gp... 


unl imu 1 


Now assume 2n + 1 > r. We define]. = O for? > r, and the proof is the 


same as the above. It also follows from this definition that S,(m) 0 for 
2n+1>r. 
Tureorem |. Jf A,, ~ O(n = 0, 1, --- ), then, in order that 


(14) B,(m) 0 (myn = 0, 1,---), 
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it is necessary and sufficient that 
(15) S,(m) = 0 (n = 0,1, --- ;m = 2n + 1, 2n + 2, --- ). 


Proof. First assume (14). We shall prove (15) by induction. We have 
from (11) 


mS)(m) = > tm m°? I:i-uCm—» = Bo(m). 


i=1 u=0 


Hence So(m) = Oform = 1,2,---. Assume S,(m) = 0(k = 0,1, ---,n—1; 
m= 2k+1,2k+2,---). Wehave (from Lemma 4) 


n n—l 
—>> An(m — 1) & (-1)'m™ I S.(m + D 
io imo 


(16) a 
= (—1)"Anan!m** S,(m + n) + D> K(n, Dema- 

i=0 
Now (m — l)m“ I’ S.(m + 1) is zero if m < k because of the factor m“’; it is 
zero if | < k because of the factor 1’; it is zero if m = 1 = k because of the fac- 


tor m — l; it is zero if m + 1 > 2k because of the factor S,(m + 1). (16) re- 
duces to 


n—l 
(—1)"Anam"*” S,(m +n) + D K(n, Denys = 0. 
i=0 


Substitute m = 0, 1,---,n — 1 in this relation. The first term is zero be- 
cause of the factor m'"*”, and we get n equations in the n unknowns K(n, 1) 
(l= 0,1,---,n — 1). Since the determinant of the coefficients, A,,, , is not 
zero, all the K’s must be zero and 


S,(m +n) = 0 (m=n+1,n+4+2,--- 


S,(m) = 0 (m = 2n + 1, 2n + 2, --- 


Now assume (15). Then (11) becomes 


n—l 
B,(m) = } K(n, Yemst- 
l=0 


The function B,(m) can be written in the form 


B,(m) = > > mI; ; Ah > AniCmst J — Xn >, AatCn+t: 
l=-0 i—0 


i~l uO 


When m = 0, 1,---,n 1, the term in brackets is the summation of the 
elements of one row of Ay.;...; multiplied by the co-factors of another. Hence 


n-t 
> K(n, Dems: 0 (m = 0,1, --- 
J=—0 
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Since A,,, ~ 0, we have K(n, l) = 0, and 
B,(m) = 0 (m = 0,1, --- ). 


THEOREM 2. In order that there exist a Tchebycheff set \y,(x)}, satisfying the 
differential equation 


(17) > (lio + lax + lex’ +--+ + Lex')yS (x) = rAnyn(z), 


where rn = loo + nly + n(n — Ile + --- , it is necessary and sufficient that (i) 
the moments satisfy the recurrence relations 


S,(m) = , re (' sah: ') (m — 2n _— | latin) PO = 0 


i=2n+1 u=0 n 


(Qn +15 7r; m = 2n+ 1,2n4+2,---), 
and (ii) Ann = O(n = 0,1, --- ). 
This theorem follows at once from Theorem 1 and from the fact that | y,(2r)} 
satisfy (1) if and only if the conditions B,(m) = 0; A,, = 0 (n = 0,1, ---) 
are fulfilled. 


5. Application of Theorem 2. Let us first consider the case when r is odd. 
The recurrence relation with 2n + 1 = ris 
buwle + a a + ons + Liter = 0. 


If we multiply the first row of (3) by lo, the second row by |], , --- and add 
to the r-th row, we get a row of zeros. Accordingly, y,(7) = 0 when n > r. 

THEOREM 3. There is no differential equation of type (17) of odd order having 
a Tchebycheff set as solutions. 

However, if r is even, we do get something new, i.e., there are differential 
equations of even order with non-classical orthogonal polynomial solutions. 
If we look for a non-classical fourth-order differential equation with 0 = ¢ = 
C3 = --- , we find the example 
(x* — 1)’y'(x) + Sx(2* — Iyn'(x) + (4a + 12)(2* — Dyi(2) + Sarys(z) 

= n(n + 1)(n® +n+ 4a — 2)y,(z), 
where @ is an arbitrary parameter. The recurrence relations can be reduced to 
(m + 1)(m + @ — Dew (m — 1)(m + @ + Dew 2 = 0, 

(m + l)en — 2(m — l)em—2 + (m — 3)en—4 = 0. 
We find that 
‘ m = +1 
a 2n+1+a “s (1 n a ) Co ; Co [ 2 dy (2) 
(1 + a)(2m + 1) 2m+1/1+a l+aJua 


(co arbitrary, n 2 1), 
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where 
1 + a, when x = 1, 
¥(z) = ax, when —1 < z <1, 
—(1 + a), when xz = —1. 


As a particular case, take a = 1, then ¥(x) is monotonically increasing, and 
we know from the classical theory that A,, > 0. In this case we have 
(18) L(y) = (2® — 1)*yh(x) + 8a(x” — 1)yn'(x) + 16(2* — Lyi (x) + 8ryi(z) 
= n(n + 1)(n*> + n + 2)y,(z). 
It is easy to verify that the above weight function ¥(x) (with a = 1)° generates 
a Tchebycheff set which satisfies (18). To do this we notice that 


+1 
[ ful (u) — uL(v)} dy(xr) = {vL(u) — uL(v)}.--1 + {ol (u) — uL(v)} 01 
—1 


+ {(122* — 4)(uww’ — vu’)}*} = 0. 


Let {|P,(x)} be the Tchebycheff set generated by (x), and let G,_;(x) be an 
arbitrary polynomial of degree n — 1. Substitute u = P,(x),v = G,4(x) in 
the above relation. Since L(G,_;(z)) is also a polynomial of degree n — 1, we get 


+1 
0= {Gnr_-s(z)L(P,(z)) — Pr(x)L(G,_1(x))} dy(x) 
—} 


‘ [ Gala) L (Pal) dv(a). 


It follows that the n-th degree polynomial, L(P,(x)), must be a multiple of 
P,(2), i.e., 


L(P,(z)) = AnP.(z). 
PENNSYLVANIA STATE COLLEGE. 


* It is interesting to note that this ¥(z) is obtained from the ¥(z) for Legendre poly- 
nomials by adding 2 masses (= 1) atz = +1. 
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PROPERTIES OF INVARIANT SETS UNDER POINTWISE 
PERIODIC HOMEOMORPHISMS 


By D. W. Haut anp G. E. ScHWEIGERT 


A single-valued continuous transformation T(M) = M of a compact metric 
space onto itself is said to be pointwise periodic provided that for each point z 
in M there exists a positive integer n such that T"(r) = x. It follows directly 
from this definition that such a transformation is one-to-one and hence is a 
homeomorphism of M onto itself. W. L. Ayres has recently studied this type 
of homeomorphism together with other related types on locally connected 
continua.’ His generosity in discussing these results has interested the authors 
in this type of transformation and thus led to the present paper. 

In contrast with previous papers we require only that the space be compact 
and metric. 


1. Definitions and preliminary lemmas. Let M be a compact metric space 
and T7(M) = M a pointwise periodic homeomorphism. Let L (or Le) be any 
closed invariant subset of M, i.e., any closed subset of M such that T(L) = L. 
Denote by p(7’, x) the period of any point x in M under 7, i.e., the least positive 
integer n such that T(r) = x. Let ZL, consist of all those points x of L such 


‘that for any positive integer N and any neighborhood U of x there exists a 


point y (distinct from x) in U’ for which p(T, y) > N. In other words, L, 
consists of all points of L at which p(7’, x) has an unbounded limit superior. 
If Lg has been defined for all ordinals 8 less than a given ordinal a, we may 
define L as follows. In case a is an isolated number, let L. consist of all those 
points x of L.-. at which p(7’, x) has an unbounded limit superior (7 is con- 
sidered as being defined only on Les). If @ is a limit number, define L, = 


II Ls. Thus we have defined for every ordinal a a set L, . 
Bea 


LemMMA 1. For every a the set Lq is closed and invariant. 

Proof. The proof will be by transfinite induction. Assume the lemma true 
for all ordinals 8B < a. Then if a@ is a limit number, L, is closed, being the 
product of closed sets. It is also invariant, since if pe Lq then p ¢ Ls for all 
B <a Thus T(p) «Lg for all 8B < a@ since all these sets are invariant by 
hypothesis. Consequently, T(p) « L, so that this set is invariant. 

a 1 ; I 

On the other hand, if @ is an isolated number, then L,.-; exists. For any 

point p « La we may find a sequence of points {p;} in La. such that lim p; = p 


Received August 12, 1938. The first-mentioned author is a National Research Fellow 

'See Bulletin of the American Mathematical Society, vol. 44(1938), p. 329, abstract 
no. 172; Bulletin of the American Mathematical Society, vol. 43(1937), p. 20, abstract no. 3; 
and a forthcoming article in Fundamenta Mathematicae. 
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and p(T, pi) is monotone increasing with 7. By hypothesis La: is closed and 
invariant, so T(p;) ¢ La. for all i and lim T(p;) = T(p), some point of La. 
Now, since p(T, p:) = p(T, T(p;)) for all 7, it follows that this function is 
monotone increasing with 7. Thus 7(p) ¢« La by definition of this set. There- 
fore, L. is invariant. It is closed as an immediate result of its definition. It 
is evident that the initial step in the induction is possible. Consequently, 
Lemma 1 is established. 

Lemma 2. For every ordinal a for which La is non-vacuous, we have that 
La — Las 18 also non-vacuous. 

The proof is an immediate consequence of a result of Montgomery.” 

Lema 3. There exists an ordinal a of the first or second number class such 
that La = 0. Moreover, the smallest such ordinal is an isolated number. 

The proof is an immediate consequence of Lemma 2 and two well-known 
theorems for sets with countable bases, namely, the Baire-Hausdorff Theorem 
and the Durchschnittssatz of Cantor.° 


2. The principal theorems. 

Tueorem I.‘ If M is a compact metric space and T(M) = M a pointwise 
periodic transformation, then every closed invariant subset L of M is either vacuous, 
connected, or has the property that for every separation 


L=L'+L’ 


there exists an integer N such that T*(L') = L‘ (i = 1, 2). 
Proof. If the theorem is not true, there exist a closed invariant subset L* 
of M and a separation 


(1) L=L'+L 
such that for no k is T*(L’) = L'. It follows that for every k we have 
T'(L') #L' and T*(L*) # L’. 


Let LL = LL (i = 1, 2) for every a. Let @ be the smallest ordinal such 
that for some integer k we have T*(L!) = LL. Such an integer k must exist 
by Lemma 3, and @ must be of the first or second number class by the same 
lemma. Henceforth k shall always denote this integer. 

(i) a is a limit number. 

Otherwise L,-; exists and we consider it to be our space. By Lemma lI, 
L, ; is closed and compact, hence 7“ is uniformly continuous on this set. It 


2See Deane Montgomery, Pointwise periodic homeomorphisms, American Journal of 
Mathematics, vol. 59(1937), pp. 118-120. See in particular the first sentence of the proof 
of the lemma of this paper. 

* See Alexandroff and Hopf, Topologie, I, pp. 79 and 85, respectively. 

* Suggestions by the referee have enabled the authors to shorten materially the proof 
of this theorem 
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follows easily from this that there exists an « > 0 such that° 
T*(S(Li, 2) CLin and T*(S(L2, 6) C Li... 


By definition of L. we have that p(T, xz) is bounded on La — S(Le, 8); 
hence let N be its least upper bound on this set. 

From the definition of a, we have that L}_, is not invariant under T”"*. 
This means that there exists a point z in L}_, or L2_, such that T*"*(z) is in 
the other one of these sets. We assume, without loss of generality, that z 
is in Li_,. Thus T(z) ¢L2_,. It follows that p(T, x) > N, therefore 
ze S(Li, «). Using the fact that every image of z has the same period as z, 
we have at once that all the points 7“(r), T(x), T(x), ---, T*"*(x) lie in 
S(Li., ©). This contradicts the definition of x, and completes the proof of (i). 

Since a@ is a limit number of the first or second number class, there must 


exist an infinite sequence of ordinals 8; < B. < --- < @ such that 
oe 
L. = [I Ly. 
n=1 


From the definition of a we have that for every pair of integers h and n, 
T*(L3,) ¥ Lp, - 


If we recall the definition of k, it follows as in the proof of (i) that there exists 
an e > 0 such that 


T*(S(Ln,, 2) CL’ and T*(S(L2, 6) CL’. 


(We are here considering L as the space.) Choose n large enough so that L5, 
is contained in S(Li, €). Letting x be any point of L3, , we have that z is in 
S(Li, ©, hence T(z) is in L'. But T*(x) is in Ls, since this set is invariant 
under all powers of 7, by Lemma 1. It follows that T*(xr) is in Lj, , whence 
this set is invariant under 7“. This is impossible as 8, < a. 

This completes the proof of Theorem I. 

Notation. By an orbit under T we shall mean the finite set of points con- 
sisting of a point x of M and all the images of x under T. A finite set of points 
X which lie in the same orbit G under T are said to be consecutive points under T 
provided they may be ordered so that T(a,) = xe, T(xe) = 25, ete., using the 
positive integers consecutively. 

Turorem Il. Jf M is a compact metric space, T(M) = M a pointwise periodic 
transformation, {Gy} a@ convergent sequence of orbits under T with limit set L, 
and if there is in L a connected set B such that T(B) = B, then L is connected. 


* We say that WM o= Rk 4 Sis a separation of M provided neither R nor S is vacuous and 
RS = 0 = RS, where N is the closure of a set N. The symbol S(M, d@) denotes the set of 
all points x of a given metric space A containing M such that p(x, m) < d for some point 
meM. 
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In order to establish this theorem we shall make use of two lemmas which 
we now prove. The notation is that of Theorem II. 
Lemma 4. For any separation of L 


L=L'+L with p(L', L’) = 4e>0 


and for any 6 < e there exist two integers r, N such that for all k > N, 
G,S(L’, 5) and G,S(L’, 5) are invariant sets under S = 1". 

Proof. Since L is closed, invariant, and disconnected, it follows from 
Theorem I that there exists an integer r such that L' and L’ are both invariant 
sets under the transformation S = 7”. The existence of the integer N follows 
at once from the continuity of S and the convergence of the sequence {G;} to L. 

Lema 5. If 


L=L'+L with p(L', Ll’) =4e>0 


is any separation of L, and L’, L’ are invariant sets under T’ = S, then there 
exists an integer N’ such that for every k > N’ the orbit G, under T has at most 
(r — 1) consecutive points in S(L", 6) for i = 1, 2, where 6 is preassigned and 
less than e. 

Proof. Since L = Lim G;, there exists an integer M such that for all k > M, 
G, intersects both of the sets S(L‘, 6). Let N’ be the larger of the two numbers 
M and N, where N is chosen as in Lemma 4. Assume that there exists a 


k > N’ such that G, has r consecutive points p, (hk = 0, 1, 2,---,7r — 1) in 
one of the sets S(L*, 6), say in S(L’, 6) for definiteness. For any point q in G, 
we have g = T™(po) for some integer m, by the definition of G,. Let 


m = nr + t define n and t, where these two symbols represent positive integers 
or zero andt <r. Theng = S"(m) by the definition of the transformation S. 
Consequently, by Lemma 4, we have that q « S(L’, 6), so that, since q was 
arbitrary, G. C S(L’, 6). This contradicts the fact that k > N’ = M and 
proves the lemma. 

Proof of Theorem II. If the theorem is false, there exists a separation 


L=L'+L’ with p(L', L’) = 4e > 0. 


Choose any 6 < ¢ and the corresponding integers r and N’ as given by Lemmas 
4 and 5. Let {pi} be a sequence of points converging to b « B such that for 
every i we have p; ¢ Gy-,;-S(L’, 6). By Lemma 5, for every 7 there exists an 
integer t; < r such that 7'(p,) is not an element of S(L', 6). Since the sequence 
of integers }t;} assumes only a finite number of different values, infinitely many 
of the terms of this sequence must be equal to some positive integer s < r. 
Consequently, we may find a subsequence {p.j of {pi} such that for every i 
we have 7"(p,) is not an element of S(L', 6). Since lim p; = b and 1°(b) = 
b’« B C& S(L’, 4), this contradicts the fact that the transformation 7" is con- 
tinuous. This completes the proof of Theorem IL. 

Coroutiary. Tf, in addition to the hypotheses of the theorem, we also assume 
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that there exists an integer I such that for every k the orbit G, contains at most I 
points, then L consists of exactly one fixed point. 

Proof. Let b be any point in B and let x be any point of L which is not in the 
orbit determined by b. This is possible when the corollary is assumed to be 
false since both B and L are connected. If we now let {b;} and {2z;} denote 
sequences converging to b and x respectively with the further property that both 
b; and 2; belong to the same orbit G; (for each 7), it follows that for every i there 
exists an integer n; such that T"'(b;) = 2;. Since n; S I for any 7, we lose 
nothing in stating that the sequences have been so selected that 7°(b;) = 2, 
for some fixed positive integer s and for every 7. But 7°(b) « G,, the orbit 
determined by 6, while z is not an element of G,. This is impossible since 7° 
is continuous and 7"(b;) = 2; form a sequence converging to xz. The proof is 
thus complete. 

Theorem II and its corollary are in their most appealing form (from an intui- 
tive point of view) in the special case in which the set B is a fixed point. 


3. Remarks and example. Aside from the lemmas and devices used in the 
proofs above various questions naturally arise. Many of these can be answered 
ina moment. For example, does connectivity for L imply connectivity for L, ? 
Conversely, does it follow for L if assumed for L,;? Both of these questions 
have negative answers. On the other hand, assuming the situation as described 
in Theorem II and postulating in addition that Z contains a fixed point, we 
ask whether L consists entirely of fixed points and find this question to be more 
of a challenge. The answer is given in the example below. Similar examples 
are known where M is a locally connected continuum and L contains points of 
all finite periods. One further question was easily answered, namely, can L 
(as in Theorem II) be free of fixed points? Here again the answer is by example, 
i.€., positive. 

Example. In the Euclidean 3-space define an infinite sequence of planes 
by the equations P;:z = 7. We shall use cylindrical codrdinates (r, 0, 2) 
to define our space M. Let C be the circle r = 1, z = 0. Define the points 
A(1, 7, 0), B(1, 0, 0) and let L consist of C and the segment AB of the polar axis. 
Thus L is a theta curve. 

By definition let gq; = (1 + (1 — k)/i, x, 1/2) fork = 1, 2,3, --- ,2¢ + 1. 
Here the range for 7 is the sequence of positive integers and this is likewise true 
wherever 7 occurs below. Furthermore, let gaise = (1, (Ar) /?, 1/2) and qacyaes) 
= (1, (—kr)/t, 1/2) for k = 1, 2,3,---,¢% — 1. Now define the orbit G; by 


the equation 
4i-—-1 


y ' 
Gy = ) qj 
j=l 
and subsequently 


M=L+)>4,. 
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The transformation T is defined as follows. For every point p = (r, 6, 0) 
in L let T(p) = (r, —0,0). For every q}, withj < 4¢ — 1, define T(q}) = qjus- 
Finally, let T(qis:a) = @i- 

In this example we find that L is a theta curve with one closed free arc con- 
sisting of fixed points and all other points in L of period 2 under T’. 


UNIVERSITY OF VIRGINIA AND UNIVERSITY OF CALIFORNIA AT Los ANGELES. 

















COMMUTATIVE ALGEBRAS WHICH ARE POLYNOMIAL ALGEBRAS 
By R. F. Rmnewart 


1. Introduction. A polynomial p(x) of non-zero degree with coefficients in 
an arbitrary field F gives rise to a linear algebra P, with a principal unit, over F. 
P may be viewed from two standpoints: (1) as the algebra generated by an 
element xz whose minimum equation is p(x) = 0; (2) as the algebra of the residue 
classes modulo p(x) of the ring of all polynomials with coefficients in F. From 
the first standpoint the elements 1, x, 2°, --- , x ', where ais the degree of p(x), 
constitute a basis for P; from the second standpoint the residue classes [1], [2], 
[x"], --- , [z* "] constitute a basis. In either case P, considered as an abstract 
algebra, has the same properties. We shall call such an algebra the polynomial 
algebra generated by p(x). 

This paper had its origin in the speculation as to whether every commutative 
algebra’ with a principal unit might be equivalent to a polynomial algebra.” 
The question is here answered in the negative, but it is found that the algebras 
which are thus completely characterized by polynomials constitute a wide class 
of commutative algebras. Under proper restrictions, depending on the nature 
of the ground field, it is shown that the equivalence of a commutative algebra 
with a principal unit to a polynomial algebra depends only on the structure 
of the radical. This structure is most conveniently described in terms of the 
écarts of certain nilpotent subalgebras, a concept which plays a prominent réle 
in some recent researches of Scorza. 

The results to follow are established under very loose hypotheses on the 
ground field /, namely, that F is separable, and that F, in case it is finite, has 
more elements than the commutative algebra in question has indecomposable 
Peirce components of a common order, for every order. When F is inseparable, 
the present analysis of the structure of the irreducible polynomial algebra, on 
which the treatment in §§3 and 4 is fundamentally based, fails. Moreover, 
as the examples of §5 show, the results of §§3 and 4 are not true for an inseparable 
ground field without imposition of further restrictions. The writer hopes to 
investigate the inseparable case later. 


2. Converses of the decomposition theorem for polynomial algebras. Let P 
be the algebra generated by the polynomial p(x) with coefficients in /’, and let 


Received April 20, 1938; presented to the American Mathematical Society, December 
29, 1937. 

' Throughout this paper the term algebra will be used to signify a linear associative 
algebra of finite order. 

? Two algebras are said to be equivalent if a simple ring isomorphism exists between the 
elements of one algebra and the elements of the other. 
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p(x) = II p:'(x), where the p,(x) are the distinct irreducible factors of p(x) 


t=1 
relative to F. It is well known that P is equivalent to the direct sum of the 
indecomposable polynomial algebras P;, generated respectively by p;‘(z). 
For the subsequent development a converse of this result is necessary. To that 
end we prove two lemmas. 

Lemma 1. A direct sum of indecomposable polynomial algebras over an infinite 
field is equivalent to a polynomial algebra. 

Proof. Let the polynomial algebras P; , P2, --- , P, over an infinite field F 
be generated respectively by the polynomials pj'(x), p3?(x), ---, p2’(x) with 
coefficients in F, where p,(x), pe(x), --- , p(x) are irreducible over F and have 
unity as their leading coefficients. If the p(x) are distinct, then the direct sum 


P=P,+P2+.---+P, 


is equivalent to the algebra P generated by p(z) = II p(x), since P is equiva- 
t=1 


lent to a direct sum of algebras each of which is equivalent to one and only one 
of the P;. 

If the p,(z) are not all distinct, let them be segregated into sets S,;, Sz, ---, 
S,, where each S,; is composed of all the p;(z) which are transformable into one 
polynomial of that set by respective transformations of the form z = y/fi + 4, 
where f; # 0 and g; are in F, with subsequent multiplication by a power of f; 
to produce leading coefficient unity. All of the polynomials of a given set have 
the same degree. The effect of such transformations on the corresponding 
algebras P, is merely one of a change of basis. Consider the set S,. Let the 
p.(z) be so ordered that S, consists of pi(x), pe(x), --- , pela). Let the p(x) 
of S, be carried into p.(y) = pi(y) = pily) by transformations of the type men- 
tioned. We wish to show that by further transformation the members of S, 
can be carried into distinct polynomials. 

We note first that if p,fy) y, the further transformations y = z + g. (i = 


’ rhage? = ° » 
1,2, --- ,¢), where the g; are distinct elements of F, carry the polynomials of S, 
into distinct polynomials. Assuming now that ply) # y, we distinguish two 
CASES: 


Case \. F 1s of characteristic zero. 
Case II F is of characteristic q # 0. 
In Case J, F contains a subfield simply isomorphic to the rational field. Hence 


* Bee W. Krull, Algebravache Erweiterungen kommutativer hyperkomplexrer Systeme, Math 
Ann., vol. 97, p. 47%. The above result follows from Krull’s theorem connecting the fac 
torization of the zero ideal of a commutative algebra and the direct sum decomposition 
of the algebra 

Bee also A.A. Albert, Modern Higher Algebra, Chiengo, 1937, pp. 245 249 

This result suffices for the needs of the present paper, but it may be remarked that the 
elightly more general theorem, in which p(s) i# separated into relatively prime factors, 
aleo holds, the component algebras being not necessarily indecomposable in such a case 

* It will be tacitly understood in the remainder of §2 that after each such transformation 
cath resulting polynomial is to be divided by ite leading coefficient 
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the application of the further transformations, y = z/f, (¢ = 1, 2, --- ,c), the 
fi being distinct “positive rational integers’, will carry the p;(y) respectively 
into polynomials p: (2) which differ in their terms of zero degree, since the p,(2x), 
and consequently the p;(z), being irreducible and non-linear, have non-zero 
constant terms. 

Suppose in Case II that every element of F is algebraic with respect to the 
prime subfield © of F.  & is finite of order g and hence is separable.’ Since F is 
infinite and ~ is separable, F contains elements of arbitrarily high degree with 
respect to >. Let « be an element whose degree relative to = exceeds cd, where 
d is the common degree of the p,(x) of S,. 

On the other hand if F contains an element which satisfies no algebraic equa- 
tion with coefficients in &, let that element be denoted by e. 

Now in either event the secondary transformations 


y = z/e (¢ = 1,---,¢) 


‘arry the p,(y) respectively into polynomials p: (2) which differ in their terms of 
degree zero. For, if ag denotes the constant term of p;(y), p) (2) = ps (z) im- 
plies aye’ = age“, which, since j and k are less than c, implies that j = &. 

Thus, in either Case I or Case II, distinct generators pj'(x), --- , p’’(x) can 
be produced by transformations of bases of P;, ---,P-. Since a polynomial 
of one set cannot be carried into a polynomial of another set, the polynomials 
p(x), --- , p-(v) can be made distinct by making the polynomials within each 
set distinct. Then the argument of the initial paragraph of the proof can be 
applied. 

LEMMA 2. Let the polynomial algebras P, , P:, --- , P, over a finite field F of 
characteristic q and order q° be generated respectively by powers of irreducible (in F) 
polynomials pi'(x), p2?(x), ---, pr'(x). If the number of the polynomials p(x) 
which have a common degree u is less than q° for every u, then the direct sum of the 
algebras P; is equivalent to a polynomial algebra. 

Proof. Let the p(x) be segregated into sets S;, --- , S;, where each set 
consists of all the p,(7) which are transformable into one polynomial of that set 
by respective transformations of the form y = z f; + g:.° where fy = 0 and gy 
are in FF. Each such transformation merely effects a change of basis in the 
corresponding algebra P,. Consider a set S,. For convenience let the p,(2) 
be so ordered that S, consists of py(v), --- . pele). Let each pyr) of S, be car- 
ried into p.(y) = pi(y) = pily) by a corresponding transformation of the type 
mentioned, 

If S, consists of polynomials whose common degree is not divisible by ¢, apply 
the secondary transformations 


Yy z+ b, (a 12 ---,e), 


where the b, are distinct elements of /, to the corresponding p,(y). The 6, 
can be chosen distinet, since, by hypothesis, ¢ < g° Under these transforma 


* See B. L. van der Waerden’s Moderne Algebra, Berlin, 1980, vol. lL, p. LIS 
* Reeall the footnote to the second paragraph of the proof of Lemma | 














728 R. F. RINEHART 
tions p;(y), --- , p-(y) are carried into corresponding polynomials pilz),---, 
p.(z) which are distinct. For if py (z) = px (2), 
(2 + ba)" + ar(z + dy)” + --- + an 

= (2+ bi)" + a(2+ bk)" +--- +a, 
equating the coefficients of z"’ yields 


nb, + a, = nbhh + a). 





Since n # 0 (mod q), this implies b, = b, , which is valid only if h = k. 

On the other hand, suppose that the polynomials of the set S, have a common 
degree divisible by g, say gw. We wish to show that p,(y) can be carried into 
at least g° — 1 distinct polynomials by transformations y = z/f + g, where 
f # OandgareinF. Weshall assume that this is impossible and show that this 
assumption leads to a contradiction. 

Since p,(y) is irreducible and since F is separable, the roots of p(y) = 0 are 
distinct. Let «be a root of p;(y) = 0. By assumption there is a number g # 0 
of F for which p;(z + g) = pi(z). Hence e + g is also a root of p(y) = 0. It 
follows immediately that 





e+ tg (¢ = 0,1,---,q@—-—1) 


are all roots of p,(y) = 0. Again, by assumption, there is a number f of F, 
different from 0 and 1, for which fe is a root of p,(y) = 0. It is apparent that 
f'c is also a root for every i. Since f“ ' = 1, and since f“ ‘"e + & is a root, 
then « + égf is also a root for every t and r. Finally, from the isomorphism 
e— e", it follows that ¢ is a root for every s. 

From all the elements f # 1 of F, such that fe is a root of p,(y) = 0, let b be 
one for which the smallest positive integer 6, for which b’ = 1, is minimal. 4 di- 
vides g° — 1. We consider the following possibilities: 

Casel. 6 < q; 

Case Il. 6 > q. 

If 6 < q, we separate the following classes of roots: 


K, = {é&" + &} G= 6 1....,6<— be wG A, «.. 0 = Ih 
If 6 > qg, we make the separation into classes: 
R, = {e" + tgb"} (tt =0,---,q-—1; r=0,---,5-—1; 6 = 0,---,p), 
where yp satisfies the inequalities 
wl(q — 1)6 + 1] < qu, (u + I)i(q — 1)6 + 1] 2 qu. 


The number of elements in any K, is q, and the number in any K, is (q — 1)6 + 1. 
We shall show that all the elements of the sets K, (K,) are distinct. 

In any K, the roots are obviously distinct. In Case II suppose that two roots 
of one set were equal. Then we would have 


(2.1) tb" = tb". 
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If 4; = 0, then & = 0, or if r; = rm, then t; = &, and in either event the two 
elements would be identical in K,. Hence r; ¥ r2, say) > re. Then (2.1) 
would imply 

o? = &/t,, 


re 


that is, b'' "? would be a number of the prime subfield of F. Since r, — rz. < 
5, b''"* # 1, and therefore b"' would serve as an f of index 6, less than g, con- 
trary to the assumption in Case II. Thus the q elements of any K, [(¢q — 1)6 +1 
elements of any K,] are distinct. 

Now suppose that an element of K, (Ky) coincided with an element of Ky 
(K:), h > k. We shall employ a method indicated in a paper by Ore’ to show 
that this assumption implies that p,(y) is reducible. In either Case I or Case II 
we would have 


(2.2) w= M44, 

where disin F. From (2.2) one obtains 

(2.3) oom ~ wow ia 

and the elimination of d yields 

(2.4) fT =f af §6 #. 


From (2.4) we form the successive h — k — 1 relations, 


A+2) e(h+1) «(k+2) e(k+1) 
qt! @ q @ 
€ ele =€ = ¢ 


(2.5) 


e(2h~k) e(2h—-k-1) eh e(A-1) 
@ @ 
é —_ é =e€ = ¢ . 


Addition of the relations (2.4) and (2.5) gives 
(2.6) Yin = 28" rs i. 


From (2.6) one obtains 


, 2k) qth eh qth 


ek ‘ ek 
SS ee ae F 


= 2¢ — 2 
It is easily demonstrated by mathematical induction that 
(2.7) 


qttih li-tje) 
€ 


= je — (jf — 1) Tre © eee | 
For j = q this yields 


qt lar (q@~ be] atk 
€ = <¢ 


Hence ¢“" would satisfy the equation 
(2.8) ” in &) y = 0. 


and since ¢" is a root of pPily) = 0, p(y) would divide the left member of (2.8). 
But in Case I, q(h — k) < qu, since h — k < w; and in Case LU, g(h — k) < 


? Contributions to the theory of finite fields, Transactions of the American Mathematical 
Society, vol. 36(1934), pp. 243-274 
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[(g — 1)6 + lju < qw. By known irreducibility criteria, this implies that 
pil(y) is reducible. This is a contradiction of hypothesis. Hence the elements 
of the sets K, (K.) comprise all of the roots of p,(y) = 0 without repetition. 

Now be is a root and therefore must be equal to one of the elements of some 
K. (K.), say K, (Ki). h # 0 in either Case I or Case II, otherwise it would 
follow that ¢ was an element of F, and this is impossible, since p;(y) is irreducible 
and of degree greater than one. Therefore 


eh 
(2.9) be =e’ +4, 
where disin F. From (2.9) we obtain 
ge (hl) 
be” = e! + d, 
whence on eliminating d there results 
e gether) eh 
(2.10) be” —be = ef —é€ 
From (2.10) we form successively the h — 1 relations 
4 qt¢ at e(h+2) eth+) 
be* —— be’ = ¢' — , 
ae Qe ethers e(h+2) 
be? —— be’ = ¢! — ¢' 
(2.11) Ear, ; . 
ath g@e(ho! gieh (th-1) 
be’ — be* = ¢’ — 


From the addition of relations (2.10) and (2.11) we find 


gtth 


(2.12) on = (b + 1)” — be. 


From (2.12) can be obtained 


qith 


I 


(b + 1)*e" — b(b + 1)e — be 


(b> +b + 1) — (0 + be. 


By mathematical induction it is easily shown that 


qtth (4? 1 + i 2 fe mae + 1)” (p? 1 } 1° 2 4 ray + b)e, 
whence, since b’ = 1, andb 4 0,1, 
qtth 
€ €. 
Thus ¢ satisfies the equation 
(2.13) y~ —y=90, 


and therefore the left member of (2.13) is divisible by p(y). However, in Case 
1,6<-qandh < w,sothat hd < qw;and in Case IL, hé < pb < pl(q 1s + |] 
<- qv. But hd <— wq implies, as before, that p(y) is reducible. Consequently 
our origina!) assumption is untenable, and since the number of the p.(y) of S, 


* Bee Y. Ore, loc. cit 
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is less than g° — 1, the p;(y) can be carried into distinct polynomials p, (z) by 
transformations of admissible type. 

Since a polynomial of one set cannot be carried into a polynomial of another 
set by transformations of the type employed, all the p;(x) can be made distinct 
by making those of the individual sets distinct. Then the argument of the first 
paragraph of the proof of Lemma 1 can be used, and the proof of Lemma 2 is 
complete. 

It is apparent that two minor refinements, which need not be mentioned here, 
could be made in the statement of Lemma 2. However, examples can be easily 
constructed to show that the lemma, as stated, is false if the number of the p,(r) 
having a common degree exceeds g° — 1, so that the condition stated is the best 
possible of its type. 


3. Commutative algebras equivalent to polynomial algebras. The im- 
portance of the preceding lemmas for the purpose of this paper lies in the fact 
that criteria for the equivalence of an indecomposable commutative algebra 
to a polynomial algebra will thereby furnish criteria for the equivalence of a 
decomposable commutative algebra to a polynomial algebra. Let C be an 
arbitrary commutative algebra, with a principal unit, over a field F. By the 
classical Peirce decomposition C is representable as a direct sum of commutative 
algebras C; (¢ = 1, 2, --- , v), where each C; has a principal unit but no other 
idempotent.” By a well known theorem of linear algebras,” if the field F is 
separable, such an algebra C; is the sum of a field D; and the radical V, of C 
We shall henceforth assume that F is a separable field. Since D; has a finite 
basis, d, , de, --- ,ds, over F, and since F is separable, there is a polynomial 
equation ¢(A) = 0 of degree 8, which is irreducible in F and which is satisfied 
by some element x of D,."" Hence 1, 2, 2°, --- , 2° ' constitute a basis for D, . 

The radical N; of C; can be considered as an algebra VN, over D,." For if 
Mi, Me, --*, My, iS ANY maximal set of elements of N; which are linearly inde- 
pendent with respect to D, , then the elements 


(3.1) rn (j = 0,1,---,8 — 1;k = 1,2, 8) 


are linearly independent over fF. Since any element of .V, which was linearly 
independent over F of the set (8.1) would be independent of n, , nm, over D, , 
the set (3.1) constitutes a basis for V,. Thus the algebra with the basis m , 
Ne, -->,m, over D, contains every element of V,, and conversely. We note 
as a special case that the radical of the indecomposable polynomial algebra 


* See, for example, G. Scorza, Sulle algebre reductbuli, Rend. del Sem. Math. d. R. Uni 
di Roma, Ser, TV, vol. 1(1987), pp. ISS LS89 

M. Deuring, Algebren, Berlin, 1985, p. 28; and L. BE. Dickson, Algebren und cAre Zaklen 
theorte, Gurich, 127, p. 82 

"BOL. van der Waerden, op. crt., pp. LES 120 

"HC. has no radieal. it is obviously a polynomial algebra 
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generated by p(x), where p(z) is irreducible in F, has a basis of the form 
x’ p‘(zx) (jg = 0,1,---,B —1;k =1,2,---,h); 


that is, the mn, can be chosen as powers of a single element of the radical. 

We are now in a position to characterize the indecomposable polynomial 
algebra by means of the écart of its radical. The écart of an algebra A is defined 
to be the difference between the orders of A and A*. Scorza has shown” that 
if a is the index,’* r the order, and 6 the écart of a commutative nilpotent algebra, 
then 


(3.2) (* se ') ~—e es 


é = 


Now, in the indecomposable algebra C;, (N,)* is the same algebra as (N?), since 
each algebra is composed of all linear combinations over F of elements of the 
form (d,n,)(dgn,), where d, and d, are in D;. Let 6 be the écart of N; and 
é the écart of Ny. Then, as in the case of N; and Nj, if nj, nz, ---, n._¢ form 
a basis for NZ, the elements 


rn (j = 0,1,---,@—1;k8 = 1,2,---,8 —§) 
form a basis for N?. Hence 
(3.3) 6 = Bs. 


In case Cy is a polynomial algebra, then the écart of N, is equal to the order 
of D,. This condition is also sufficient to insure that an indecomposable com- 
mutative algebra be a polynomial algebra; for the equality of 6 and 6 implies, 


from (3.3), thaté = 1, and Scorza’s inequality (3.2) becomes 


(*) ] = a-l2r, 


| f Va 16 
where @ is the index of N,;. But a | cannot exceed r,” hence a l=r. 
Frobenius has shown that if the index of a nilpotent algebra exeeeds its order by 


a 


l . 
nn“. Henee C, is 


unity, then the algebra has a basis of the form n, n’, --- , 
of the form Dy + N,, where D, is generated by an irreducible polynomial e,(2) 
end A’, has « basis of the form 


és 


i. (j . 3. o I;k 1,2,-+-,a 1). 


Cis therefore equivalent to the polynomial algebra generated by the polynomial 


e’(g). Hence from Lemmas | and 2 we can state 


Tunowem 41.) Let © be a commutative algebra with a principal unit over a 


weparthble tu Fo and lA C C, be the indecomposable components in a Peirce 
/ ; ! I 
(, Beorca. Sulla etruttura delle alge hve pee udonulle, Atti Acead, naz, Linceit Rend P 
ser DB), vol. GUY), p. 144 
J hatie, a ie the smallest portive integer for which A“ iF) 


mee for example, Lb. Diiekwon, op cit, pp IO Utd 
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decomposition of C. If the number of elements of F exceeds the number of field 
components D; (or difference algebras C;/N;) which have a common order, then a 
necessary and sufficient condition that C be equivalent to a polynomial algebra is 
that the radical N; of each C; either be zero or have an écart equal to the order of D; 
(or C;/N;). 

Since C is commutative and has a principal unit, the number of the C; is equal 
to the number of primitive idempotents of C, and hence we have 

Corouuary 3.11. Let C be a commutative algebra with a principal unit over a 
separable field F. If F has more elements than C has primitive idempotents, the 
necessary and sufficient condition of Theorem 3.1 holds. 

Coro.uary 3.12. A semisimple commutative algebra C over a separable field F, 
which has more elements than C has simple invariant subalgebras of any common 
order, is equivalent to a polynomial algebra. 

If F is a finite field, then it is separable. Let A be an algebra with a 
principal unit over F which is such that every primitive idempotent of A is 
commutative with the radical of A. If A possesses no total matric sub- 
algebra, then each component A; of a direct sum decomposition of A can be 
represented as the sum of a division algebra and the radical of A,;."° As is well 
known, every division algebra over a finite field is commutative.’ Now if the 
écart of the radical of A; is equal to the order of the field component of A, , 
then the radical of A; is commutative, as can be seen from the proof of Theorem 
3.1. Hence we have 

Turorem 3.2. Let A be an algebra of the type described above with a principal 
unit over a finite field F, and let Ay, -+- , A, be the indecomposable components in 
a direct sum decomposition of A. Let Nx be the radical of A, , and let the number 
of elements of F exceed the number of the difference algebras Ay Ny which have a 
common order. If each N, is zero or has an écart equal to the order of Ay Ny, 
then A ts equivalent to a polynomial algebra and ts therefore commutative 

This theorem is an extension of Wedderburn’s theorem,” which could now 
be viewed as the special case of Theorem 3.2 im which A is simple. The formu- 
lation of corollaries analogous to Corollaries 3.11 and 3.12 is obvious and need 
not be made here. 

Since the écart of a direct sum of algebras is clearly equal to the sum of the 
écarts of the component algebras, we can state from our analysis of the poly- 
nomial algebra 

Turnonem 3.3. Let C be a commutative algebra with a princepal unit over a 
field K, and let C have the radical N. A necessary condition that C be equivalent 
to a polynomial algebra ts that the écart of N shall not exceed the order of the al 
gebra C/N 

If F is a field of the type mentioned in Theorem 3.1, and if every mdecom 


posable component in the Peiree decomposition of C possesses a radical, then 


LL. bh. Diekson, op. ert, po ie 
"tL M. Wedderburn, Trans Amer Math. See, vel 6(I9Q)), pp. S40 Se 
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the equality of the écart of the radical N of C and the order of C/N is a suffi- 
cient condition that C be equivalent to a polynomial algebra. Hence we have 

THeoreM 3.4. Let C be a commutative algebra with a principal unit over a 
separable field F subject to the restriction of Theorem 3.1, and let C have the radical N. 
If C possesses no non-nilpotent simple invariant subalgebra, and if the order of 
C/N is equal to the écart of N, then C is equivalent to a polynomial algebra. 

The analogue of Theorem 3.2 is evident and will not be stated here. 

Remark 1. Theorem 3.4 and Corollary 3.12 give sufficiency conditions that 
two very diverse types of algebras be equivalent to polynomial algebras. In- 
deed, it is evident that a large class of commutative algebras comes under the 
head of polynomial algebras, and with very weak restrictions on the ground 
field. 

Remark 2. Theorem 3.1 may be viewed in the following light. Suppose 
that there is prescribed a structure type C; + C. + --- + C,, where + denotes 
direct sum and each C; is indecomposable, in which certain of the C,’s have 
no radicals and the remaining C;’s do possess radicals. Consider the former 
set of C,’s as playing the role of constants, and the latter as playing the role 
of parameters. Let the orders of the C;/N; be fixed for the “parameters”’. 
Then the écart of the radical of any algebra having this structure type is a 
function of the “parameters”; and of the totality of commutative algebras with 
a principal unit, and fitting this structure, the ones which are equivalent to 
polynomial algebras are those for which the ‘‘parameters’’ minimize the écart 
of the radical of the algebra. 


4. Criteria involving the discriminant matrix. If a further restriction is 
placed on the ground field /, the conditions of the theorems of the preceding 
section can be replaced by more convenient criteria involving the discriminant 
matrix of C. The discriminant matrix of a commutative algebra, relative to a 
given basis, is unique. Let us recall the following two properties of it: 

(a) If A is an algebra of order n over a field /’, and if F is of characteristic 0 
or 4g, q > n, then the nullity of the discriminant matrix of A is equal to the 
order of the radical of A and is independent of the choice of basis of A.” 

(b) For a proper choice of basis (namely, for a basis consisting of a set of 
bases each of which is a basis for a component) the discriminant matrix is a 
direct sum of the discriminant matrices of the components. 

From Theorem 3.1 and property (a) follows 

THeorem 4.1. Let C be a commutative algebra with a principal unit over a 
field F which 1s subject to the restrictions of Theorem 3.1. Further, if F is finite, 
let the characteristic of F exceed the order of every indecomposable component C, . 
Then a necessary and sufficient condition that C be equivalent to a polynomial 
algebra 1 that the radical of each C, either be zero or have an écart equal to the 
rank of the discriminant matrix of C, 

*L. Bb. Dickson, op. cit., pp. 109 110. The theorem and proof here found are invalid 


if F ia of characteriatic g,0 <q 3 7, where ria the rank of the algebra. 
CC. MacDuffee, Annals of Mathematics, (2), vol. 3201932), pp. 60-66 
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Theorem 4.2, the corresponding analogue of Theorem 3.2, is readily formu- 
lated and will be omitted here. From properties (a) and (b) and Theorem 3.3 
follows 

TuHeoreM 4.3. Let C and F be as prescribed in Theorem 4.1. A necessary 
condition that C be equivalent to a polynomial algebra is that the écart of the radical 
of C shall not exceed the rank of the discriminant matrix of C. 

Properties (a) and (b) and Theorem 3.4 yield 

THEOREM 4.4. Let C be a commutative algebra of order n with a principal unit 
over a separable field F whose characteris.’c is 0 or qg,q > n. If C has no non- 
nilpotent simple invariant subalgebra, and if the écart of the radical of C is equal 
to the rank of the discriminant matrix of C, then C is equivalent to a polynomial 
algebra. 

Similarly, the unstated Theorem 3.5 becomes 

THEOREM 4.5. Let A be an algebra of the type described in Theorem 3.2 of 
order n with a principal unit over a finite field F of characteristic g > n. Let A 
possess no total matric subalgebra and no non-nilpotent simple invariant subalgebra. 
If the écart of the radical of A is equal to the rank of the discriminant matrix of A 
then A is equivalent to a polynomial algebra and is therefore commutative. 


5. Conclusion. The following two examples show that the condition that F 
be separable, employed throughout the investigation, is an essential restriction; 
that is, it is a restriction inherent in the problem and not peculiar to the method 
of proof. 

Example 1. Let F be the field formed by the adjunction of two independent 
indeterminates, a and 6, to the modular field with modulus 2. This field is 
inseparable. Let the fields A and B over F be defined by the equations 
x —a = Oand y’ — B = 0, respectively. The direct product, C, of A and B 
is a commutative algebra with a principal unit, and 1, x, y, ry constitute a 
basis for C. Let 


f= fi t+ for + fou + fary, 
where the f; are in F, be any element of C. The first matrix of £ is 
fi fea fs8 fraps 
fo fi FB SB 
fs fiw fi fo 
Ah fof 
whence the characteristic equation of £ is found to be 
(5.1) M+ ft + fia’ + Ae + flia’s? = 0 
The constant term of (5.1) is the square of 


¢ fi + fea + fis + fiag 
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Assume that ¢ = 0. Let f; = gi/hi, hi # 0, (@ = 1, 2, 3, 4), where g; and h; 
are polynomials in a and 68. Then ¢ = 0 implies 


(5.2) gihshshi + gohihshia + gshihzhiB + gihthihzaB = 0. 


Now if the sum of the first and second terms and the sum of the third and 
fourth terms of (5.2) possessed degrees, then the first sum would be of even 
degree in 8 and the second sum would be of odd degree in 8. On the other 
hand, if one of these sums is zero, the other is also zero. Hence in either case 
the implication is, since hyhehshy + 0, 


(5.3) ghit+gthia=0, ght + gihia = 0. 


Applying the foregoing argument on each of the equalities (6) with @ in place 
of 8, we find that g: = ge = gs = gs = 0, whence f, = fe = f; = fs = 0. Thus 
¢ can be zero only if — is zero. Therefore & has an inverse, if — # 0, and C 
is a field and is therefore simple. If Theorem 3.1 held, C would therefore be 
equivalent to a polynomial algebra. However, the left member of (5.1) is 
reducible in F, being the square of \” + ¢, so that every element of C satisfies 
an equation of degree 2. Therefore C, being of order 4, cannot be equivalent 
to a polynomial algebra. 

Example 2. Let Q be the algebra defined by Q = C + N, where a basis 
for N is n, xn, yn, xyn, where n° = 0, and C is the algebra of Example 1. It 
is easily seen that Q has no simple non-nilpotent invariant subalgebra, and 
that the écart of N is 4. If Theorems 3.1 or 3.4 held, Q would be equiva- 
lent to a polynomial algebra. However, any element, gq = & + p, of Q, where 
£ and p are elements of C and N, respectively, satisfies the equation 

MM’ + 5) = 0 
of degree 4. Therefore Q, being of order 8, cannot be equivalent to a poly- 
nomial algebra. 

Remark 3. The theorems of this paper can be rephrased to give conditions 
under which the rank of an algebra is equal to its order, since the rank is equal 
to the order, if and only if the algebra is equivalent to a polynomial algebra. 

Remark 4. These results can be coupled with a paper by L. Okunew (Ring 
als Algebra iiber einem Korper, Rec. Math. Moscou, vol. 40, pp. 410-423) to 
furnish criteria that a general ring be equivalent to a residue class ring modulo 
a polynomial in one indeterminate with coefficients in a field. 


Case ScHoor oF APPLIED SCIENCE. 














PRUFER IDEALS IN COMMUTATIVE RINGS 
By D. M. Drisin 


1. Introduction. H. Priifer has given’ a general definition of an ideal in a 
field and has investigated the properties of these ideals in certain ideal systems. 
In the present paper a similar study is made, but the algebraic domain of 
reference will be taken to be a commutative ring % having a unit element and 
possessing no divisors of zero.” 


2. Divisibility properties of elements. The present section, although of some 
interest, is largely irrelevant to the main matter of the paper but can be con- 
veniently treated at this point. 

Let g be a subring of ® with a unit element; the concept of divisibility can 
now be defined relative to q so that the elements of q may be thought of as the 
integral elements of R. If a # Oand b + O are elements of g, then a is divisible 
by b if a = be, where c ising. Obviously, divisibility relative to g is a reflexive 
and transitive property. If a and b divide each other, a = be, b = ae, 
then ee = 1, where «& and e& are integral elements; such integers which are 
divisors of 1 are called units tn q and elements a and b related as above, asso- 
ciated elements. 

If a and b are integral, then an element d in q is said to be a greatest common 
divisor of a and b if a and b are divisible by d and if d is divisible by every com- 
mon divisor of a and b. If d is a unit, then a and b are said to be relatively 
prime. is complete’ (relative to q) if every pair of elements in q has a g. e. d. 

A prime clement p in q is an integral element that is not a unit and whose 
divisors are associated with | or p. % is primary (relative to q) if for every 
two integers a and b it is true that either a and b are relatively prime or that 
there exists a common prime element divisor p of a and b. Hence, if ® is 
primary, every integer a # 0 is either a unit or is divisible by a prime element. 

The following theorem is proved in a manner very similar to that of a theorem 
of Priifer:* 


Turorem |. Jf ® tis complete relative to q, and if a = a, --- a, (where a, a, 
( 1, ---,m) are integers) is divisible by b, then b = by --- db, , where b, 
Q 1, --+,m) ts an integer which divides a, . 


Received May 5, 19388; presented to the American Mathematical Society, April 16, 1938 
The author is a National Research Fellow. 

' Untersuchungen tiber Teilbarkeitseigenschaften in Kédrpern, Journal fiir Mathematik, 
vol. 168(1932), pp. 1-36. 

? That is, Nis a domain of integrity (Integritatsbereich) with unit element 

* Prifer, op. cit., p. 3. 


‘ Loc. eit., Theorem 3 
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Corotiary. If R is complete relative to g, then a prime element p divides a 
product of two integers if and only if it divides one of the factors. 

THEOREM 2. If K is primary relative to q and if the number of units in g is 
finite, then there are infinitely many prime elements in q. 

For, if p: , pe, --- , Pn Were prime elements and if we wrote 7 = pipe --- Pr, 
then not all the elements x’ + 1 (¢ = 1, 2,--- ) are units ing. For, then we 
would have z' + 1 = x’ + 1 for some values of 7 and j, contrary to the fact 
that 7 is a product of prime elements. Hence, for some ¢t, +‘ + 1 is not a unit 
and is therefore divisible by a prime element p’. Since p,, pe, --- , Pn do not 
divide x‘ + 1, it follows that p’ ¥ p; (¢ = 1, 2,---,n). 

By the corollary to Theorem 1 we easily prove 

TueoreM 3. The set (not necessarily finite) of prime elements that divide an 
integral element of a complete and primary ring is unique. 

TuroreM 4. If an integral element a ¥ 0 is divisible by a finite number of 
distinct prime elements, then each of these prime elements occurs in a to a finite 
power. 

For, otherwise we could write a = a,az, where a; contains all the prime ele- 
ments p which divide a to an arbitrarily high power, and where a, is prime to 
such elements p. But then, as is easily seen, a, = aj, whence either a, = 0 
or a; = 1. But neither possibility can occur, since a # 0 and q, is divisible 
by at least one prime element. 


3. Ideals and ideal systems in ‘Wt relative to g and o. In the following, 0 is 
a subring of q with the unit element. We define an ideal in ® relative to q and 0 
(briefly, ideal) as follows: 

An ideala = (a, d2,-+- ,@,) in RN relative to g and 0 ts any set of elements 
of q satisfying the following properties: 

(1) the elements a, , d2,--- , 4, are contained in a, 

(2) of a and b are in a, so also is a + b, 

(3) (a) is defined to be the set of all elements ar, where r is an element of 0 
(principal ideal), 

(4) (a, ---,Gm) Gli, ---, ba) afar, ---, a, arein (bh, --- , dn), 

(5) of ais in (a), --- , On), then ab is in (ayb, --- , a,b). 

This definition of ideal does not, of course, give a unique meaning to 
(a; , «++ ,@) but provides, instead, ideal systems in each of which (a, , --- , ds 
is defined in a prescribed manner. Later on we shall discuss three different 
types of ideal systems ¥, Yt, Ul; we denote by Wt the generic ideal system and 
understand in what follows that we are concerned with such a fixed ideal 


* Jt may have been remarked by the reader that the elements of g are the only elements 
of R that play any réle in this theory. ‘That is quite true, and for all the difference it would 
make, the larger ring ® could be omitted from consideration; that is, however, a matter of 
taste and JI have chosen not todoso. For, q is an arbitrary subring with unit element of ® 
and in a possible discussion of the interrelations between two such subrings q and q’ the 
ring Ro may not be as superfluous as it appears to be here, The theory of (maximal) orders 


in an algebra is # case in point 
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system. We should mention in passing that in cases where ambiguity might 
arise we write dy = (a), --- , @n)m for an ideal in M. 

Ifa = (a, a:,---) = (@:, as, ---), b = (b1, bs, ---) = (br, bs, --- ), 
then it is easily seen that 


, 


4,7? 4,7? , 4,7 
(a,b, , dob; , --- , Qybe, debe, ---) = (a,b; , aod; , --- , Qybe, Agbe, --- ), 


so that we may define the product of two ideals in a given ideal system as follows: 
If a = (a), a2, ---,@m), 6 = (db, be, ---,b,) are two ideals in an ideal 
system Yt of R relative to g and o, then the product ab is given by 


ab = (a,),, ay b; , *oe , Abe, Azbe , tee A 


ab is an ideal in QM. 

The ideal a is said to be divisible by the ideal b if there exists an ideal r such 
that a = by. If a is divisible by b, then we cannot say, as in the classical 
theory, that a € 6 but simply that a € b, , where b, is the linear extension of 
bing. That is, if 6 = (b, --- , bn), 6, is the set of all >> gib; , where the g; 


i=1 
are arbitrary elements of q. 

We still have that a € b implies ab © be for every ideal c, whence a € a, 
b © b implies ab € ab. 

If we define a prime ideal » to be one having no ideal divisors other than 
p and o, then we have 

THeoreM 5. Ina complete ring ® the ideal (p) is a prime ideal if p is a prime 
element. 

Suppose that (p) = ab, where a and b are distinct from o and (p). Then 
there exist elements a and b in a and b, respectively, such that neither @ nor b 
is in (p). But ab is in (p) and must be divisible by p, contrary to the corollary 
of Theorem 1. 

By Theorem 2, we have the 

Corouuary. If the number of units in ® (relative to q) is finite, there exist 
infinitely many prime (principal) ideals in R relative to q and any subring 0 of q. 


4. The properties A, --- , H of anideal system i. The monotonic theorems. 
If WW is an ideal system in MN relative to q and o, then we shall say: 

WM has property A if every ideal in Y is a principal ideal. 

Wt has property B if for every a and bin WM, a S| b, implies a = br with r in We. 

It is obvious that A implies B. 

Wi has property C if for every ideal a in W there exists an ideal b in WP such 
that ab = (y), where y is in q. 

B implies C. For, if a (ay, +--+, Qn), (a1) Ga, , whence (a,;) = ab. 

The following condition is equivalent to property C: for every two tdeals a 
and b in WM there exists an element y in q such that a divides (y)bv. 

For, let ab’ (y); then a(bb’) (y)b. Conversely, take b = 0. Then there 
is an integral element y and an ideal Wb such that ab’ (y)b (y)o (y) 
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IM has property D if ab | be (c ¥ (O)) implies a € 5b, for every a, 6, ¢ in M. 

C implies D. For, if ce’ = (y), we have a(y) © 6(y), whence a C b. 

D obtains if ac = be, ¢ ¥ (0), implies that a = 6 for every a, b, cin M. For, 
if ac © be, we have (a, b)e = (ac, be) = be, whence (a, 6) = b, ora © Bb. 

M has property E if (aja € (b)a, a ¥ (0) implies that a = bm, where m is 
in 0, for all a and b in g and every ideal a in M. 

Obviously, D implies E. 

THEOREM 6. Every complete primary ring R having the property C for a 
given ideal system IM (that is, MC holds) has the property MA, provided that 
(1) if for any ideal a it is true that a° divides a, then a = a’, and (2) every unit 
in q ts also in 0. 


Let a = (a,,---,4,); to prove the theorem it is obviously sufficient to 
assume that the greatest common divisor of a,, --- , a, isa unit. If ab = (y), 
b = (b,, --- ,b») and if dis the g. c. d. of bj, --- , bm, 6: = db, , then ab’(d) = 
(y), where 6’ = (b;,---,b.). Hence y = ad, where a is in g, and we have 
ab’(d) = (ad) = (a)(d), whence ab’ = (a). If p were a prime element dividing 
a, p would divide the ab; (¢ = 1, ---,n;j = 1,---,m), whereas we have 
assumed that g. c. d. of a;, --- ,a, = g.c.d. of b; a erg b,. = unit. Hence a 
is a unit and by hypothesis (2) of the theorem, (a) = » = ab’. Hence 
a6’ = a and a’ divides a and by hypothesis (1) a” = a. Therefore a = 0, 


since IN has property D. 

Consider two ideal systems Yt; and Mi, in ®R relative to gq and o such that 
every ideal (a; , --- , a,) in Yt is contained in the corresponding ideal in Me 
we write (a), --- ,@)1 €& (a,,--- ,@a)e. We can prove the following mono- 
tonic divisibility property: 

THeoreM 7. Let I; and We be two ideal systems in NR relative to q and 0 such 


that (a, , --- , Gn); & (a), --+ , Gn)e for all ideals (a, , --- , Gn), (Q1, +--+ , Ande. 
Then an ideal relation a, = b,x; implies ag = bere . 

Write a, = (a,,---,@); = br = (---,ba@;,---). Now, (---, 
ba;,---)e D (---,baj,---) = (,---,a) D az, whence hr, D 
(a,, +--+ ,@)2 = a2. On the other hand, (a, ---,a@:)2 D (a, ---,a); D 
baz;, so that a D(---,biaw;,--- je = bere. Hence ag = bere. 


TueoremM 8. Let the hypotheses of Theorem 7 hold. Then if MN, has property A 
80 also has We . 

If a, = (d); = 0,(d),, it follows by Theorem 7 that az = oe(d)e = (d)e. 
Since every a is associated with an a,. it follows that WY has property A. 

Turorem 9. Let the hypotheses of Theorem 7 hold. Then if WM, has property 
B, 80 also has We . 

Let a2 S be, . Now, it must be noted that although 6; G be, it is true that 


b;, be, , since 6; and b, are determined by the same set of basal elements 
bi, ---,b6,. Hence a; & ae & bo, b,, , whence a, bx, , where yx, is an 
ideal in I2;. Hence, by Theorem 7, ay Bor, and Wty/3 holds. 

It must be remarked that the property C is also monotonic, as a,b, (y): 


implies ab, (y)e. 














M. 


or, 
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That property D is not monotonic will be seen later in this paper. 

THEOREM 10. Let the hypotheses of Theorem 7 hold. Then if M2 has property 
E, so also has M, . 

If (a)ic: & (b)1t, , then if q; = (ce, , --- , Cm) , we have ac; | (be, , --- , ben |S 
(be; , --- , bCm)2 = (b)ote, whence (a)ot2 & (b)2t2 and a = bm, where m is in o. 


5. The ideal system £.° We define an ideal system & by letting (a; , --- , a.) 

be the totality of all > éia;, where £; is in 0. That actually is an ideal 
i=l 

system is easily seen, as the necessary properties (1)—(5) for ideals are satisfied. 

We say that M is o-complete (relative to g) if for every two elements a and b 
in g there is a greatest common o-divisor d so that a = dt, b = dn, where — 
and 7 are in o. If, in addition, d = \a + wb, where \ and x are also in o, ® 
is linearly 0-complete (relative to q). 

By A we indicate that ideal system ¥% has property A—similarly for YB, ete. 

THEOREM 11. SW is linearly 0-complete relative to q if and only if it has 
property YA. 


For, if (a,;, --- ,a,) = (d), then a, --- ,a, have d as a greatest common 
n 

o-divisor and also d = f.a;,& ino. Conversely, if a, --- ,a, haved asa 
i=l 

greatest common o-divisor, then (a, --- ,a@,) & (@). But since d = = £.a; , 


it follows that (d) © (a,, ---,a@,), whenee (a, ---,a,) = (a). 

THEOREM 12. Properties YB and YC are equivalent. In fact, property &C 
and a © b for ideals a and b in ¥ are sufficient to prove that a ts divisible by b. 

The proof of this theorem can be made as in the theory of algebraic numbers. 
See, for example, Hecke, Theorie der algebraischen Zahlen, p. 93. 

TuroreM 13. YC obtains if and only if for every set of integral elements 


a,,---, 4, there exist elements & , --- ,&, tn 0 such that 
(1) Mb, + Aske + --- + Onda = 
and such that a; ((, J = 1, --- ,m) ts im (ay). 


The conditions are sufficient. For, 
(a), +++ , @n)(Er, = ++ . En) = (idi, +++ , Gade, Gods, - ++ , Andy) 


(a1, dads, Gede, +--+, AnEn) = (ai), 
whence ¥C_ holds. 
Conversely, let YC hold. Then, by Theorem 12, ¥B holds, also. We have 


(a) (ay a. Gab: 
whence, by Theorem 12, (a;) (a,, +--+, a@,)(d,, +--+. b,.). Therefore, a,b 
ayi; With yy; ino; in particular, fort 1, ayb, Qvi;, Whence b Yi; Is 
in o, for 7 1, --+,m. Hence a,b, ts in (a,) for? 1, .aid R .m 


* Priifer, op. cit., p. 10. 
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We have, then, a, = >> a,b;z;; (x;; in 0) so that if we write & = ps bia; 
j=1 
(whence £; is in 0 and a;é; is in (a;)), then 
GQ, = Qh) + debe + --- + Anka. 

THEOREM 14. Properties YC and ¥D are equivalent. 

We first prove the 

Lemma. In ideal system %, property D implies (ab) & (a’, b’), whence 
(a’, b°) = (a, b)’. 

We have 

(ab)(a, b) = (a°b, ab’) & (a’, ab’, a’b, b*) = (a’, b*)(a, b) 
whence, by property D, 
(ab) & (a’, b’). 

Hence (a, b)* = (a’, ab, b*) = (a’, b’). 





We now proceed to the proof of the theorem and show first that it holds for 
all ideals in % that are generated by two elements; we then complete the proof 
by induction on the number of generating elements. 

Consider the ideal (a, b). By the lemma, there exist elements X and Y 
in o such that 


ab = Xa° + Yb’. 
Hence 
(X)(a*, b*) = (Xa’, Xb") 
= (ab — Yb’, Xb’) 
CS (ab, b*) = (b)(a, b), 
whence by the lemma and property D, 
(X)(a, b) & (b). 


Hence Xa = bX’ (X’ in 0) whence a = X’a + Yb, with X’b in (a). Hence 
(as in the proof of Theorem 13), 


(a, b)(X’, Y) = (aX’, bX’, aY, bY) 
= (a, bX’, bY) = (a) 


and the theorem is proved for all ideals in ¥ that are generated by two elements. 

We now show that every ideal that is generated by n + 1 elements can be 
multiplied by a suitable ideal to yield an ideal generated by n elements, so that 
the theorem will be proved. Hence we now assume, for purposes of the induc- 
tion, that the theorem is true for every ideal in ¥ that is generated by n elements. 
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Consider the ideal (a, a; , --- , @,-1); then, by Theorem 13, there exist ele- 
ments X, Y, & (¢ = 0, 1, ---,m — 1) such that 


n—1 


a= hat >. gai, a = Xa+ Ya,, 
i=1 


where £,a; = m;,;a, Xa, = ma (i,j = 1, --- ,n—1)andm,;,mareino. Hence 


n—l 


a= £)(Xa + Ya,) + > &a; 


= &Xa+ > fia; + fo Van. 
Now, we have 
(a, @), --- , Gna, Gn)(ESoX, f, &,--- , En-r, SY) 
= (aio X, --- , dén-1, oY, --- , ag&oX, ---, ait;,--- , adoY, --- ) 
= (4, Gnfi, Qnk2, --- , @ngn-a), 


using the conditions above. But the product ideal is generated by n elements 
and the theorem is proved. 
THEeoreM 15. Property YE holds if and only if every equation of the form 


(2) a” + fa" 'b + &a" “b+ --- + &b" = 0, 
where & 1s in 0, implies that a = bé, = in vo. 
Let YE hold. Then if an equation (2) holds, we have 


9 


mer" OF "«. ..: ta 


” a 


n—l 2 —2 n—l i 
(ab”", ab” *, --- ,a” b, —ha” 6b — &a” 


II 


Pas aie 


"ff", 5 = ee ce, «+ SU 


whence a = bé, = in o. 
Conversely, let every equation of the form (2) hold only if a = bg, with 


tino. If 
(a)(c,, --+ , Cm) & (b)(Q,, «++ , Cm), 


then 
ac, = >> ryjbe; (i = 1,---,m), 
Fh | 


where Aj; is ino. Hence if 6, = 1,6, = Ofor’ = J, 
| Aub &;a| = 0, 


an equation of the form (2), whence a bg, with £ in 0, and YE obtains 


It will be seen later that YD and YE are inequivalent properties. 
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THEOREM 16. Let R have property YC relative to g and o. If every pair of 
the finite set of congruences 


(3) x =r (mod a), x = s (mod bd), x =t(modec), 


(a, b, c, --- , 7, 8, t, --- in g) ts solvable, then there exists an element — in 0 such 
that the congruences 


(4) x = ér (mod a), x = &s (mod BD), x = & (mode), 


are simultaneously solvable. 

We prove the theorem by induction. We consider the congruences obtained 
from (3) by omitting first the first congruence and then the second. We 
obtain, then, by the hypothesis of the induction, two elements £ and & in 0 
such that the congruences 


x = &s (mod b), x = &t (mode), 
and 
y = &r (mod a), y = ét (mod ce), 


have simultaneous solutions x and y. 
Since YC obtains, there exist, by Theorem 13, elements £ and 7 in o such that 


fa + n(fax — iy) = a, 
where &(f2 — &y) is in (a). Then 
ff:t2s (mod b), Efex 
ff fr (mod a), ffiy 


Ii 
iil 


tear &,&¢ (mod c), ree, 
thy &,&t (mod c), ee, 


and t.2 = ty (moda). Hence we have a simultaneous solution of (4) with & 
replaced by &£:é and x by £2. 

Corotiary. If YC obtains, there exists an element — in 0 such that every 
integer in (a, b) which is a multiple of — can be written as 


Il 
Il 


m(a + b) + common multiple of a and b. 
For, every pair of the congruences 
x = 0 (mod a), xz = 0 (mod b), x = Xa+ Yb (moda + b) 
is solvable. 
6. The ideal system %. Following Priifer, we state the following definition: 


Let (a, , +--+ , Anja be the set of elements a in q for which there exists an ideal 
te A (O) in & such that 


(a)re & (a), +--+ , Andee. 


If the ring KR is integrally closed relative to q and o (that is, YE obtains), this set 
(a; , «++, @n)a 18 an ideal in an ideal system which will be denoted by A. 
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The proof of the ideal property can be found in Priifer’s paper.” We note 
that always (a, --- ,@n)e & (Qi, --: , Gn)a- 

Priifer also proves’ the following two theorems and we merely state them. 

THEOREM 17. If a,,---,@m are contained in (bi, ---,bn)a, then there 
exists an ideal re # (0) in & such that 


(a, vial , Am)e Xe a (bh, , ial , Onele. 


THEOREM 18. An element a in q belongs to (a,, --- , Gn) if and only if a 
satisfies an equation 


a’ + fila, ---, anja + --- + filar, --+ , an) = 0, 


where f(a, ,--- ,@,) is a homogeneous polynomial of degree i in a, +--+ ,@n, 
with coefficients in 0. 

THEOREM 19. YA and YA are equivalent properties. 

YA implies YA by Theorem 8. Conversely, let MA hold so that (a,, --- , 
a,) = (d). Then a; = dy;, where uy; isin 9. Also, by Theorem 18, d satisfies 
an equation 


d* + fid™ + fed" * + --- +f. = 0, 


where f,; is a homogeneous polynomial of degree 7 in a, --- , @,, with coeffi- 
. . ft of Dw " ° ‘ 
cients ino. Hence f; = d° f; , where f; is a linear form in q, --- , a , with 


coefficients in 0, so that 
dé+d"*> f =0 


and 


d= —-Dfi, 
a linear form in a, --- , a, , with coefficients in 0. By Theorem 11, £4 holds. 
Turorem 20. MAC and YC are equivalent properties. 
YC implies AC by the remark following the proof of Theorem 9. Conversely, 
let AC hold. If 6 is an ideal in M, then there exists ¢ such that be = (y), or if 
b = (b,---,b.), ¢ = (a, ---, 00), (vy) = (---, be;, ---). Hence 


VY +thy + hy +--+ +h = 0, 


where f; is a homogeneous polynomial of degree 7 in bye; , --- , bec, , with coeffi 
. . 5 ps : . . 
cients in o. Hence f; = y fi, where f; is linear in bey, --- , bets, with 
coefficients in 0, so that we have 


V+ (fit het +f" = 0, 


ory = >> Axjbee;, where d,; is in 0. But since (bic) & (7) it follows that 
(---,be;,--- )e = Dece = (ye. Hence YC obtains. 

Coroutiary. AB, WC, YB, YC and YD are equivalent properties. 

For, by Theorems 12 and 14, ¥B, YC and YD are equivalent properties. 


7 Pp. 14-15. 
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THEOREM 21. YE implies UD, that is to say, property D always holds in ideal 
system %.° 


If 
ere Were ee ree! 
then Theorem 17 yields the existence of an ideal re ¥ (0) such that 
(a), --- ,Gm)e(Q1, --> , Cs)e le oad (bi, --- , Bnde(Cr, --- , Cedete. 
Since (c,, --- ,¢.) # (0) ¥ re, (1, --- , Ce)eXe = Ue ¥ (0) and 
(a; , --+ ,Gm)g lle & (bi, --- , bade Ue 


and by definition of ideal system YW, (a, ---,@m) & (bi, ---,6,), whence 
AD holds. 

Coro.tiary. YE, AD, and AE are equivalent properties. 

For, YE implies AD by the preceding theorem, %D implies WL always, and 
WE implies YE by Theorem 10. 


7. The ideal system Ul. If a and b are elements in g, then b is said to be an 
o-divisor of a (a is an 0-multiple of b) if a = be, where c is in o. 

Let (a, , +--+ ,@n)u represent the totality of elements of g which are o-multiples 
of all common o-divisors of @,,--+,@n. (G1, +++ ,4n)u ts an tdeal in R relative 
to g and 0 and the set of all such is an ideal system U. 

We note that a = ay may be (0) even if the generating elements are not 
all zero. For, if 0 is a proper subring of g, it can very well happen that two 
elerments in g may have no common o-divisors so that the ideal in Ul generated 
by them is the zero ideal. 

We have to verify properties (1)-(5) for an ideal. 


1. Every a; is an o-multiple of every common o-divisor of a, --- ,@n. 
2. Let a,,---,a, be in (bj, ---,6,). Then if d is a common o-divisor of 
b, , _b, , it follows that a,,---,a, are o-multiples of d, whence, since d 


is any coramon o-divisor of by, ---, bn, 
(a, , ++ » Am)u SC (hh, se pOn)u. 


3. Jf a; is im (a), then a; is an o-multiple of a, since the o-multiples of all 
o-divisors of a are exactly the o-multiples of a. 

4. If a is in (a, a,), then ab is a product of b and an o-multiple of all 
ecormmon o-divisors of a, , , 0, , 80 that ab is in (ayb, --- , a,b). 

5. The element a + bis an o-rmultiple of every common o-divisor of a and b. 

Tuvourm 22. The weal (a,, /4,) m any real system is a subset of 
(a, d,jo, promded that (a, ,an)Ju # (O) 
, a, , then (ay, , ,4,) & (d) 


whence (yo ,0,) can contain only o-multiples of d. | Since dis any common 


for, of d is any common o-divisor of a, , 


* Por idea! eyetem 4%, property VEC in aemumed always to hold 
y proy y y 
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o-divisor of a, , --- , a, , it follows that (a, , --- , a,) contains only o-multiples of 
all common o-divisors of a;,---,a,. But then, by definition, (a, , --- ,a,.) & 
et 

THEOREM 23. ‘ is 0-complete if and only if UA holds. 

If R is o-complete and if (a; , --- , @,)u # (0), we let d be the greatest common 
o-divisor of a;,---,a,. Then (d) D> (aq, --- , @a)u since every o-multiple of 
all common o-divisors of a,,---,a, is an o-multiple of d. But (d) ¢ 
(a; , --- ,@n)u since d must be o-divisible by every o-divisor of a, --- ,a,. 
Hence (a, --- ,@n)u = (d). 

Conversely, let UA hold, (a, ---,a,)u = (d) + (0). Then d must be 
o-divisible by every o-divisor of a, , --- , a, ; but d itself is an o-divisor of the a; . 
Hence d is the greatest common o0-divisor of a, , --- , a, and ® is o-complete 
relative to q and o. 

UB and UA are inequivalent properties for we need consider only the case 
when 8 is an (absolute) algebraic number field and g = 0 is the set of all integers 
in ®%. Then UB holds, but if R has class number >1, UA does not hold. 

On the other hand, UB and UC are equivalent properties and the proof can 
be made in the same way as that of YB and YC. 

THEOREM 24. UC and WUD are inequivalent properties. 

We first find a necessary condition that property UC obtain. Let a = 
(a,,--- ,@p), b = (bh, --- ,b,) andab = (y). Then there exist pr quantities 
m;; in o such that 


ab; = ym;;. 


At once we find that ayn; = aymy. We write ma = m,. Then 
(a, , -+- ,@p)(m, «++ , Mp4) 
= (aym , «++ , AyMp_1, 2M, ~~ + , AgMyp 1, --- ,AyM,, - ~~ , ApMy4) 
= (aymy,, --+ , QyMp_1, Aye, - ++ , AypyMe, --+ , AYMy, - ++ , Ap_yMy) 
(a), +++ , Qper)(™my, +++ , Mpa, My). 


Hence, if a is any ideal and a any element in q, there exist an ideal m in o and 
an element m in o such that 


(5) (a, a)m = (im, m)a. 


Henee, if UC is to hold, an equation (5) must hold for all choices of a and a. 
We now adduce an example in which (5) cannot hold for all a and @ so that 
UC cannot obtain; property UD, however, can be shown to hold 
We take ® to be a transcendental ring extension of a tinite field o of ¢ 
elements, where qg is a rational prime, Since every ideal in Ul which is generated 
by elements of o must be o itself, the condition (5) becomes 
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a condition which is certainly not satisfied if a is not in a anda = gq (all of 
this is possible since g is not a field). 
It remains to show that UD holds. 
Ifa = (a,,---,a,), 6 = (bh, --- ,b-),¢ = (4, --- , ec), and if ab © ac, then 
ab; G(---,auai,---). 


Hence, by the definition of the ideal system U there exist, for every 0-divisor 


6 of axe, (( = 1,--- ,p;k = 1, --- , 8), elements m;; and n,;; in 0 such that 
a:b; = 6mj;, aic, = bnx . 
Since a*’ = 1 for all elements a # 0 in 0, we have 
al *b! ts f'* = J ', 
whence bf ' = cf’. Hence b; = ct, where &,' = 1, so that & must be 
one of 1, 2, --- ,g — 1 and is, therefore, in 0. Hence (b;) & (cx) for all j and k 


so that 6 Cc. 

THeoreM 25. UD and UE are inequivalent properties. 

We adduce the following example. Let ® be the field of rational functions 
of two indeterminates £ and over the field of ordinary rational numbers. 
We take gq = 0 to be the set of functions of R in which (1) the total degree of & 
and 7 in the numerator is less than or equal to the total degree of — and 7 in 
the denominator, and (2) the degree of € in the numerator is less than or equal 
to the degree of in the denominator. It is easily seen that g is a subring of §. 

UD cannot hold. For, 


(! ‘y(} “=(2 1 1 ‘) 
E’n/\E' a) \E? En’ Ex?’ a 


whence, if UD is to hold, 


® (1.4) -(!) 


P y Ss P . 
gut & ix not divisible by » °, for 7&¢ is not ing. Henee (6) cannot hold 
and UD does not obtain 
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We now show that UWE holds. Let (a)(a,---,a,) & (b)(a, --- , am). 
We may write a, = 7 (n‘a:) = 7 ‘a;, where the total degree of the numerator 
of a; is the same as that of its denominator. Again, a; = ¢“(a;) = € “ay, 
where a; has, in addition to the property possessed by a; , the additional one 
of having the ¢degree of its numerator equal to that of its denominator. Hence 
a, = &“n ‘ay, where a; and 1/a; are ing. It may not be so that for every 7, 
1<i< ma; = ¢*y a, with a, in q, but corresponding to some a, there 
is a pair of integers \’ and y’ such that (1) a; is divisible by 6’ = ¢*'y “for 
1 < i S m, and (2) a = 8’a,, where a, and 1/a; are in q. 

Now, since aa, = bé’m, where m is in g, we have aa, = bm, whence a = 
b(m/a;z) so that, since m/az is in q, (a) & (b) and WE holds. 


8. The ideal systems \' and l!. Extension. Let 3 be an arbitrary commu- 
tative ring with a unit element and possessing no divisors of zero. Let 2(z) 
be a transcendental extension of the quotient field of R so that every element 
of R(z) can be written as a quotient of polynomials in z with coefficients in R. 
Then a relation (a, ---,@n)u 2 (bi, ---,bn)u in M does not necessarily 
imply the same relation in ¥(z). 

We shall prove this statement by the exhibition of a suitable example. 
Accordingly, let 9 be the field of rational functions with ordinary rational 
coefficients of two indeterminates x and y; we define the set of integers g to be 
those elements in which the total degree of x and y in the numerator does 
not exceed the corresponding degree in the denominator. q is obviously a ring 
with unit and we take q = ob. 

We shall introduce a simple but convenient notation. If a = n d, where 
n and d are polynomials in x and y, then D,,«)(r) represents the degree of x 
inn and D, (x, y) the degree of x and y in n— similarly for Daa)(r), Daca(2, y). 

We consider the ideal (a, a’)y in R, where a = x *, a’ = y*areing. It is 
easily seen that an integer ¢ divides a and a’ if and only if 0 S Dayw(e, y) — 
Dyig)(x, y) < 2. Hence, if b = ry *, we have 


Dawe) (2, y) = 3 + Day (x, y) 2 Dae (a. y) + 1, 
Dayog-)(x, y) 1+ Dae (a, y), 


so that Daag y(a, yw) 2 Daag (a, y) and b is divisible by ¢. Since ¢ is an 
arbitrary common divisor of a and a’, it follows that b is in the ideal (@, a’), 
We show now that with a properly chosen definition of integer in N(z), b is not 
in (a, a’)y for this larger ring. 

In Nz) we define the set of integers q’ to be those rational functions a of 
x,y, and z for which (1) Daw(a, vy) 2 1 + Dao. y), and (2) Dy.aw(a, 2) S 
Daca (a, 2). That q’ is a subring with unit of Wr) is clear and it is also clear 
thatga cq’. Wetakeo’ = q’ 

We can now show that in Wz), with the notion of integral element just de- 


fined, b = x/y' is notin (a, a’)y For, let f = x yz; then fis ing Also a f 


yz/r,a'/f cor so that f divides a anda. But b f > y and is not ing 








750 D. M. DRIBIN 


THEOREM 26. Let MN be a commutative ring with unit element and possessing 
no divisors of zero and let g be a subring of R which has a unit but which is not a 
field. Then there exists in the transcendental extension R(z) a subring g’ D g such 
that relative to g’ R(z) does not have property YC. 

We define g’ to be the ring of all polynomials 


2 
a + az + oe +---, 


where ao , a; are in g and a; (¢ 2 2) are in ®. 

Let Ao in g have the property that A> # 0 and Aw ¥ 1 for every v in g—this 
can be realized since g is not a field. Then, by Theorem 13, YC can obtain in 
R(z) only if there exist elements Xo + Xiz + --- , Yo + Yiz + --- in g’ such 
that 


Xe + Xe + ---)4+H¥o+ Yat ---) @ he, 


where z(Xo + Xiz+ --- ) = Ao(vo + mz + --- ), where m% + 2 + --- is in Qg’. 
We have, immediately, Xo = A», whence Xo = 1; also Aw, = Xo = 1, con- 
trary to the choice of Xy. Hence YC does not obtain. 

Coro.tiary 1. There exist complete rings that are not linearly complete. That 
is to say, properties YA and UA are inequivalent. 

For, let ® be the ring of all rational integers and let R = g = 0. Then, since 
® is not a field, it follows from Theorem 26 that for a proper choice of the integral 
elements of R(z), the property YC does not hold in R(z). Hence §(z) cannot 
have property YA although it does have property UA. 

The example in the preceding paragraph yields the 

Coro.iary 2. Properties UA and YC are inequivalent. 

We mention, finally, that Priifer has shown’ the inequivalence of {4 and UWE. 

We now append the following scheme which shows the relations between 
the various ideal systems that we have considered. Implication is denoted 
by an arrow. 

UA — YA YA 
| 1 | 
UB <— YB > AB 

! i 
uc — ¥C HAC 
| i | 
UD < YD — AD 
l | 1 
UE — YE UWE 


A glance at this scheme reveals that YD does not imply UD so that D is not 
a monotonic property. 

We prove, finally, 

Turonem 27. If ® is a commutative ring with unit clement having no divisors 


* Op. cit., p. 19 
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of zero, then R can be imbedded in a ring KR’ which has no divisors of zero and such 
that 

(1) an element of R is integral in R’ if and only if it is integral in KR, 

(2) MR’ is complete. 

Define ®’ to be the field of all rational functions with coefficients in the quo- 
tient field of 8 of an indeterminate z. We define the set g’ = o’ of integral 
elements of ®’ to be the functions 

ao + az +: ae 


ay + ayz+---’ 
where ao, a, ---,@o, @,--- are in § = 0, where @ is divisible by ao, and 
where the degree of the numerator does not exceed that of the denominator. 
q’ is easily seen to be a subring of ®’ with a unit element. Also, an element of 
® can be integral in R’ if and only if it is integral in ®. 
Let aand 6 being’. We let d be a common denominator of aand 8. Then if 


Dy (z) = Dalz) — m, Djyis)(z) = Dalz) — me, 
where m, and mz are rational integers = 0, we see that 6 can divide both a and 8 
only if 
0 < Dag(z) — Daw(z) S min (m, , ma). 
But if we choose 6 in particular to be 


1 


“i 1+ ~min (m),m2) » 
- 


50 


then 4 actually divides a and 8 and is in reality a greatest common divisor of 
a and 8, since, as is easily verified, every common divisor of a and 8 must divide 
do. Hence % is complete relative to q’. 


Yae UNIVERSITY. 





ONE-PARAMETER FAMILIES OF TRANSFORMATIONS 
By J. L. Doos 


One-parameter families of transformations taking measurable sets into 
measurable sets arise in many parts of mathematics. The purpose of this 
paper is to present a detailed study of the regularity properties of such families. 
Before we begin this study, some introductory remarks on measures in product 
spaces will be made. These remarks have some independent interest, so they 
will be phrased more generally than necessary for the actual applications to be 
made in the present paper. 


Introduction 


Let T (Q) be any abstract space, whose points will be denoted by t @). Let 
SF, (F.) be any Borel field’ of t-sets (w-sets) including T (Q) itself. The space 
of points (tf, w), the direct product of the two spaces, will be denoted by TX Q. 
Let E be a set of F, and let A be a set of F,. Then the condition t « E,w €A 
determines a (t, w)-set E & A, and we shall denote by F, * F, the Borel field 
of (t, w)-sets determined by all such sets E X A.” If a Borel field of point sets 
is the Borel field determined by some denumerable subcollection, it will be 
called strictly separable. Wi Sf, and ‘f, are strictly separable, F, * ‘Ff is also 
strictly separable. Moreover, if A is any set of ‘Ff, x ‘Ff, there is a strictly 
separable subfield Ff; (52) of F, (F.) such that A is a set of the field Fx #3 

Let wfA) be a non-negative completely additive set function defined on the 
field F,.° An w-set A, will be called measurable if it differs from a set Ag of ‘fF, 
by a subset of a set of ‘f, of measure 0, and we define u(A,) as u(Ao). Let ‘* 
be the following space: a point of ‘S* is a class of measurable w-sets, any two 
of which differ at most by a set of measure 0. We metrize ‘f* as follows: if 

a 


Ai, As are points of S*, and if A, is a set in the class ac. the distance between 


4* 


3 reg is defined 48 are tan play + Ae A,-As),® or Var if pA, } As A,- Ae) 


Received May 7, 193% 


1 A field of sets is a collection of sets including £, + #,, BE, — B,-E, if it includes FE, , By. 


te 
A Sore) field of sete is a field of sets including > E,, if it includes B, , By 
1 


?"The Korel field of sete determined by a given collection of sets is the smallest Borel 
f sete containing the given collection 
collection of all sets A having this property is readily seen to be a Borel field 
his ore) field certainly includes every set BY A as defined above, so the field is pre 
inmely “he % ‘S., 
* If ulA) ie not alwaye finite-valued, we assume that G can be expressed as a denumerably 
infinite eum of wete in Sf, on each of which w(A) is finite-valued 
‘if yults) <— 4+ %, we can define the distance between As A as mlAy + Ay Ay Ay) and 
the same 4*-topology, but this definition is not possible in the general case, if the 


distance fuse tion i6 to be finite-valued 


r,t 
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Th2 
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= + «. Any collection of measurable sets will be called separable if the 
corresponding ‘f*-point set is a separable point set (i.e., if the corresponding 
‘F*-point set has a denumerable subset dense on it). A strictly separable Borel 
field is separable if u(2) < +; a separable Borel field need not be strictly 
separable. 

We shall also suppose that there is a non-negative completely additive 
function mE of sets E ef, and that if u(7) = + <, T is the sum of a denumerable 
sequence of sets of finite measure. We extend the definition of mE to measur- 
able ¢-sets in the usual way—as u(A) was extended. 

If Ais a (t, w)-set of the form E X A, Ee F,, A € F, we set 2(A) = mE-u(A). 
It is well known® that this definition determines a completely additive non- 
negative set function on the sets of ‘fF, X ‘fF , and this set function is extended 
to the measurable (¢, w)-sets in the usual way. 

We shall use re} edly the fact that whenever a Borel field of sets is extended 
to a field of measurable sets, as described above, if f; is a numerically-valued 
measurable function, there is a function fo , equal to f; almost everywhere, and 
measurable with respect to the given Borel field. This fact is still true if f, 
is no longer supposed numerically-valued, but if it is supposed to take on values 
in a separable Hausdorff space—measurability of such a function meaning that 
open f-sets correspond to measurable sets of the argument space. 

THEoreM 1. Let p(2) < + and let fit, w) be a numerically-valued function 
which is w-measurable for almost all values of t. There is a (t, w)-measurabdl 
function fo(t, w) such that, for cach value of t, f(t, w) = folt, @) almost everywher 
on 2 if and only if 

(i) there is a t-set So of measure 0 and a separable field +.(f) of measurabl 
w-sets such that f(t, w), for t fixed, t & So,’ is measurable with respect to the field 
Ho(f), and 

(ii) there is a function g(y), @ monotone increasing function (in the strict sense) 
of the real variable y, such that if \ ts any measurable w-set, el f(t, w)| ts w-integradle 
on A for almost all t, and 


| elf, w)] dw 
\ 
is a measurable function of t. 


*Cf. 8S. Saks, Theory of the Integral, New York, 1987, pp. 82-88. 
The symbol e’ means “is not an element of". 
* If (i) ts true, and if there is such a function y¢(y), then if y:(y) is any Baire function of » 


such that, if A is any measurable o-set of finite measure, ef{ f(t, w)) is integrable on A for 


almost all é, | wl f(t, w)| deo will be a measurable funetion of ¢, since 
JA 


| wil i, w)) dw | vil fol, w)) dw, 
JA JA 


and the latter is a measurable funetion of (, by Pubini’s theorem. A special case of The 
orem | was proved by Bochner and von Neumann, Annals of Mathematios, vol. 86 193)) 
pp. 208 205 
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If a function fo(t, w) exists, with the properties described, there is a function 
fi(t, #) which is measurable with respect to the field F, X F, and equal to fo(t, w) 
for almost all (¢, w). It is readily seen that there are separable subfields F; of 
F,, F! of F such that f(t, w) is measurable with respect to the field F; x F. 
From Fubini’s theorem we know that there is a ¢-set Sp of measure 0 such that, 
if te’ So, filt, w) = fol(t, w) almost everywhere on Q2. Then if ¢ is fixed and if 
te’ So, f(t, w) = filt, w) almost everywhere on Q, and f(¢, w) is measurable with 
respect to the field F; increased by all sets differing from a set in F by at most 
a set of measure 0. This extended field can be taken as the field F,(f) of (i). 
In (ii) let g(y) = are tan y or any other bounded monotone increasing function 
of y. Then if A is a measurable w-set, 


[ ctw, w)|dw = [ovm, w)| dw 


is a measurable function of t, by Fubini’s theorem. 

Conversely, suppose that (i) and (ii) are true. To prove the existence of the 
function fo(t, w) as described, it is sufficient to assume that ¢(y) is bounded, 
for if this were not so, we could replace g(y) by are tan g(y), and (ii) would 
still be true. Replacing now f(t, w) by ¢[f(t, w)], we see that it is sufficient to 
prove that if there is a t-set So as described in (i), if f(t, w) is bounded, and if 


[1 w)dw is a measurable function of ¢ for every measurable w-set A, there is a 
A 


function fo(t, w) as described in the theorem. Since ‘f,(f) is separable, the 
complex-valued functions, measurable with respect to ‘f.(f), whose moduli 
squared are integrable, determine a finite-dimensional unitary space or a 
Hilbert space, making the usual inner product definition.” Let {g,(w)} be ¢ 
complete normal orthogonal set of functions. If t e’ So, the series 


Dd an(t)gn(w), a,(t) = [16 w)gn(w) dw, 
I a 


° 1 ? ° ° . 
converges in measure to f(t, #) on 2.” Now by hypothesis, if g() is the char- 
acteristic function of a measurable w-set, 


[1 w)g(w) dw 


is a measurable function of ¢. The integral will therefore be measurable (if we 
use the familiar approximation of a measurable function by linear combinations 
of characteristic functions) whenever g(w) is measurable and integrable, so that 


*Cf., for example, M. H. Stone, Linear Transformations in Hilbert Space, American 
Mathematical Society Colloquium Publications, vol. 15, 1932, Chapter I, §5. 

” Convergence in measure is discussed by E. W. Hobson, Theory of Functions of a Real 
Variable, vol. 2, 2d edition, pp. 240 245. The convergence in measure here follows at once 
from the convergence in the mean (Riesz-Fischer theorem) 
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tion each a,(t) is a measurable function of ¢t. The (¢, w)-function a,(t)g,(w) is thus 

L, w) the product of a measurable function of ¢ and a measurable function of w and 

‘of is therefore a measurable function of (¢, #). The partial sums 

1 y 

hat, DX an(t)gn(w) (N = 1,2, --+) 

d if ~s 

vith are then measurable functions of (¢, w). If S is a measurable ¢-set of finite 

nost measure, it follows readily" that the partial sums converge in measure on 
(i). S X Q and therefore that some subsequence of partial sums converges almost 
tion everywhere on S X Q. Since S was an arbitrary measurable ¢-set of finite 


measure, and since 7 is the sum of denumerably many such sets, a familiar 
application of the diagonal procedure provides a subsequence of partial sums 
converging almost everywhere on 7’ X Q to some measurable function of 
(t, w), fi(t, w). There is a t-set S, of measure 0 such that if ¢ e’ S, , this subse- 
quence of partial sums converges almost everywhere on © to fi(t, w). Then if 


"the te’ So+ Si, filt, w) = f(t, w) almost everywhere on 2. We can obtain the 

ded, function fo(t, w) of the theorem by changing fi(t, w), for t « So + S,, to be equal 

ould to f(t, w). 

it to We shall need the following lemma. 

id if LemMa |. Let t-space be the space of real numbers, and let t-measure be Lebesgue 

ian measure. Let &(t) be a function defined for almost all t, and taking on values in a 
metric space. Then if (t) is approximately continuous for almost all t,” 

the (i) &(t) is measurable; 

oduli (ii) of G is any finite t-interval, there is a measurable subset P of G of measure 

or a arbitrarily near that of G at the points of which ¥(t) is continuous relative to P; 

be a (iii) there is a t-set So of measure 0 such that the values of P(t) for t € So form 
a separable -set. 

Conversely, if (i) and (iii) are true, (t) is approximately continuous for almost 
all t. 
Suppose that #(¢) is approximately continuous for almost all ¢. Then it 

thar- has been shown by Stepanoff’ and Kamke™ that (¢) is measurable. To 
prove (ii) that Lusin’s theorem holds-——let G be any open tinterval, and let 
N be a positive integer. If &(¢) is approximately continuous at &, there is 
an open interval 7(t) such that t ¢« J(t) and for any subinterval J of J(¢) con- 
taining f&, there is a measurable f-set E(t) G I(to) which satisfies mJ - E(t) 

if we > (1 — 2-%)'mJ and on which the oscillation of (t) isat most N“'. According 

tions 

that "Cf. J. L. Doob, Transactions of the American Mathematical Society, vol. 42(1937), 
pp. 114-115. 

-rican " We take this to mean that for almost all values of t, ®(¢ + A) > (0) when h — 0 on 
some set (depending on ¢) having metric density lat h = 0 

t Real ® Recueil Mathématique de Moseou, vol. 31(1924), pp. 487-489. 

L once " Fundamenta Mathematicne, vol. 10(1927), pp. 431-433. These proofs assume that 


#(t) is a numerically-valued real function, but are applicable to the present case. 
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ve °9 15 . . . N ! 

to Vitali’s theorem,” there is a finite number of such intervals I:I] , I? , 
. . N N) 

corresponding to points ¢,*’, t2*’, .-- , so that 


m1} -E(t;*’) = (1 — 2-*)' ml}, 
where the intervals J] , 77 , --- are disjunct and 
> mI¥ = (1 — 2-*)' mG. 

Then if 

Ey = > E(t$"’)-1, 
it follows that 

mEx = >, mE(t\*’)-I¥ = (1 — 2-*)' D> mI¥ = (1 — 27”) mG 
? 7 


and the oscillation of #(t) at each point of Ey , relative to Ey , is at most N™. 
Let E* be the common part of the sets Ey , Ewsi., --- 


EY =T] Ry. 


Then” 
mE” = mG — mG-CE” = mG — m Ca CE.) > (1 — 2°" mG 
N 


and #(t) has oscillation 0 relative to BE”, at every point of E*; i.e., &(t) is con- 
tinuous on B* relative to BE”, and BE” has measure arbitrarily close to mG, since 
N is arbitrary, as was to be proved. To prove (iii) let P, be a measurable 
t-set,in ¢t <— n, of measure at least 2n n', such that (2) is continuous 
everywhere on FP, relative to P,. Then if, &, --- is a sequence of values 
of t, including for every value of n a subsequence lying in P?, and dense on P, , 
the values | @(f,)) form a d-set everywhere dense on the values of (1) assumed 


« 


e 
in 2, F,, and (iii) is true with S, the complement of > P,. 


1 
Conversely, suppose that G) and Gil) are true. Then a slight modification 
: ; é , 17 
due to the fact that #7) is not numerically-valued) of LL. W. Cohen’s proof 
of Lusin’s theorem shows that (i) is true, and this implies that &(¢) is almost 


everywhere approxunately continuous, if we use Lebesgue’s theorem on metric 


Jn the following theorem, we develop Theorem J further, considering only 
snetions ft, a) which are characteristic functions of point sets, to simplify 
the oresentation 


‘Juvonurm 2 Lit S be a Oh, wi), and lel Au, he the cross-section of A att ty 


*&. Make, Theory of the Integral, New York, 1947, pp. JOO TNE 
Yhe prefix C will be used to denote the operation of taking complements 
Vundaments Vathematicne, vol (1927), pp 122 124 
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Suppose that A, is a measurable w-set for almost all t. Let @“(t) be the function 
of t taking on values in the metric space ‘F* defined above, for which &™ (to) is the 
point of ‘* corresponding to A;,-M, where, throughout this theorem, M is a measur- 
able w-set of finite measure if u(Q) = ~, and otherwise M = Q. The following 
statements are equivalent. 

(i) For each M, ©“ (t) is a measurable function of t, and there is a t-set Sp (inde- 
pendent of M) of measure 0, such that the sets A,;-M, t € So, form a separable 
collection. 

(ii) A can be changed into a measurable (t, w)-set by changing A; for each t by an 
w-set of measure 0. 

(ili) w(Ay-A) is @ measurable function of t, for every measurable wset A, and 
there is a t-set So , as tn (i). 

(iv) If t-space is the space of real numbers, and if t-measure is Lebesque measure, 
except for a t-set So (independent of M) of measure 0, 


u(M- Aga: CA?) + u(M-Ay-CAr.a) = w(CAz + Arar —_ Ay-Asca)M) = 0, 


for each M, when h — 0 on a set (which may depend on t but not on M) having 
metric density 1 ath = 0." 

It will be sufficient to show the equivalence of (i) and (iii), of (ii) and (iii), 
and of (i) and (iv). We discuss only the case u(2) < & in which M = Q 
throughout the above statements. The general case follows readily, if we use 
the fact that, if u(Q) = ©, we have supposed that © is the sum of denumerably 


many measurable w-sets of finite measure. 

Proof that (i) = (iii). Suppose that (i) is true. Let A? be the ‘*-point corre- 
sponding to the w-set A;. There is then a sequence of f-values f,, &, : 
t, e& So, such that the ‘f-points a, ll -++ are dense on the <'*-point set 
(AT), te’ So. Let» be a positive integer. Define #,(¢) as the function taking 
on values in ‘f* which for ¢ = r e So is equal to that Ay with smallest ) which 
has distance <v ‘from A*. The function 4, (t) is defined for almost all values 
of ¢, takes on at most denumerably many values, each on a measurable tset 
(since b(t) b(t) is measurable by hypothesis), and is therefore measurable 
If te’ So, let AP be an w-set corresponding to 4,(¢). Then if A is a measurable 
wset, w(A;-A) takes on at most denumerably many values, each on a measurable 


® Statement (iv) was suggested to the author by a theorem in probability on the prop- 
erties of stochastic processes depending on a continuous parameter, which was stated in a 
letter from A. Kolmogoroff (the terminology used was developed by the present author um 
the ‘Transactions of the American Mathematical Society, vol, 4201997), pp. 107 MO): 4 
necessary and suflicient condition that there is a measurable stochastic process wilh @ given 


I’*- measure is that, Uf «is any positive number 


lion 2°*) we AD ri) »>el = 0 


for almost allt, whenh + Qona set (whick may depend on 0) Aavrng metric dems Lath =O 

Kolmogorofl's Cheorem oan be proved from the equivalence of (a) and av) of the present 
\ \ 

theorem 
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t-set, so u(A}-A) is a measurable function of t. When v— «, u(A;-A) — w(Az-A), 
so u(A,-A) is also a measurable function of ¢, and (iii) is true. Conversely, sup- 
pose that (iii) is true, so that w(A,-A) is a measurable function of ¢ for every meas- 
urable w-set A, and that there is a ¢-set Sp , as described in (i). To show that 
(tf) = °(t) is measurable, it suffices to show that the t-set corresponding 
(through #(t)) to any open ‘f*-set is measurable. Since (neglecting ¢-values 
in So) the values assumed by (¢) form a separable set, it is sufficient to prove 
that the ¢-set corresponding to any ‘/*-sphere is measurable. This means, if 
p is the radius of the sphere, that it must be shown that, if A is a measurable 
w-set (corresponding to the center of the sphere), the set defined by the 
inequality 


u(A + A, — A-A,) = w(Ay-CA) + w(A-CA,) < tan p 


is measurable. Now u(A,-A) is a measurable function of t, by hypothesis, and 
u(A-CA,) = w(A) — w(A,-A) is also a measurable function of ¢, so that w(A + A, 
— A-A,) isa measurable function of ¢. The inequality u(A + A; — A-A,) < tanp 
therefore defines a measurable ¢-set, as was to be proved. 

Proof that (ii) = (iii). This is essentially Theorem 1 for a function f(t, w) 
taking on only the values 1 and 0, except that we have allowed u(Q) to be + «. 
This extension presents no difficulty. 

Proof that (i) = (iv). We suppose now that ¢-space is the space of real 
numbers, and that t-measure is Lebesgue measure. Condition (iv) (if u(Q) < ©) 
is simply the condition that #(t) be almost everywhere approximately cor.tiau- 
ous. If (i) is true, &(t) is almost everywhere approximately continuous, accord- 
ing to Lemma 1, so (iv) is true. Conversely if (iv) is true, so that &(¢) is almost 
everywhere approximately continuous, (i) is true, also by Lemma 1. 

If w(A,-A) is continuous at ¢ for A = CA,,, 

lim w(Arsn-CAr,) = w(Ar,-CAr,) = 0, 


h—0 
and if w(A,-A) is continuous at & for A = Ay, , 


lim ulAr,-CAr, 4s) = lim [u(Ax,) -— u( Aro ya> As) | = 0 
AO h—-0 
if u(A,,) <*. This suggests an alternative statement of (iv) which will be 
useful in the applications: 
(iv’) Lf t-space is the space of real numbers and if t-measure is Lebesque measure, 


u(A,-M), for each M, is an approximately continuous function of t, except possibly 
for a t-set of measure 0, independent of M. 

It is clear that (iv) and (iv’) are equivalent if w(2) < «. The proof for 
u(t) = « is then readily obtained if we use the fact that in this case Q is the 
sum of denumerably many sets of finite measure. 


Lemma 2. Let t-space be the space of real numbers, and let t-measure be Lebesque 
measure. Let f(t, a) be a measurable function of (t, w) taking on values in a sepa- 
rable Hausdorff space, and defined for t A tb, , and suppose that f(t, w) is measurable 
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in w for each fixed value of t. Suppose that there is a function fw) such that, 
whenever {t,{ 1s a sequence converging to to, lim f(trn, w) = f(w) almost everywhere 
no 


on. Then if \s,} ts any denumerably infinite t-set having ty as a limit point, 
lim f(t, w) = f(w) almost everywhere on Q, when t — ty on the set |s8_}. 


tt 

It is evidently sufficient to consider only the case u(Q) < + x. 

Since the f-space is supposed separable, there is a sequence of open f-sets: 
F,, F2, --- , such that any open f-set is the sum of the F-sets contained in it. 
Consider the w-set A,,y , consisting of the points for which f(w) « Fy , but for 


which f(s; ,w) e’ Fy for some point s; satisfying the inequality 0 <_s;—t <n”: 


Aa = p | fiw) € Fx, f(sj, w) €’ Fy}. 


O<|sj—to|<1/n 


The set A,,y is measurable and does not increase when n increases. We shall 
show that 


lim u(A,.~) = 0 (N 1,2, --- 


n--2 
Unless this is true, there is an integer N and a positive number » such that 


u(An.w) 2 n (n 


(nm) 


Let 8, ,8 


n) - 1 eh 
2”, --- be the values of s, such that 0 < | s, —t% <n. Then 


Anw = Do (fw) ¢ Fr, f(si”, w) € Fr}. 
2 


There is an integer v, so large that 


a (aus — > {flw) « Fr, f(ss”, w) €' Fs!) < 92. 
j=l 


Let a be the set 


. \ f(w) « Fw, f(s}"’, w) e Fy}. 


j=l 


a 
rm ’ , . *,* 
lhen the set Ay = II A,,.~ is of positive measure: 


n=l 


u(Ay) = | 1 Anw — Il Aa w > (Aun. — vw) | 2>y-n bo 2°" = dy. 
n=l n=l 1 


nel 


Let t1, te, --- be the sequence sj", ---, "lie ig ; Then t, — &, 
and if w «Ay , Siw) « Fy, but f(t; , w) ¢ Fy for infinitely many values of j, so 
that, when j —> 2%, f(t; , w) does not converge to fw) on Ay. This contradicts 
the hypotheses, so the assumption w(A,.y) + 0 is false. Now for fixed o the 
statement 


A 


lim fit, w) = fiw) (te {sat) 


fnmelte 
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can be restated: if Fy is any Fj-set containing f(w), f(t, w) « Fy for sufficiently 

small values of t — to (f€ |s,}). Thenif {ny} is any sequence of positive integers, 

the w-set where it is not true that lim f(t, #) = f(w) (t € {s,}) is included in 
t-+to 


the set ye Any.w- If € > 0, since lim u(A,,.) = 0, we can choose an integer 
N=1 


n->o 


ny , for each value of N, so large that u(An,,v) < <2”. Then 


ia (x An) ») < €, 
N=1 


so that the w-set of non-convergence has measure at most e, and therefore meas- 
ure 0, as was to be proved. 

THEOREM 3. Suppose that t-space is the space of real numbers and that t-measure 
is Lebesgue measure. Let f(t, w) be a measurable function of (t, w), taking on values 
in a separable Hausdorff space. Suppose that there is a t-set So of measure 0 
such that, whenever t, — t €' So , f(tn ,w) — f(t, w) almost everywhere on. Then, 
neglecting an w-set of measure 0, f(t, w), for fixed w, is a continuous function of t 
relative to a t-set (depending on w) whose complement is of measure 0."° 

Let F; , F2, --- be a sequence of open sets of f-space such that any open set 
of this space is the sum of the F;-sets contained in it. Define ¢* (t, w) as follows: 
let w be fixed and suppose that k2-" < t < (k + 1)2-"; then g(t, w) = 1 if 
f(t, w) « Fy for every rational value of ¢ in the interval (k — 1)22" < t < 
(k + 1)2-", and otherwise, ¢3(t, w) = 0. Evidently g(t, w) is a measurable 
function of (t, w). Moreover, g} < g2 < --- , so that lim ¢* = 9” exists 


no 
for all (t, w) and is (t, w)-measurable. By Lemma 2, if t’ e So, and if r — t’ 
(r rational), f(r, w) — f(t’, w) almost everywhere on Q, so that if f(t’, w) « Fy, 
f(r, w) « Fy for r sufficiently near t’ (neglecting an w-set of measure 0). Then 
if f(t’, w) «Fy, ex (t’, w) = 1 for n sufficiently large: g(t’, ©) = 1 almost every- 
where on the set Ay where f(t’, w) «Fy. In other words if f*(¢, w) is the char- 
acteristic function of Ay, ¢*(t,w) = f*(t, w) almost everywhere on Ay. Then 
neglecting an w-set A(F'y) of measure 0, if w is fixed, in Ay, g(t, w) = f*(t, w) 
for almost all t:t & S(w, Fy). Now from the definition of g”, if g“(, #) = 1, 
¢(t,w) = 1 fortnear t’ (w fixed), so if w is fixed, not in A(Fy), andift & S(@, Fy), 
whenever f(l’, w) « Fy, f(t, w) « Fy for t near U. The theorem states that 
(neglecting an w-set A of measure 0) if ty & Siw), where S(w) is of measure 0, 
S(t, w) is continuous at & relative to the complement of Si). This can be 
verified at once, if we set 


tL 


S(w) = > Slw, Fy), A= > A(F’y). 


N=~1 N=} 


* This theorem can be interpreted to give an important result in the theory of stochastic 
processes depending on a continuous parameter. Cf. J. L. Doob, Transactions of the 
American Mathematical Society, vol. 42(1937), p. 118. 
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Families of set transformations 


Throughout the rest of this paper, t-space will be supposed to be the space 
of real numbers, ‘f, the field of Borel sets, and ¢-measure Lebesgue measure. 
The families of transformations to be discussed are of two types. 

I. In the first type we suppose that there is a given space 2 and a Borel 
field ‘f,, of w-sets, as discussed above. We suppose that set transformations 
T,A are defined, satisfying the following conditions: 

(a) If A « F,, TA are defined for almost all values of ¢ and are sets of 
J. If 7,A and 7T,(7.A) are defined, then 7T,,,A is also defined and is T,(T,A). 

(8) If Ay, Ae, --- is any sequence of sets of ‘fF, , and if 7A, is defined for all n, 


then r( A.) and T, (II An) are defined, and 
1 1 
r(Sa)= Era, 7 (Ta.) = Hrs. 
1 1 1 


1 

If there is a point transformation which induces the set transformation T, , 
the first half of (8) is automatically satisfied. 

The second type of family to be considered is probably more important. 

II. In the second type we suppose not only the space @ and field ‘f, , but a 
measure yu(A), as discussed above, giving rise to a field of w-measurable sets. 
Let A be any measurable w-set. Then we suppose that 7, is defined for almost 
all ¢ and is a measurable w-set, and that if u(A) = 0, then n(7,A) = 0. Weno 
longer suppose 7’, to be uniquely defined, but only up to an w-set of measure 0. 
We suppose that if 7',A; is defined, and if A, differs from A, by at most an w-set 
of measure 0, then 7A, is also defined and is T,A, , aside from the ambiguity 
just mentioned. Hypotheses (@) and (8) are made as in I, with the obvious 
changes forced by the multiple-valued nature of the transformations. 

It follows from (a) and (8) that if ‘F) is any strictly separable subfield of ‘F, , 
there is a t-set Sp of Lebesgue measure 0 such that 7A is defined for A in 'F; 
and # not in Sp. In Case II this conclusion also holds with ‘! any separable 
collection of measurable w-sets. 

Before going into a discussion of families of transformations, we shall give 
several examples. 

(a) Let the space 2 be the perimeter of a cirele, and let “¢, be the field of all 
point sets on this perimeter. We define 7, as the rotation through ¢ radians. 
The example comes under Case I. The field ‘f, is not strictly separable. 

(b) Let the space @ be the (x, y)-plane and let ‘fF, be the field of Borel planar 
sets. We define 7, as the translation 2’ = x +t. Let f(x, y) be a non-negative 
Baire function, and define u(A), if A is a Borel planar set, by 


| | se y) dx dy. 
J A 


Then the family comes under Case UL, if f(x, y) never vanishes. 
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(c) Let the space 2 be a subset of the perimeter of a circle of radius (27)”’, 
of exterior Lebesgue measure 1. Let 4, be the field of intersections of 2 with 
the Borel sets of the perimeter. If EF is a Borel set of the perimeter, the w- 
measure of EQ is defined as the Borel measure of E. It can be shown that 
this defines w-measure uniquely.” Let 7, be the set transformation taking the 
intersection E-Q2 of the Borel set E of the perimeter with 2 into E,-Q, where 
E, is E rotated through ¢ radians. Evidently if 7, is generated by a point 
transformation, the point transformation must be a rotation through ¢ radians, 
and this presupposes that © is invariant under such a rotation, a supposition 
not necessarily fulfilled. 

(d) Let the space 2 be the space of all real-valued functions x(t), —x < t 
< +x. Let F(A) be any monotone non-decreasing function satisfying the 
following conditions: 

lim F(A) = 0, lim F(A) = 1, lim F(A + &) = F(A), 

A —o A+ +00 «0 
and suppose that F(A) takes on at least one value not 0 or 1. Consider the w-set 
defined by the conditions 


x(t;) = dj; @) = - oe ee n), 

where n is any natural number, t, , --- , t, any distinct values of t, A, , --- , An 
n 

any n real numbers. To this set is assigned the measure Il F(A;). If F, is 
1 


the Borel field determined by all such sets, w-measure is completely determined.” 
In the language of probability, the values of z(t) at the different values of ¢ 
are independent of each other. The transformation 7’, is the transformation 
taking w: z(t) into T,w:r(t + 7). The measurable w-sets do not form a separable 
collection. For if \» is so chosen that 0 < F(Xo) < 1, the condition x(t) S Xo 
defines a measurable w-set A, = T_,Ao , and the ‘f*-distance between any two of 
these sets A;,, Ay, is 


d = are tan {2F(do)[1 — F(ro)]} > 0, 


independent of t; , tr. 

Let T X © and (t, w)-measure be defined as in the introduction. Suppose 
that a family of set transformations 7, is given, as defined above in Case I. 
Let A be a set of ‘fF, and consider a (t, w)-set A which meets t = t in 7,,,A, if 
T,,A is defined, and is otherwise arbitrary. If A is a measurable (t, w)-set for 
every A in ‘f,, the family of transformations will be called measurable.~ In 


°Cf. J. L. Doob, Transactions of the American Mathematical Society, vol. 42(1937), 
pp. 109-110. 

21 A. Kolmogoroff, Grundbegriffe der Wahrscheinlichkeitsrechnung, Ergebnisse der Mathe- 
matik, vol. 2, No. 3, pp. 24-30. 

2 This definition generalizes one given by von Neumann, Annals of Mathematics, 
vol. 33(1932), p. 589, who discusses families of measurc-preserving point transformations. 
It should be noted that the definition depends on the particular w-measure defined. If A 
is a wet of Sh X Sh, for each A in Sh, however, the family of transformations will be measur- 
able whatever the definition of w-measure. 
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Case II we have allowed the definition of 7, to be ambiguous. In defining 
measurability we shall require that one possible (¢, w)-set A corresponding to 
the given set A be a measurable (¢, w)-set, if A is any w-measurable set. 

It is easily shown that, if a family of set transformations is being considered, 
under Case I, and if the set transformations are generated by point transforma- 
tions (which we shall denote by 7 w), the family of transformations is measurable 
if and only if, whenever f(w) is a real-valued function of w measurable with 
respect to the field ‘f,, , f(T’) is a (t, w)-measurable function. 

TuHeoreM 4. Let |7,} be a measurable family of set transformations, Case I 
or II. In the following, M will always be a measurable w-set of finite measure, 
and M = Q in (i), (iii), (iv), 7 u(Q) < +. 

(i) If A e F,,, there is a t-set So(A) (independent of M), of measure 0, such that 
the sets {T.A-M}, t € So(A), form a separable collection. 

(ii) If A eS , u(TA-M) is a measurable function of t, for every M. 

(iii) If A ¢ F, and if ©\'(0) is the function, taking on values in the metric space 
F*, for which \ (to) corresponds to T,,A-M, © (t) is a measurable function of t, 
for every M. 

(iv) If A eS, , there is a t-set So(A) independent of M, of measure 0, such that, 
if te’ So(A), u(M- 7 4,A-CT.A) — 0 when h — 0 on a set (which may depend ont 
and A but not on M) having metric density 1 ath = 0. 

Conversely, if a family of ‘set transformations under Case 11 satisfies (i) and 
(ii), or (i) and (iii), or (iv), the family is measurable. 

If A, is a measurable w-set, there is a set As in ‘+, differing from A, by at most 
an w-set of measure 0, so that, in Case II, 7,A, = 7A, , and A can be taken as 
any w-measurable set in the statements of Theorem 4. In (ii), the measurability 
of u(7,A-M), for u(M) < , evidently implies the measurability of u(7,A-M) 
for an arbitrary measurable w-set M. 

The family of set transformations is measurable if and only if to each w-set A 
in ‘fF, corresponds a measurable (¢, w)-set A meeting ¢ = f in T,A, if T,,A is 
defined. Theorem 2 is then easily applied to obtain the stated results. Of 
the above examples, (d) is an example of a non-measurable family. In fact 
the collection of sets {7',A9} discussed under (d), or any non-denumerable sub- 
collection, was proved non-separable, and this contradicts (i). The other two 
examples in which an w-measure was defined, (b) and (c), are examples of 
measurable families. 

As in Theorem 2, there is an alternative statement to (iv) (in which M is to 
vary even if u(Q) < +). 

(iv’) If A ech, w(T)A-M) ts approximately continuous for almost all t. The 
exceptional t-set ts independent of M, but may depend on A. 

Turorem 5. If |T.} ts a measurable family of set transformations under 
Case 11, then each T, is defined on every measurable w-set. 

Let A be a measurable w-set. We shall show that 7A is defined for all values 
of t. According to Theorem 4, there is a set So, of measure 0, such that, if 


8 Throughout this paper, 7;A-M will denote the set (7;A)-M 
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t « Sy, TA is defined, and the collection 5(M) of sets {7,A-M}, t & So, isa 
separable collection whenever M is a measurable w-set of finite measure. It 
was seen above that there is then a t-set S,(M), of measure 0, such that T, 
(t e’ S,) is defined on every set of 5(M). Now let Mi, Mz, --- be a sequence 


oo 


of measurable w-sets of finite measure whose sum is Q, let S; = 2 S,(M,), and 
1 


let to be any value of t. Then there is a number + such that t — 7 e’ So and 
that 7 «’ S,. If 7 is so chosen, T,,_,A is defined, T;,_,A-M, is a set of S(M,), 
and 7,(T,,-,A-M,) is defined. According to property (8) of the set trans- 
formations we are considering, 


% (= T-1\-Mn) = T,(T 1-1 A) 
1 


is then defined, and T,,A is also defined: T,,A = T,(T.,-,A), by property (a). 

THeoreM 6. If the family of set transformations |T,} under Case 11 is measur- 
able, there is a non-negative (t, w)-measurable function g(t, w) (which may take 
on the value + «) such that if A is a measurable w-set, 


u(T,A) = i g(t, w) dw 
A 


for almost allt. If the measurable w-sets form a separable collection, the exceptional 
t-set can be taken independent of A. 

Let A be any measurable (¢, w)-set, meeting ¢ = f in the w-set A,,. Then 
A, is wmeasurable for almost all t, so that (according to Theorem 5) u(T.A,) 
is defined for almost all ¢. If A is a product set J X A, where J is a ¢-interval 
and A is a measurable w-set, or if A is a finite sum of such product sets, u(7T.A,) 
is evidently a measurable function of t. The function u(7A,) is then measur- 
able for all (t, w)-sets of the field ‘F, x ‘F,, , and therefore for all (t, w)-measurable 
sets, since 7, takes w-sets of measure 0 into w-sets of measure 0. We define a 
new measure on the field of measurable (t, w)-sets: if A is in this field, the new 


measure of A is defined as | u(T,A,) dt. This measure vanishes if A is of (t, w)- 


measure 0, since then u(7T,A,) = wlA,) = 0 for almost all t. Then by the 
Radon-Nikodym theorem,” there is a measurable (¢, w)-function g(t, w) such that 


| p(T’, A,) dl = | | g(t, w) dt dw. 
wt ‘ 


Let A be any measurable w-set and let S, be the set defined by the inequality 
u(T A) <n. Then if J is any tinterval, and if A is the direct product S,-1 X A, 


ull, A) dt | a | g(t, w) dw 
nil iyi A 


“SS Sake, Theory of the Integral, New York, 1937, p. 36. Saks proves the theorem for 
finite-valued set functions, but the extension to the present case can be made without 
difheulty 
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so that 


u(T,A) = [ot w) dw 


almost everywhere on S,. Letting n become infinite, we find that the repre- 
sentation of u(7,A) is valid for almost all tin >> S,. If u(T,A) = +2 ona 
1 


set S,, of positive measure, we find similarly that 


u(T, A) = [et w)dw = + 
A 


almost everywhere on S,. If a denumerable collection of w-sets is preassigned, 
the exceptional ¢-set can be taken independent of A in this collection, since a 
denumerable sum of sets of measure 0 has measure 0. It follows at once that 
if the measurable w-sets form a separable collection, the exceptional f-set can 
be taken independent of A. 

Theorem 6, under the hypothesis that the measurable w-sets form a separable 
collection, can also be derived if we use Theorem 1 and the fact (which follows 
at once by applying the Radon-Nikodym theorem to the set function u(7’A)) 
that for each value of ¢ there is an w-measurable function go(¢, w) such that 


u(T,A) = [elt ode 
A 


for all measurable w-sets A. 

LemMA 3. If E ts any measurable t-set of positive finite measure, and if {5,! 
is a sequence of numbers converging to 0, there is a subset E’ of E, of measure 
arbitrarily near that of E, and a subsequence {54,} of {5,} such that, if t « EF’, 
t+ 6,,¢H (n = 1,2, ---). 

By a theorem of Auerbach,” if ¥(é) is the characteristic function of EF, there 
is a subsequence {4,,} of {6,} such that y(t + 6,,) — ¥(t) almost everywhere. 
According to Egoroff’s theorem, there is a subset £’ of E of measure arbitrarily 
near that of F and such that y(t + 4,,) converges uniformly to ¥(¢) for t « FE’. 
Then there is an integer N such that Y(t + 4,,) > } (so that Yt + 6.) = 1) 
forte E’,ifn > N. The sequence {5,,} can be taken as {da,._}. 

Tureorem 7. Let {7,| be a family of set transformations under Case U. Then 
u(T.A-M) is a continuous function of t (whenever A, M are measurable w-sets 
and yu(M) ts finite) if and only if (a) the family ts measurable and (b) u( T)A-M) ts 
uniformly small (in t for cach fired M) with w(A-M) for t in every finite t-interval. 

It is sufficient above if the family is measurable and if there is a measurabl. 
t-set KE of positive measure such that whenever u(M) < ©, w(T)A-M) ts uniformly 
small (in t for cach fired M) with w(A-M) for tin BE. 

The continuity of «(7)A-M), for measure preserving transformations, follows 
readily from a theorem of von Neumann on one-parameter families of unitary 
transformations in Hilbert space.” In proving that the given condition is 


* Fundamenta Mathematicae, vol, 1101923), pp. 196-197 
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sufficient, if u(2) < x, we can replace the condition that u(7,A-M) be small 
with uw(A-M) for each M by the condition that u(7T.A) be small with w(A) (uni- 
formly in the t-set E£). 

If the family is measurable, and if there is a t-set EF as described, let A, M 
be measurable w-sets with u(M) < ~, and let 6\(t) be the F*-point correspond- 
ing to T,A-M for each value of t. Then it will be sufficient to show that \'(¢) 
is a continuous function of t. We shall do this for a fixed pair: A = A’,M = M’.” 
It follows from Lemma 1 and Theorem 4 that every \'(t) is approximately 
continuous for almost all ¢. Let M; = M’, Me, --- be a sequence of measurable 
w-sets of finite measure whose sum is 2. According to Theorem 4(i) there is a 
t-set S, of measure 0 such that the sets |7,A’-M,}, ¢ & S,, form a separable 


collection 5, . Let 
4 an 
So = z Bas o= ; # On, 
I I 
and let A; , A:, --- be a sequence of measurable w-sets everywhere dense (in 


terms of ‘f*-topology) on 5. Let I be a t-interval such that m(E-T) > 0. Ac- 
cording to Lemma 1(ii) (Lusin’s theorem), there is a measurable subset E jx 
of E-I], of measure at least 


io itm 2" 


such that @:*(t) is continuous on Ey, relative to Ey,. If F is defined as 

a . , , v . . , . 

CS, [] Ex, mF = 4m(BE-1) and y(t) is continuous on F, relative to F, 
k=} 


for all j,k. If A is @ set in ©, there is a subsequence of sets {Aqg,} such that 
A., —» A in the sense of ‘-topology. Then &4(t) — @'*(t) uniformly on E, 
according to the hypotheses of Theorem 7, so that #4*() is continuous on F, 
relative to F. The same reasoning shows that &'*(t) is continuous on F, rela- 
tive to F, whenever A is « finite or denumerably infinite sum of sets in &~ for 
example, if A TA’, te So. We shall now show that if t is any real number, 
4.) (t) is continuous at &. To show this, it will be sufficient to show that, 
whenever |4,.j is a sequence of numbers converging to 0, there is a subsequence 
for whieh 2) (ty + 40.) > OE (th). By Lemma 3, if [4,} is a sequence of 


44, 
numbers converging to 0, there is a subsequence {6,,} and a subset FP’ of F, of 
positive measure, such that, ifte Ff’, t + 60,6 F (n 1,2, ---). Now let +r 
be a number in F’ such that & re Sy, and let A” be the set 7,,.,A%. Then 
Mm’ Mu’ mM’ ; M’ 
Y,. (ty) WV, ir) YP, P (fy { ba,) Pyold } %a,) 
But 7, 7 + 46,,7 + be, are all in J’, so (remembering that M’ M;) 
uu’ u’ ‘ M’ M’ 
Vv, (ty 4 Ga) Vail 4 %.a,) >Waelr) y+ (ly), 
7 ly tf pro are | 
Mult) <— «, only the com MW’ need be considered, and the proof ean be econ 
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Conversely, if 4(7';A-M) is continuous whenever u(M) < «, the family of 
set transformations is measurable, by Theorem 4(iv’). Let M be a fixed measur- 
able w-set of finite measure. Then for each value of t, u(7.A-M) is a finite- 
valued absolutely continuous function of sets A, and therefore approaches 0 
with w(A). Unless u(7,A-M) is uniformly small with u(A-M) for ¢ in every 
finite interval, there is a finite interval J, a sequence {t,} of values of ¢ in J, 
a sequence of measurable w-sets A; , A, , --- , and a positive number ¢ such that 


- 


w(As) > 0, p(TaAa-M) 2, (n = 1,2,---). 


We can suppose subsequences have been chosen, if necessary, so that the 

sequence {t,} converges: t, —>* tf, and that the numbers {4(7,,A,-M)} which 
. -1 

we have already shown converge to 0 with n~ form a convergent sum: 


Dd ulTipAn-M) < &. 
1 


Then if AY = >> Ay, 
N 


e S w(T:, An: M) < < p(T,,A* -M) (n = 


so that, letting n become infinite, and using the continuity of u(T,A-M), we get 
< u(T,,A*-M) S D> u(T., A.-M). 
NX 


This inequality is impossible for large values of NV, since the sum on the right 
converges to 0 with N“'. Therefore 4(7’,A-M) is uniformly small with u(A-M), 
te J, as was to be proved. 

In Example (a) above, we did not define an wmeasure. If we choose some 
finite set of points on the perimeter of the circle and define the measure of an 
w-set as the number of these points in it, a(7.A-M) is not a continuous function 
of t, if A, M are suitably chosen. In Example (b), Theorem 7 may or may not 
be applicable, depending on the choice of f(2, y). In Example (¢) Theorem 7 
is applicable. We have already seen that the family { 7.) of Example (d) is 
not measurable, 

Tunorem 8. Let {T:} be @ measurable family of set transformations 
Case | or IL), and suppose that there is a denumerable collection > of measu 
w-sets such that uf S, ts the collection of sets which ar finite or dentumer rbdly br, 
sums of sels of S, cach set of S, ts taken by T, into a set of S, for almost all vale 
oft. Then wT A-M) ts a lower semi-continuous function of tof A eS, . and 
isa measurable w-set of finite measur 

Let M be any w-menasurable set of finite measure. Applying Lusin’s theorem 
we see that there is a measurable éset Fo of positive measure such that a 7A. M) 
is continuous on F relative to FY, for A in > or a tinite sum of sets in S Now 
let A be a set ind, 
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u(T,A-M) = lim “(> TrAwM), 


N--2 1 


The limit is that of a monotone non-decreasing sequence of functions continuous 
on F, relative to F. Then yu(T,A-M) is lower semi-continuous on F, relative 
to F. A modification of the reasoning used in the proof of Theorem 7 now 
completes the proof of the present theorem. 

Probably the most important application of Theorem 8 is the following. 
Let 2 be a separable topological space, and suppose that open sets are measur- 
able. If the set transformations take open sets into open sets, the hypotheses 
of Theorem 8 are satisfied, and u(7,A-M) will be lower semi-continuous for A 
open and M measurable and of finite measure. 

THEOREM 9. Let |7T,} be a measurable family of set transformations under 
Case I, generated by point transformations. Suppose that Q is a separable topologi- 
cal Hausdorff space and that 5, is the Borel field determined by the open sets of Q. 
Suppose that there is a t-set So of measure 0 such that, whenever t, — t é So, 
Tw — Tw almost everywhere on 2. Then, if we neglect an w-set of measure 0, 
each trajectory |Tw} (—*» <t < @) ts continuous relative to a t-set (depending 
on w) whose complement is of measure 0. 

The function Tw of (t, w) is a function taking on values in the separable 
Hausdorff space 2. Let A be an open set of Q, and let g(@) be the characteristic 
function of A. Then ¢g(w) is measurable with respect to the field ‘fF, so 9(T'w) 
is (t, w)-measurable, i.e., the (t, w)-set for which Tw € A is measurable. The 
function Tw is thus (t, w)-measurable. The function Tw = f(t, w) satisfies 
the hypotheses of Theorem 3, and the conclusion of that theorem becomes the 
conclusion of Theorem 9. 

Let @, 2’ be two abstract spaces, with w, w’ measures as described above. 
Let {7}, {17} be families of set transformations, under Case II, applied to 
the measurable sets of @, 2’, respectively. Then these two families will be 
called equivalent if there is a transformation A’ = TA of the measurable w-sets 
A into the measurable w’-sets A’ with the following four properties. 

(i) The transformation T, defined on every measurable w-set, is multiple- 
valued: two measurable w’-sets are images of the same w-set if and only if they 
differ by at most an w’-set of measure 0. The range of T includes every measur- 
able w’-set. 

(ii) w’(XA) = pA). 

These two conditions imply that T induces a one-to-one continuous corre- 
spondence between the topological spaces ‘F*, F/*. 
(iii) If Ay, Av, --- is any sequence of measurable w-sets, 


1(X s,) = = TA, t I A; = IT TA). 
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(iv) If T,A and 7;EA are defined, then TT,A = T/TA. Evidently if two 
families of set transformations are equivalent, either neither is measurable or 
both are. The equivalence relation is reflexive, symmetric, and transitive. 

THEOREM 10. Let {7} be a family of set transformations under Case I. 
There is then an equivalent family of set transformations {T;} operating on sets 
of a space 2’, with the following properties: there is a uniquely defined point trans- 


a —_ — a 


formation Ti’ defined on Q, for which T.,w = T.(Tiw’) identically in s, t, w’, 
and such that if A’ is a measurable w'-set, T;A’ is one of the images of A’ under T). 
Less precisely, the theorem states that the given family is equivalent to a 
family generated by point transformations. With different hypotheses, von 
Neumann has proved” that a given set transformation of a certain type can 
always be considered as generated by a point transformation. It has been seen 
above that this is not true of the set transformations being considered here. 
Let 2’ be the space of single-valued functions £(t), defined for — x <t < x 
and taking on values in 2. A point w’ will then be a function é£(¢). Let n 


be any positive integer, let t,, --- , t, be any n distinct values of ¢, and let 
Ay, ++. , A, be any n sets in ‘f,. We shall call the w’-set” {£(t;) « A; (j = 
1, --- , m)} an elementary w’-set. Let T’A’ be the (multiple-valued) set trans- 
formation, defined for A’ any elementary w’-set and taking {é(¢;) « A; (j = 1, 


-, n)} into every w-set Il T..A;. If 
1 
e(tj)eA; (fg =1,---,n)} = fee A, (fj =1,---, nod}, 


the condition on £(¢) for a t-value 7 not present in both (, --- fi. 0, +. .G, 
is simply &(r) € Q, while if r = t; = (, Ai; = Ave. Then T’A’ depends only 
on A’, not on the particular ¢-values used in defining A’. Two different images 
of A’ differ by at most an w-set of measure 0. We shall extend the domain of 
definition of T’, keeping the property that two images under T’ of a set A’ 
‘an differ by at most an w-set of measure 0. 

Suppose that an elementary set can be expressed as a finite sum of elementary 
sets” 


(A) fete A; (G=1,---,n)} = 3 (E(t) AS (j= 1,---,n)}. 


k=1 


Then we shall show that the transformation T’ is additive: 


(B) IT 7..,4;= 2 [] 7-:,45. 
1 


k=l jel 


*8 Annals of Mathematics, vol. 33(1932), p. 582 

2° The notation |---| will be used to denote the set determined by the conditions written 
between the braces, 

* Since only a finite number of sets is involved, we can suppose that the same {-values, 
4, -++,¢,, are involved in the definitions of all the sets, supposing that some A; or A‘ sets 
are Q, if necessary. 
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(Throughout this section we shall neglect w-sets of measure 0.) If n = 1, 
(A) implies (B) because of the additivity of T7,. The proof for n = 2 is char- 
acteristic of the proof for n > 1, and only the case n = 2 will be considered. 
By operations on the Aj not affecting the validity of (A), and which do not lead 


¥ 


to changes in > Il T4,A;; we can bring it about that two Aj-sets are either 
k=1 j=1 


disjunct or identical. In the latter case we can combine two terms of the 
right side of (A), again without changing the right side of (B), so that finally 
the Aj-sets are all disjunct (and we can suppose that none are empty). But 
then (A) implies that 





> Ai = A, Ad = Ae, (k= 1,---,»). 
k=1 


Equation (B) follows from these facts; for 





” 2 ¥ 2 
Il ae A‘ = Tat Ae > Tt, At = II T 1; Aj . 
k=1 j=1 k=1 1 


It follows at once from this result that if 


m 


l 
(C) Dd felteah (G=1,---,n)} = DL (eemMi (Gf =1,---,n)}, 
k=1 


k=1 


then 


l n m n 
(D) DY IT 7,4; = 2 IT ro,Mi, 
k=l j=1 kml j=1 

if we neglect sets of measure 0. Then if an w’-set A’ is a finite sum of elementary 
sets (say if A’ is the left side of (C)), we can define TA’ (as the left side of (D)) 
and thus obtain an unambiguous definition of TA’, aside from w-sets of measure 0. 
The complement of an elementary set is a finite sum of elementary sets. The 
collection of finite sums of elementary sets then forms a field, and the trans- 
formation T’ has been defined on this field and is additive on it. 

Now let A’ be an elementary w’-set which is a sum of denumerably many 

“ 


elementary w’-sets: A’ = > An. Then A’ — > AL = M; is itself a sum of a 
1 1 


finite number of elementary sets, so that 
, , ” , , , , 
t’a’ = »D Tt’A, + Z'M,. 


We shall show TA’ > i T’A, by showing that lim u(='M a 0. The sequence 
1 “” 


n 


L 
. . ° , 
M;, Mz, --- is monotone non-inereasing, and I] M,, 0. Let 4, b, --- be 
1 








ence 


. be 
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the ¢t-values involved in defining the elementary sets of M, , M3, -++ and let 
M, be the set 


my 


2X (et) MiG) Gj 2 DI, 


=| 


where Mj(v) = @ for large j, j > j(v, k). By definition, 


tM, = > [1 7.,Mj0). 
k=1 j=1 

The sets T’M;, T’Mz, --- form a monotone non-increasing sequence (if we 

neglect w’-sets of measure 0); let M be their intersection. Then, neglecting 

w-sets of measure 0, we have 


my oc 


> I 74,Mio) 2M wih «<5, 


k=1 j=1 


and we must show that u4(M) = 0. Define M‘(v) by: 


M'() = TT 7, M50), 
A 


so that we have 


my 


DD M‘(v) > M (v 


IV 


1), 


M*(v) S T_1,Mj(v), —- Te, M*(v) & MG(), (j,k, » 2 1), 


neglecting w-sets of measure 0. Then 
my 


DX (et) ¢ T,,M*) (GG =D} SOMO, 
k 


a | 


2 M‘(v) D M (vy = 1), 
=1 


and we shall derive a contradiction from these two relations, under the hypoth- 
esis that u(M) > 0. Suppose first that Q is the z-interval 0 S x S 1 and 
that the M‘(v)-sets are Borel sets. Then u-measure on these sets, and on the 
field they determine, is a measure of Borel sets, so there is a closed bounded 
subset M}(v) of 7,,M‘(v) with Mj(v) = Q, if M‘(v) = Q, such that u(7_.,Mj(»)) 


is so close to u(M‘(v)) that, if we set M‘(») = Il ve + Mj(»), 
=| 


u(M — M >. M‘(v)) s if > (mv) — a) | <p(M)3” ( = 0). 
kel kel 
We have 


T,, M‘(v) S Mie) & 7: M*(v) (j,kyy 21). 
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Define Mi, C M, by 


M, = IT D tet) « Mio) (7 2 0). 
Then 
mT] } ee) eo) Gz) = Y kG Tr MO G = DI, 
v=1 k=1 l=1 
where M'(q) (q fixed) runs through all products M'(1)-M'(2) --- M‘*(q) 


(1 < i; < m;). Denote the set on the right by M). For each q, 


“(d 5i)) " (II . i") thls a a F* wc OX 


?7=1 k=l 
> 3u(M), 


so that some M'(q) and therefore some T..M'(q) is of positive measure. Then 


M, is not empty for any g, and M; D Mz D --- +0. Let w,1&,(t) be a point 
of M,. Then by the usual diagonal procedure, there is an increasing sequence 
of integers a, , a2, --- such that lim &.(¢;) = &; exists for all 7. Any point 


ns 


wit(t) with &(t;) = &; (j = 1) is in Mj, for every n, since all the Mj are closed, 
and this contradicts the fact that Il M. = 0. This proves the result desired 
1 


in the special case being considered: @ the interval 0 < x < 1, M4(v) Borel. 

We reduce the general case to this as follows. There is a collection of w-sets 

|M,}, defined for r rational, 0 < r < 1, and satisfying the following conditions. 
1. Each M, is in the field of sets determined by the M‘(v), and conversely. 
2. Ifr, < re, M,, S& M,, . 


aL 


, ° 31 
3. If r; — re from above, r, , r rational, Il M,, = M,;; 
1 


n 


IIM-=0, DM, = D mi). 


r>0 rol ike 
To each point w we make correspond the real number z, 0 < x < 1, satisfying 


z = G.L.B. r. 


we’M, 


Then every z-value corresponds to a certain w-set, perhaps the null set. The 
interval 0 < g <= r corresponds to M,, if r is rational, so that a measure is 
determined on the Borel sets of 0 < 2 < 1 by taking as the measure of a Borel 
set the w-measure of the corresponding w-set, which is necessarily in the Borel 
field of sets determined by the M‘(v). The general case is thus reduced to the 
case Just proved. 

We have now shown that (if all the sets involved are elementary sets) A’ 


“ Transactions of the American Mathematical Society, vol. 44(1938), p. OL. 








q) 


ing 
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= > A. implies that T’A’ = }> TA‘. It follows at once from this that if an 
1 1 


w’-set can be expressed in two ways as a finite or denumerably infinite sum of 
elementary sets: 


} a 
1 


T 

M 
= 
a 


then 


xs 
40 , , 
ta, = DTM,, 
1 
so that if A’ is a set which can be expressed as a finite or denumerably infinite 


x 
, . 
sum of elementary sets, A’ = > A,, we can define T’A’ unambiguously (neglect- 
1 


- 

. . , , a 

ing sets of measure 0) as > TA,. We now define an w’-measure. In the 
1 


following we shall assume throughout that n(@Q) < x. The case n(Q) = x 
requires unessential modifications. Let A’ be any set in the field of finite sums 
of elementary w’-sets. Then we define u’(A\’) by 


we (A’) = w(T’A’). 


From the properties of T’ and of w-measure, this w’-measure is completely 

additive on its field of definition, so the field of definition can be extended to 

the Borel field of sets determined by the elementary sets, and the measure of 

any measurable w’-set A’ is the limit of the measures of a monotone non-increasing 

sequence of sets, containing A’, which are denumerable sums of elementary sets: 
peo D-:--- >A’, w’(A’) = lim w(A,). 


as 
a 
’ . P ‘ce in 2 > 2,8 . +. ° om 
We now define T’A’ as II TA,. This definition of T’A’ is easily verified to be 
1 


uniquely determined by A’ and to be consistent with previous definitions if 
T’A’ is already defined. The transformation T’ is now defined on every w’- 
measurable set and takes it into w-measurable sets having the same measure. 
There is an inverse T, defined on every w-measurable set and taking it into 
w’-measurable sets of the same measure. The transformation T takes the 
measurable w-set A into every w’-set 


TA = {&(t) € TrA} 


(¢ fixed), any two such sets differing by at most an w’-set of measure 0. Then, 
neglecting w-sets of measure 0 (putting ¢ -h and replacing A by 7A in the 
above equation), we get 


TTA = (&(—h) € A}. 


* H. Hahn, Pisa Annali, vol. 2(1983), p. 433. 
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Now let 7, be the point transformation taking w’:£(t) into Tywo':&(t + A). 
Then 
T,IA = Ty{&(0) €A} = [E(—h) € A}, 
if we neglect w’-sets of measure 0, i.e., 
IT,A = T,ITA. 


The set transformation 7; of Theorem 10 is that generated by the point trans- 
formation 7; , if we neglect w’-sets of measure 0. 


UNIVERSITY OF ILLINOIs. 











SUFFICIENT CONDITIONS FOR THE CONVERGENCE OF A 
CONTINUED FRACTION 


By Wa.LTeR LEIGHTON 


atl 1. Anew convergence criterion. Continued fractions of the form 
aq, de 
1.1 1 —— —— "> (a, 0), 
(1.1) + i+ i+ (a ) 


where the quantities a, are arbitrary complex numbers, are of particular im- 
portance from a function-theoretic point of view.’ J. Worpitsky, E. B. Van 
Vleck, and A. Pringsheim proved independently that the conditions a, S } 
(n = 2,3, ---) are sufficient to insure the convergence of (1.1).°  O. Szdsz [2] 
showed that } was the best such constant by pointing out that the continued 


fraction (1.1) with 


a (n = 1, 2, 3, ---) 


diverges for every « > 0. Szdsz [1] proved that a sufficient condition for the 
convergence of (1.1) is 





 -) co) 

> !a.| — dX Ra.) < 2, 

n=? n=? 
where R(a,) is the real part of a,. Leighton and Wall [1] proved that the 
conditions | deny | S 4, | don | 2 72 (m = 1, 2, 3, ---) are sufficient. All the 
above conditions require at least an infinite subsequence of the numbers a, 
to be S } in absolute value. The following theorem removes this condition 
in a rather unexpected manner. 

Turorem. If the numbers a, satisfy the conditions 


2+ m 
[1 +a3| = |a| +1, a3| 2 R 
l1—m 
de,| Sm (n = 2,3,4, ---), 
\denga, S 2+ MAM Ayr (n = 2,3,4, ---), 


where m is any positive number <1, the continued fraction (1.1) converges 


Received June 3, L038 

' See, for example, Perron |2|, Chapter VILL (Numbers in brackets refer to the bibli- 
ography at the end of the paper.) WT. Seott, in preparing a Rice Lustitute thesis, has 
found recently a number of results which strengthen significantly a natural generalization 
(Leighton [1]) of the material discussed by Perron (loc. cit.) 

2 QO). Szisz [2] discusses the history of this criterion 


9: 
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To prove the theorem let us recall that the n-th approximant A,/B, of a 
continued fraction 


ay ag 


b+ bt 


where the a, and b, are arbitrary complex numbers, is defined by the following 
recursion relations: 


Ao = bo, By = 1 


¢3.3)’ bo + 


(1.2) A, = bb +a, B, = b, 
An = bpAn-t + GnAne, Bra = baBniu + anBu-2 
(n = 2, 3,4, ---). 
Associated with (1.1) are the two continued fractions 


— 1 de — 4304 — 5 Ag 


(1.3) (1 +a) + (1 + a, + a3)+ (1 +a; +a5)+ (1 +a¢+a)+ ’ 


ay — 2,03 — 1405 Pres 
1 + aot (1 + a3 + a4)+ (1 + a5 + ae)+ 


Let A,/B, , A/B, and A*/B’, denote the n-th approximants of (1.1), (1.3), 
and (1.4), respectively. It follows that (Perron [1], p. 201) 


(1.4) 1+ 


A’ = An, A‘ = Asai, 
(n = 0, 1, 2, ---). 
Bo = B,, By = Ban, 


Pringsheim has shown that the continued fraction (1.1)’ will converge if 
(Perron [1], p. 254) 


(1.5) b,| 2\a,|+ 1 (n = 1,2, ---), 


and that, subject to (1.5), the numbers | B, | associated with (1.1)’ satisfy 
the conditions 


(1.51) Bb, By | 2 | aim --- ay (n = 1,2,3, ---). 
The plan of the proof of the theorem will be to show that if 
1+m!| 21+ /a)), 
an| Sm <li (n = 1,2,3, ---), 


(1.6) in _2+m 
n+l 
| m 


Oana) 22+ m+ m'/ dans | (n 1.2 3,.--+}, 











fa 


‘ing 


1.3), 


+), 
tisfy 
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conditions (1.5) are satisfied for (1.3) and (1.4). It will follow that both (1.3) 
and (1.4) converge. Thus the sequences {Aons:1/Benyi} and {Aen/Beo,} will 
converge. The proof will then be completed by proving that 





(1.7) lim 42+ — jim 4% 


n> Bons ns Bo, 4 


That the last two conditions (1.6) imply (1.5) follows at once from the obser- 
vation that the conditions 


| densa | — | 1 + aon) 21 + | Gen-sQon | (n = 1, 2,3, ---), 


| Genia | — | 1 + Genga | 21 + | Gondanys | (nm = 1, 2,3, ---), 


together with the first condition (1.6), imply conditions (1.5) for both (1.3) 
and (1.4). The continued fractions (1.3) and (1.4) thus converge. It remains 
to demonstrate (1.7). 

From (1.51) it follows that, subject to (1.6), 


Bonus | — | Bona | 2 | Qydg -+- Aen (n = 1,2, ---), 
(1.8) 


Bonse | — | Ban = | A\d2 +--+ Aone (n = 0, 1, ---). 


Thus the sequences || Be, |} and |; Bens; |} are strictly increasing with mn.  Fur- 
ther, applying first the well-known formula for the difference between two 
consecutive approximants (Perron [1], p. 16) and then (1.8), we have 


(1.9) Aens1 = Asn = Q, 0g *** Qens1 < l Bans 7 1 
Bay “ Bz» Bo» Bz, +1 Bons Bo, 
Ax Ag (42g *** Aen l Bs, +1 
1.10 ie - < _ e). 
( ) Bo, Boy. 1) Ben-1 Bo, 7 Bs,, | Bo,, 1 


If the numbers | B., | are uniformly bounded with respect to n, it follows that 
lim | Be, | exists, #0 and finite, and (1.7) follows at once from (1.9). If the 
numbers | Be, , | are uniformly bounded, a similar argument shows that (1.7) 
follows from (1.10). There remains the possibility that lim | B,, = lim 
| Bonyy | = %&. To prove (1.7) for this case we recall that 


Bonys = Bangi + Gany2Bon , 


and hence that 


Banyo < l 4 | (lan+2 < l } l 
By, Bony | Bs, | Banya Bs, i Bans 


Thus (1.7) follows from (1.9), and the proof of the theorem is complete 
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In an entirely analogous manner one can show that sufficient conditions for 
the convergence of (1.1) are the following: 


2+m 

> | | + ie ——. 

(1.11) (1+ a@)| 2 ja} 1, 141 = 7! 
dengi| Sm <1, dense | 22+ m+m| az, | (n = 1,2, 3,---), 


where m is any positive number <1. 

Conditions (1.6) and (1.11) are clearly independent of the sufficiency condi- 
tions referred to at the beginning of the paper, even when m = }. Further, 
they are not corollaries of (1.5) since conditions (1.5) never apply to continued 
fractions of the form (1.1). By means of (1.11) it is easy to construct examples 
to show that the continued fraction 


1 1 1 
ae ee ee Se ee 


i+ 1+ + 
can converge for various choices of the e, > 0, even though it diverges when 
Q=@&@=—~g=—---=e>QdV. 

In conclusion, we note that the following theorem can be established by a 
well-known argument (e.g., Perron [1], p. 260). 

Tueorem. If the quantities a, are functions of a set of variables, the continued 
fraction (1.1) converges uniformly in any closed region characterized by the in- 
equalities (1.6) or by (1.11). In particular, if the a, are analytic functions of a 
single complex variable x, the continued fraction (1.1) represents a function f(x) 
which is analytic throughout the interior of the closed regions described. 


eee 


1+ 
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ALGEBRAIC FUNCTIONS OF ANALYTIC ALMOST PERIODIC 
FUNCTIONS 


By Harautp Bour AND Donatp A. FLANDERS 


It is our purpose here to extend to analytic almost periodic (a. p.) functions 
investigations previously carried on by several authors concerning the a. p. 
character of the solutions of algebraic equations whose coefficients are a. p. 
functions of a real variable. 

The basic theorem (Theorem 1) concerning the existence of analytic a. p. 
solutions is an almost immediate consequence of the corresponding theorem 
(due to Walther and Cameron) for the real case, which latter may be stated as 
follows: If the coefficients of the equation 


y™ + Xiy" + --- + Xa) = 0 


are a. p. functions of the real variable ¢, and if the absolute value of the dis- 
criminant is bounded from zero, then the equation has m distinct a. p. solutions. 
Theorem 1 is proved in §1. 

Further information concerning the nature of the solutions can be obtained 
by taking account of the exponents of the exponential series of the coefficients. 
Thus in the real case Cameron showed that the modulus of the Fourier exponents 
of each solution is contained in the quotient by an integer (Sm) of the modulus 
of the Fourier exponents of the coefficients. In a previous paper’ we have 
refined this result by means of the notion of the “almost translation group”’ 
of the equation; particularly in the case where this group is transitive. As these 
results can be carried over directly to the analytic case, we shall not enter on 
them further, but refer the reader to the paper cited. 

In the analytic case particular importance attaches to functions whose 
Dirichlet exponents are bounded on one side, since the functions are then a. p. 
ina half-plane. In §2 we show that when the exponents of the coefficient func- 
tions are bounded below and those of the discriminant have a minimum, then 
the exponents of the solutions are bounded below (Theorem 2). If in addi- 
tion the exponents of the last coefficient likewise have a minimum, then the ex- 
ponents of every solution also have a minimum. 

Ostrowski’ has treated the problem from quite another point of view, namely, 
the purely formal one, where the coefficients are taken to be formal Dirichlet 
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series without regard to the possibility of their representing functions. Such a 
formal treatment requires that the Dirichlet series considered be restricted to 
those of ordinary type, i.e., those with exponents bounded on one side and 
having no point of accumulation. The set of these series forms a field and by 
algebraic considerations Ostrowski succeeded in showing that this field is alge- 
braically closed, that is, that every polynomial with coefficients in the field can 
be completely factored in the field. The formal and the analytic methods deal 
with the same material when the coefficients are a. p. functions whose Dirichlet 
series are of the ordinary type indicated above. After establishing in §3 some 
preliminary definitions and lemmas we devote §4 to showing that this class of 
functions, like the class of series considered by Ostrowski, forms an algebraically 
closed field (Theorem 3). There is appended a corollary, applying this theorem 
to the real variable case. 

The setting of our Theorem 3 may be regarded as being derived from that of 
Ostrowski’s problem by imposing upon the ordinary Dirichlet series appearing 
in the coefficients a restriction of function-theoretical nature, namely, that they 
shall be the Dirichlet series of a. p. functions. Ritt,® who was the first to extend 
the classical problem of algebraic functions of power series to exponential series, 
solved a similar problem by imposing a series-theoretical condition in that he 
supposed the coefficients to be ordinary Dirichlet series which are absolutely 
convergent in some half-plane. As before the set of series considered forms a 
field. In algebraic terminology the result of Ritt--which was independently 
found by Ostrowski and of which another proof is given in the paper cited 
above— states that this field, which is a subfield of the field dealt with in Theorem 
3, is in its turn algebraically closed. 

Both Ritt and Ostrowski consider other cases of algebraic functions of ex- 
ponential series, which, however, do not connect immediately with our problem. 


1. Let s = o + tt be a complex variable. For —x« Sa<BS 4+” we 
shall denote by (a, 8) the open strip of values of s given by a <a < B, —-@% < 
t< +. Forasimilar choice of a and 8 we shall denote “every strip (a , B;) 
such that a < a < B, < 8” by fa, B]. Thus “f(s) has property A in [a, B]” 
means that f(s) has this property in every strip (a, 6,), but not necessarily 
uniformly for all such strips. [a@, 8) and (a, 6) have the corresponding meanings 
fora<a <6, S Banda <= a, < f, < B, respectively. 

We recall that a function f(s) which is analytic in (a, 8) and a. p. in [a, Bl is 
bounded in [a, 6); and that a rational integral function of such functions is itself 
analytic and 4. p. in [a, B}. 

A function which is analytic and a. p. in [@, Bl is an a. p. funetion of the real 
variable t on every vertical line s ay + itin (a, B). The means to make the 
analytic case considered here depend upon the previously treated real case is a 
partial converse of this property, namely, afunetion which is analytic and bounded 


* J.P. Ritt, Algebraic combinations of exponentials, Transactions of the American Mathe- 
matical Bociety, vol. 4101929), pp. 654-679 
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in [a, 8! and which is an a. p. function of ¢ on some vertical line in (a, 8) is a. p. 
in [a, 8B}. 

We shall use the fact that if f(s) is analytic and a. p. in [a, 8] and # 0 in (a, 8), 
then GLB | f(s) | > 0 in [a, Bl. 

Now let 


(1) y” + 2(s)y"™ | +--+ + Iua(s)y + 2u(8) = 0 


be an algebraic equation of degree m in the complex variable y, with leading 
coefficient unity and remaining coefficients analytic a. p. functions of s in some 
common strip. We shall suppose that the discriminant 


(2) D(s) = d[x(s), --- , 2m(s)] 


is ~ 0 in some whole strip (a, 8) lying in the foregoing common strip. Then 
equation (1) has a uniquely determined set of m distinct analytic solutions in 
(a, 8), say 


(3) ri(s), +++ , Tm(8). 


Since the leading coefficient of equation (1) is unity and the remaining coeffi- 
cients are a. p. in [a, 8] and hence bounded there, we know that each solution (3) 
is bounded in [a, 8]. 

TuHEeoreM 1. If the coefficients of equation (1) are analytic in (a, 8) and a. p. in 
[a, B] and D(s) ¥ 0 in (a, 8), then the m distinct analytic solutions (3) are a. p. in 
la, 8]. 

As these solutions are bounded in [a, 8] we have only to show that they are 
a. p. functions of f on some vertical line s = oo + it lying in (a, 8). On sucha 
line the coefficients of equation (1) are a. p. functions of ¢ and the discriminant 
satisfies an inequality | D(oo + it) | > A > 0, since D(s) is a. p. la, 8] and = 0 
in (a, 8). Hence, applying the the orem for the real case mentioned in the 
introduction we see that the continuous solutions of this equation, ie., the 
values for s = o9 + ¢t of the solutions (3), are a. p. functions of ¢. 


2. The general result expressed in Theorem 1 becomes more available when 
we have some means of determining common strips of almost periodicity of the 
coefficients and zero-free strips of the discriminant. In an important class of 
cases information of this sort can be obtained from the Dirichlet series of the 
cocflicients, to which we now turn. We shall denote the Dirichlet series of an 
analytic a. p. funetion f(s) by i aye (and write f(s) ~ > aye“), where \ is 8 

\ \ 


real parameter, a, is a one-valued complex function of A which is zero for all 
but a countable set of values of \, and those values of \ for which a, = 0 are 
the Dirichlet exponents of f(s). The properties which we shall use may be 
summed up in the following two statements 

(n) If f(s) is analytic in a half-plane (— ©, 8), bounded in (— ©, 8} and a. p 
in|— oo, 8], then it isa. p. in (— -, 8} and its Dirichlet exponents are non-nega- 
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A(a+it) 


is the Fourier 


° . X . . 
tive, i.e., f(s) ~ tis aye“; and quasi-conversely, if ie aye 
A20 AzO0 


series of an a. p. function F(t) of the real variable ¢, then there exists a func- 
tion f(s), analytic, a. p. and bounded in (— ~, a), such that f(s) ~ > ae" and 
» 


f(o + tt) — F(t) uniformly as ¢ > a. 

(b) Let f(s) be analytic, a. p. and bounded in (— ~, 8] and let the GLB of its 
Dirichlet exponents be A (2 0). There is a simple criterion by which we can 
determine whether A itself is an exponent (i.e., a, # 0), namely: A is or is not 
an exponent according as there does or does not exist a half-plane (— ~, y), 
throughout which f(s) # 0. 

TueoreM 2. If the Dirichlet exponents of the coefficients of equation (1) have a 
GLB A, while those of D(s) have a minimum M, then the solutions (3) are a. p. in 
some [— ~, 8], and their Dirichlet exponents are bounded below. 

For the moment consider the case where A (and hence M) is 2 0. Then the 
coefficients and D(s) are analytic, a. p. and bounded in some (— , y), and 
D(s) # 0 in some half-plane (— «, 8) lying in (— ~, y). Hence the solutions 
are analytic and bounded in (— ~, 8) and a. p. in [— ~, 6] (hence in (— @, }) 
so their Dirichlet exponents are non-negative. If now we let A < 0, we may 
transform equation (1) by multiplying its roots by e “* into an equation of the 
sort just considered, whose roots will be analytic and a. p. in some (— ~, 8], 
with their Dirichlet exponents non-negative. Then the product of each of these 
roots by ¢** will be a root of the original equation, will have A as a lower bound 
of its exponents and will be a. p. at least in [— @, 8]. 

Coro.tiary. If further the Dirichlet exponents of the last coefficient 2»(s) 
have a minimum, then so also do those of each solution in |— ~, B]. 

For (as before multiplying the roots of the equation by e “*, if A < 0) if the 
exponents of some solution had no minimum, that solution would have. zeros in 
every left half-plane. Then the product term, z,(s), would likewise have 
zeros in every half-plane, and hence could have no minimum exponent, contrary 
to hypothesis. 


3. By a formal (generalized) Dirichlet series in s we shall mean a formal sum, 


> ae", where ) is a real parameter and a, (the coefficient function of the series) 
- 


is a one-valued complex function of A which is zero for all but a countable set of 

values of A. Those values of d for which a is not zero will be called the exponents 

of the series. It will be convenient to denote such a series by a function symbol, 

say a(s); we shall write a(s) © + & ae" and say that a(s) is formally equivalent 
A 


to the series. Two formal series a(s) and b(s) are identical (a(s) = b(s)) if and 
only if their coefficient functions are identical. 

When a formal series a(s) is the actual Dirichlet series of an a. p. function, we 
shall use the symbol a(s) to denote the function as well. 

If the exponents of a(s), in their natural order as real numbers, form a discrete 
sequence, we shall attach indices 0, 1, 2, --- to the successive values of \ in the 
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sequence, and shail denote a, by On - If the d,’s have a finite point of accumula- 


Ag to 
tion A, we shall write a(s) = Ps a,e™; if not, we shall write a(s)= > ane” 
n=0 
The latter type, which echaiens all Dirichlet polynomials, we shall call an ordinary 
Dirichlet series. The series whose coefficient function is identically zero, which 
we denote by 0, will be considered to be ordinary. In the notation for ordinary 
Dirichlet series it will often be convenient to allow a, = 0 for some (or even all) 
values of n. 


If a(s) & =p» a,e™, b(s) = > be“ are any two formal Dirichlet series, the 


one-valued sali. C, = a, + by is certainly zero for all but a countable set of 
values of X. We shall call the series c(s) = D) ce“ the sum of a(s) and b(s), and 
r 


write c(s) = a(s) + 0(s). 


If 
Ant Bn} © 
a(s) = >> ane and b(s) = > be 
n=0 n=0 


are any formal ordinary Dirichlet series, their product d(s) = a(s) b(s) is defined 
to be the series }> d,e”, where d, is the sum of the (certainly finite) set of products 


a,b, for which X + » = v. The series d(s) is also ordinary and it is easily seen 
that the set of all formal ordinary Dirichlet series forms a field. 

Ostrowski’s result for formal ordinary Dirichlet series may be put in the 
following form (negligibly modified for our purposes). 

Osrrowski’s THroremM. If 


(4) y™ + a(s)y™* + +--+ + rm(s) 


is a polynomial in y with leading coefficient unity and remaining coefficients formal 
ordinary Dirichlet series in s, 
Ay fh © 


n(s)= > ane (h = 1,---,m), 


n=0 


then there exists a unique set of m formal ordinary Dirichlet series, 


y(s) S bs b;..0°" (j = 1,---,m), 
such that 
(5) y™ + ai(s)y" ' +--+. + tas) = I] ly — y(s)], 
t.e., such that 
(6) ris) = (—1)" SO yale): «++ yale) (A= 1,--+, m). 
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Since the ordinary Dirichlet series form a field, relation (5) is true when any 


such formal series r(s) is substituted for y; and the vanishing of II [r(s) — y;(s)] 
j=1 


implies the vanishing of one of the factors. Thus the polynomial (4) has just 

m (not necessarily distinct) zeros in the field of formal ordinary Dirichlet series. 

As is well known the Dirichlet series of the product d(s) of two analytic a. p. 

functionsin acommon strip, say a(s) ~ > aye“, b(s) ~ >, b,c”, is the series > de" 
7" v 


which is derived from the series a(s) and b(s) by the rule just given for ordinary 


Dirichlet series; in this case }> a,b, may be an infinite series which however is 
A+u= 


always unconditionally convergent. While the set of all Dirichlet series of 
analytic a. p. functions in a common strip form a ring merely, not a field, still the 
set of all formal ordinary Dirichlet series which are the actual Dirichlet series of 
analytic a. p. functions (each in some half-plane) does form a field. 

For the class of all formal Dirichlet series the above definition of multiplica- 
tion fails to give a result in general, and even where it applies, this multiplication 
does not obey the usual rules. For example, the product of a(s) = 1 — e* and 


+e 


b(s) = > e™ is 0, although neither factor is 0; and the product of a(s)b(s) by 


n=O 
b(s) is 0 but that of a(s) by [b(s)]’ does not exist since [b(s)}’ fails to exist. While 
our Theorem 3 deals only with elements in the field of formal ordinary Dirichlet 
series, we shall need in the proof to operate with generalized Dirichlet series of 
other types than those for which multiplication has been defined above. For our 
purposes, however, the following limited definition of the product of m (>1) 
formal! Dirichlet series suffices, since it gives the two succeeding lemmas, which 
are all that we shall need. 

In the case of two series a;(s) & Z A,r, e™ and a2(s) & ; a2, ¢*" we follow 

Ay he 


the definition above, i.e., we say that the product a;(s)ae(s) exists and is equal to 


d(s) = 2B d,e™, if for any fixed \ the sumd, = + ie (),\, 2, 18 & finite or an un- 
Ay tAg=aA 


conditionally convergent infinite serics. Generally, if a,(s) © >> aa,e™ (h = 1, 
-,m) are m formal Dirichlet series, we define the product a,(s) --- @,(s) as 
the repeated product 
(.-+ ((a;(s)ae(s))az(s)) --- )am(s) 


° ° ru — A 
when it exists. This amounts to defining a,(s) --- a,,(s) by Zz. de", whenever 
the coefficient function 


dy = Do (+++ (QE (20 aang —---—ng Masaya) © + +) ade 
As As he 


exists for all 
Lemma |. Vo Ostrowski’s theorem add the assumption that the coefficients 
r)(8) are the actual Dirichlet series of analytic a. p. functions. Let 


* 
r(s) ~ i re" 
veN 
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be an analytic a. p. function, whose Dirichlet exponents are bounded below by N. 
If the series r(s) be substituted for y in relation (5), then the formal series expressed 
by each side of the relation exist, and the relation 


(7) [r(s)]" + 21(s)[r(s)]"~ + --- + 2n(s) = II ir(s) — y,(s)] 


holds. 

Proof. As is easily seen, no generality will be lost if we suppose A» = 0, 
uo 2 OandN 2 0, so that all exponents involved are non-negative. 

The formal series on the left exists since all the series involved are the actual 
Dirichlet series of analytic a. p. functions in a common half-plane. Let ¢; 
denote its coefficient function. 

Set 


r(s) — y,(s) = p> gieje" 


We shall prove that the coefficient function d; of the product of these series 
exists and is identical with ¢; . 

As the exponents in each factor r(s) — y;(s) are 2 0, for every fixed & all 
coefficients g;,¢; involved in the determination of d; will have their indices 
§; S &, so that the determination of d; will not be affected if we alter any of the 
terms with exponent > & in the factors r(s) — y;(s). Since u. ft &, there 
exists an index p such that un, > ¢forn > p. If then in each factor r(s) — y;,(s) 
we replace y;(s) by 


y*(s) = 2 bine, 


the determination of the value for & of the coefficient function of 


(8) IL tr(s) — yf 


will be identical with the determination of dg. Since each y} (s), being a Dirichlet 
polynomial, is the Dirichlet series of an analytic a. p. function in (— ©, + 2], 
each factor r(s) — y}(s) is the Dirichlet series of an analytic a. p. function in 
some half-plane, so d; exists. We now proceed to prove that dy = c;. If we 
set 


ri(s) =(-1)"" DL oys(s)--- us) (A = 1, ---,m), 


masa" sy? 
the series (8) is identical with the series 
(9) [r(s)]™ + at (s)[r(s)]"* + --- + rh(s) 


since both represent the same a. p. function. But for our fixed £ the coefficient 
d@; in (9) is in turn equal to the corresponding coefficient ¢; in 


[r(s)]" + xi(s)[r(s)]" | + --. + ras), 
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since the polynomials x; (s) can differ from the series z,(s) only in terms with 
exponents > é. 

Lemma 2. Let a;(s), --- , @m(s) be m (>1) formal Dirichlet series each of which 
either is identically zero or has a minimum exponent. If the product a;(s) - - - @m(s) 
exists and is 0, one of the factors must be 0. 

Proof. If no factor were 0, the product of the terms with minimum exponents 
would be a non-vanishing term in the product a;(s) --- @n(s). 


4. As already mentioned, the set of all formal ordinary Dirichlet series, each 
of which is the actual Dirichlet series of an analytic a. p. function in some left half- 
plane, forms a subfield § of Ostrowski’s field of all formal ordinary Dirichlet 
series. In order to show that the field § (like Ostrowski’s field) is algebraically 
closed, i.e., that every polynomial over § is completely factorable in §, we need 
concern ourselves only with those polynomials whose discriminants do not vanish 
identically. For a polynomial over a given field with null discriminant is 
factorable in that field. Expressed in terms of the solutions of equations, we 
must prove the following theorem. 

THEOREM 3. If the coefficients of equation (1) are a. p. functions in a half-plane 
with Dirichlet series of the ordinary type and with not identically vanishing dis- 
criminant, then the analytic solutions (3), a. p. in some [— «, B], have likewise 
ordinary Dirichlet series. 

Since our field § is a subfield of Ostrowski’s field, equation (1) has a unique 
set of formal solutions in the latter field, and we have to show that these formal 
series are the actual Dirichlet series of the analytic a. p. solutions in [— @, 6]. 
Also, it is clearly sufficient to prove that every equation given by our hypothesis 
has at least one root in §, since the “reduced” equation will still have coefficients 
in § with discriminant not identically zero. Hence we shall prove the theorem 
indirectly by showing that the assumption that no root of equation (1) lies in § 
leads to a contradiction. 

Let r(s) be one of the (a. p.) roots of the equation (1). Since the last coefficient 
Zm(s) and the discriminant D(s) have minimum exponents this will likewise be 
the case with r(s) so that we may write 


r(s) ~ ee’ + > c,e”". 
v>vo 

We now transform equation (1) by diminishing its roots by coe’. Since this 
involves only rational integral operations on this term and the original co- 
efficients, neither the domain of almost periodicity of the coefficients nor the 
character of their Dirichlet series will be changed; furthermore, the last co- 
efficient can not be identically zero (as none of the roots are polynomials). Hence 
the Dirichlet series of the solution r(s) — coe’ of the new equation will have a 
minimum exponent, so that 


r(s) ~ oe” + ae +  » c,e”. 
, ad | 
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If we proceed in this way, it is clear that our solution r(s) has a series of the form 


(10) 


where the first summation contains infinitely many non-zero terms. If now we 


apply Lemma 1 of §3, taking for the r(s) entering there the solution (10) of 
equation (1), we get 


I [r(s) — y,(s)] = [r(s)]" + 2i(s)[r(s)]"— + --- + 2a(s) = 0. 


But since the series y;(s) are ordinary, only a finite number of their terms have 
exponents < N*. Hence each factor r(s) — y;(s) must have a minimum ex- 
ponent. By Lemma 2, this requires that some r(s) — y;(s) = 0. This contra- 
dicts our assumption that the Dirichlet series of r(s) was not ordinary. 

This theorem has a corollary in the real case which does not seem to be easy to 
obtain without using the theory of analytic functions: 

Coro.uaRy. Let 


(11) y" + Xi(t)y"" + --- + X,() =0 


be an algebraic equation whose coefficients X(t) are a. p. functions of the real variable 
t with ordinary Fourier series (i.¢., \» 7 ©) and let its discriminant be not identi- 
cally zero. Then if the equation has as a solution an a. p. function R(t) whose 
Fourier exponents are bounded below, the Fourier series of this solution is ordinary. 

According to a well known theorem quoted above each X,(¢) is the boundary 
value for s = 0 + ¢t of an analytic a. p. function x,(s) in [— «, 0) whose expo- 
nents and coefficients are identical with those of X,(¢); and similarly there exists 
an analytic function r(s) a. p. in [— ©, 0) whose boundary value is the solution 
R(t) in question. Hence (a) the equation 


(12) y” + r(s)y”' + --- + 2a(8) = 0 


has analytic a. p. solutions in some [— ©, 8] with ordinary Dirichlet series and 
(b) since R(é) satisfies (12) for « = 0, its series formally satisfies (12) for ¢ = 0. 
Thus the series of r(s) formally satisfies (12), so r(s) is a solution of (12) in 
[— ©, B]. From Theorem 3 we conclude that the Dirichlet series of r(s) is 
ordinary; hence the Fourier series of R(t), which has the same exponents, is 
likewise ordinary. 
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DISCONTINUOUS GROUPS AND ALLIED TOPICS, III: ON A LEMMA 
ABOUT MATRICES 


By Max Zorn 


1. Introduction. In connection with the theory of hypercomplex units the 
following problem arises. Given a linear family %& of real matrices, which 
contains with every A its transpose A” and with every regular A its inverse 
A’. Supposing that & contains at least one unimodular matrix A, , | Ai | = 1, 
to determine the unimodular matrices in %& for which the sum of the squares of 
the elements is a minimum. The results and proofs are extremely simple. 
The minimizing matrices are identical with the orthogonal matrices in the 
family. This is shown by application of Lagrange’s multiplier rule. The more 
or less algebraic machinery may very well be extended to more general linear 
spaces. A. D. Michal expresses the opinion that the full theory might be 
generalized; yet it seems that at present the necessary existence theorems are 
not available. Apart from possible arithmetical applications the existence of 
at least one orthogonal matrix in such families is of a certain independent 
interest. 


2. Notations. The determinant | ay! of the matrix A = (ay) is as usual 
denoted by | A |, the inverse by A’, the transpose (a;,;) by A’. The indices 
1, k range from 1 to n, the number of rows or columns of the matrices. The 
Greek index ranges from 1 to m, unless otherwise stated. The trace ¢(A) is 
the sum >. a, of the diagonal elements. For example, the trace ¢(J) of the 
unit matrix is equal to n. 


A linear combination 2. cause of symbols zy with coefficients cx is expressible 
ik 


in the form t(XC’), if we let X = (zu), C = (cu). 

The sum of the squares of all elements is ((XX"). Since we shall deal only 
with real matrices, ((X X") is positive and vanishes only for X = 0. A matrix A 
is orthogonal if X * = X7’ and if |X! = 1. For an orthogonal matrix XX" 
is J, and UXX7) = n 


4. Differentials. We shall use zy as independent variables and dry as their 
differentials 
Fora matrix F = (fy) of functions we define dF = (dfy). In particular we 
shall have to make use of 
AX ru) (dru), 
AUXC") = UdXC"), 
dX X") 2X "dX ) 
ieceived August 37, 1944; presented to the American Mathematical Society, April 9, 
194%; ef. Kulletin of the American Mathematical Society, vol. 4401954), page SA 
14 
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Apart from these trivial formulas we need the differential of the deter- 


minant | X |: 
Iw , T 
ax) = 374! an i(ae(2% ) ) 
tk 


ik OZ OX 








= t(dX-X7"|X |) = |X| t«@X-X”). 


In the last two expressions values may be substituted for the z% provided that 
the value of | X | is not zero. We are here mainly concerned with the case 
| X | = 1, where 


d|X| = «dX-x7). 


4. Linear families. We consider linear families Y% of real matrices over the 

field of real numbers. That is, we have a set UY of matrices A, B such that 
(I) the coefficients aj, , bj are real and for arbitrary real numbers a, 6 

aA + DB is in the set. 
These sets are further restricted by the properties: 

(II) If A is in A, then the transpose A’ is also in 4. 

(III) If A isin Y and | A| + 0 (or if A“ exists), then A“ is in W. 

(IV) There exists one unimodular matrix A; in M, | Ay) = 1. 

Without loss of generality we may assume that % is defined by a set of inde- 
pendent linear relations for its elements 


> Ciky Tik = 0 \v — l, +e2 m). 
ah 


These we write, using the matrices 


in the form 
“uciX) =0 (vy = 1, «+. m) 
5. The minimizing matrices. The Lagrange multiplier rule establishes a 


necessary condition for a (relative) minimum of a function f(2,) of real variables 
ry ata “point” ay with the side conditions 


gota) = Co, e(rta) = ¢ c l, 
(Indices are chosen such that they can be used immediately for our special 


problem.) 
If the rank of the matrix 
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is m + 1, or in other words if the differentials dg , dy, are linearly independent 
at ay, then a necessary condition for a minimum is the existence of constants 
he, A, such that 


df + XL dd, -0 


for Vik = Ai. 
In the present case we want 


go(tn) = | tu | = |X| = 1, 
e(ru) = (CPX) = 0. 

The function f is 
S(zx) = Dd zie = t(XX"). 


For Xo we shall also write —d. For a matrix A which minimizes t(XX*) we 
obtain consequently (postponing the independence proof) 


d(XX") + md|X|+ dor, dt(C7X) =0 (for X = A). 
Using the relations in §3, we have 
2t(X" dX) + | X | «(X' dX) + (> v,C7 dX) = 0 
for X = A, provided that | A | ¥ 0; and for | A | = 1 we get 
t({2A” + mA + DO ACT} dX) = 0. 
Since the dz,, are independent variables, the last formula implies that 
247 + WA" + DAC? = 0. 
Now consider the matrix 
D = 2A" + A". 


We know that D = }> — X,C7.. From these two equations it follows that D 
is equal to zero. First of all, D is in the family, for it is a linear combination 
of A” and A™’, which are both members of & because of properties (II) and 
(III). Property (II) implies then that D’ is in %. % was defined by the 
linear relations t((C7X) = 0, whence 


t(C? D*) = 0. 
Finally we utilize the second equality: 
t(D"D) = t(D" > — C7) = —> uD"C?) = 0. 


Since D is a real matrix, {((DD") = 0 guarantees D = 0, and we have derived 
the equation 


2A7 + A = 0. 
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The orthogonality of A now follows immediately. We have 
2A7=+)dA™", 2AA” =X, 
0 < t(2AA’) = Xm, hence A = 0. If we consider the determinants, we get 
2"|A7| = 2° =a*/A"| =a’; 
from A = 0 and A” = 2” it follows that \ = 2, and 
A* = A”. 


Since | A | was supposed to be = 1, A is orthogonal. 
We have now to show that the dg are linearly independent. This is done 
with the same apparatus. A linear relation with the constants yo, y, : 


yod |X| + > w, dt(C7X) = 0, 
for X = A,|A| = 1, implies 
t({woA" + Do wCrdX})=0, wA* = > — uC. 
It follows that 
t(uoA A") = >> — wA(A-7C7) = 0, — ot (A *A™") = 0, 


and from A # 0, uw = 0. Arelationship 0 = }> — u,C? is only possible for 
u, = 0, since the C/ are, like the C, , linearly independent. 

We notice that the extremal property of A has not been used; throughout 
the set I of unimodular matrices in A the differentials of the defining func- 
tions are independent. The theory of implicit functions informs us that under 
these circumstances J is locally Euclidean. It may consist of isolated points. 


6. Existence theorem. The function ¢(XX") may be interpreted as a squared 
distance of X from the zero matrix in an n-dimensional Euclidean space. The 
unimodular matrices of a linear family % form a closed subset I; consequently, 
there exists at least one matrix A of (absolutely) minimal ¢(XX7’); of course 
t(AA’) is S t(A,AT). In view of the foregoing proof we may state the theorem: 

Every family of (finite, square) matrices with properties (1), (II), (III), (IV) 
contains an orthogonal matriz. . 

Choosing % as the set of all matrices, we have: 

If | A | = 1, then t(AA’) = n; the equality holds exactly in the case of orthogonal 
matrices. 

Since M is locally Euclidean, it is locally connected and the components 
R of M (the largest connected subsets) are open. Since a component is closed, 
it contains an element which yields within R a minimum for ¢(XX”); and 
since ® is open in M, this is a relative minimum with respect to Mt. Therefore 
we have: 

Every component of IN contains at least one orthogonal matriz. 

Let {9} be the set of all components; then ®; contains an orthogonal matrix 
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A; ; and since the set of all orthogonal matrices is compact (i.e., every infinite 
set of orthogonal matrices contains a sequence which converges towards an 
orthogonal matrix), we conclude: 

M has a finite number of components. 

For if we take a convergent sequence of orthogonal matrices converging to an 
orthogonal matrix A, , almost all of them must be contained in the component 
of A, so that only a finite number of A; from different components is possible. 


UNIVERSITY OF CALIFORNIA AT Los ANGELEs. 





THE SUMMABILITY OF EXPONENTIAL AND FACTORIAL SERIES 
By Tomuinson Fort 


The summability of ordinary factorial series by Cesiro means has been 
studied by Bohr.’ However, nothing seems to have been done since the ap- 
pearance of Bohr’s paper. In §§2 and 3 of the present paper a study is made 
of what is called R-summability of general factorial series and a type of related 
exponential series. A general theorem on R-summability is proved in §1. 
This is one of the most interesting theorems of the paper. 


1. R-summability. Let there be given a sequence 0 < A, — ~. Let 


and let o, — ©. Also let there be given a series 


(1) > a,(z). 


n=1 


Let 


S2(z) = > an(z) 


s@ = 1 > 1 s*@, n>0. 


on n=l An F 


Derinition.” We call S\(z) the k-th R-mean for series (1). If lim S\"(2) 


a2 

exists and equals S(z), we say that (1) is summable R[k, d] to S(z). Summation 
is said to be uniform over a set P in case SY(z) approaches its limit uniformly 
over P. 

We note without proof the following three readily established theorems with 
reference to R-summability. 

Tueorem A. If a series is uniformly summable R[k — 1, dj over P to s(2), 
then it is uniformly summable R{k, \| over P to s(z). 


Received October 3, 1938. 

' Gott. Nach., 1909, p. 260. 

*M. Riesz (Comptes Rendus, vol. 149, p. 18) introduces weighted means as a generali- 
zation of summability by the method of the arithmetic mean of the first order. He 
generalizes to his “typical means’? of arbitrary order. R-summability as defined here 
generalizes Riesz means of the first order by simple iteration as the Hélder method gen- 
eralizes the ordinary arithmetic mean of the first order. 


7TO8 





794 TOMLINSON FORT 


Turorem B. If (1) is summable Rik, dJ to s, then >> a, is summable Rik, | 


n=m 


m—1 
tos — > a, and conversely. 


n=l 
Tarorem C. Ifa, > 0 and (1) is summable Rik, dj, then (1) is convergent. 
Consider now a series of the form 


x 


(2) Dd an(z)b,(2). 


n=1 


Denote the successive R-means formed for (1) by s%(z) and for (2) by S‘(z). 
We proceed, successively summing by parts, that is, applying the following 
general formula 


n nm n n 
(3) Ms UnWn = Un+i > Wn — 2. (Aun) > Wn. 
n=0 n=0 n=0 n=0 


First we obtain 


(4) Si'(z) = daarlz)si?(z) — DS (Aba(z)) 8 (2). 


n=1 


The operator A here, as throughout the paper, applies to the variable n. 
the operator 


lo 1 
on 2 An 
to both members of (4) and sum by parts in each instance, letting 


] 


n 


s.”(z) =" 


of formula (3). We get 


n 


= basa(z)ao’(z) — . zs [rns1 dbn(z) ons’ (z) 


nnwl An 


n 


J ] ( 
= > r [rns Mbngilz)|onsy (2) 


On nel n 


-2 2: D [Arn Abn(z) Jans) (2). 
nn 


On nel 


From this formula one can conclude the following theorem. 
TuHeonem I. If (1) 1 uniformly summable R{\, >| over a set P, of b,(z) and 
(, Sb, (z))a, each approaches a limit uniformly over P, if Onyi/dn) —* € and of 


. 2 
> > Bd, Bb,(z) | a, converges uniformly over I’, then (2) is uniformly summable 
n=) 


Ril, Al ower 
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We proceed to extend this theorem. Apply the operator 


On n=1 


to both members of (5). Sum by parts exactly as we did to obtain (5) from (4). 
We obtain 


S (2) = daya(2)s(2) — 1 DY [Abaga(c)]ons?’(2) 


On n=l 


— 1 > M+ [ab jleesss!(e) 


On n=1 An 


re. : bi “8 [Abnso(z)] onsise (2) 


n=1 n 


es DY [A(an(Aba(z))on)] on82? (2) 


n=l An On n=l 


yt OS faci (abosalz)oas:)]on8?'(2) 


n=1 An On n=l 


yt Fy + [aan (abess(e) onerous’? (2) 


a=1 An On wml An 


isl l 


> > [A(An(AAnAD A(z) on) ] ons (2). 


on n=l An On n=l An n=l 


From (6) we can deduce the following theorem. 
THeoreM Il. Jf 


(i) series (1) is uniformly summable R{2, \} over P, 
(ii) } i | A(An(AA, Ab, (z))on) | on converges uniformly over P, 
n=l 


(ili) baz), An(AbA(z))on, An A(An(AD,(z))on)]o, all approach limits uniformly 
over P, and if 

(iv) (Ansi/An) — €C, 
then (2) is uniformly summable over P. 

Complete generalization of Theorem | is now easy. Apply the operator 


1 > l 

On aml An 
to both sides of (6) and sum by parts exactly as we have previously done. 
Repeat until the left member is the r-th mean for (2). We do not write out the 
resulting expression. However, we state the following theorem. 


Let Ly” = ba(z) and let LY = AyowALS when k > 0. Also let MS = 
Ab,(z) and let MM‘ 0 AMS? when k > 0. 
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TueoreM Ill. Jf 

(i) series (2) is uniformly summable R{r, d] over P, 

(ii) LY (k = 1, --- , r) approaches a limit uniformly over P, 
(iii) ye _M.’ | converges uniformly over P, 


n=] 
(iv) (An+1 An) _ C, 
then series (2) is uniformly summable R[r, d] over P. 


2. Exponential series. Consider the exponential series 


(7) 


n 


Pin = -s2. Ms 


ami An 


~~]... 
where 0 < A, — ~ and 3 - is divergent and 


n n 


An+1 C2 


“Salpelin te ate t+ 


er 


5 ee 
An An 

where ¢, , ,€ are constants and e,,, is bounded. We shall prove the fol- 
lowing theorem. 

Turorem IV. If (7) is summable Kir, d\ at 2, then it is summable Kir, XJ 
at each point z which is 20 situated that Real (z) > Real (2) and uniformly over 
any bounded region P at all points of which Real (z) > Real (zo) + «. 

Proof is by means of Theorem III. We let 


(%) Lo'(z) = bp(z) 


where 
Pre 


Then 
Lba(z) = bale) fe" — A], 


2 2 
zZ Zo 


1)” 


- . 
Wn 1 


W hence 


’ ’ 
ae 


‘ I 
We (2) = belzjan vee A O(n) 
h K, d 
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where 6;”, --- , 0:2, are independent of n and bounded in z and 6!” (n) is bounded 
in n and z. Apply the rule for differencing a product. In case \,.; should 
occur at any time instead of X,, , replace it by 


ky ke ¥ 
sald “ai (adele 


where k, , --- , k, are constants and k,(n) is bounded. We obtain 
(9) Ln (2) = ba(z) ((—1)*on(e — 2°)‘}[1 + a(n, 2)] 


where »(n, z) — 0 uniformly in z. In a similar way we show that 
MO(@) = * (-)*en@ — 2) + 9'(n, 20) 
where »’(n, z) — O uniformly inz. Letz = 2+ yi. Now 


ls 1 
) a 
Gn ami d® 


We, consequently, conelude that 


b,(z) 


b, (2) <m% 


independent of z and n. It results that 


MY(2) 
(10) a= < 
(— 1)" MY"'(z) 
independent of z and pn. 

We are now in a position to apply Theorem Ll From (S) and (9) hy- 

py \ \ ) 

potheses (ii) are seen to be fulfilled. By means of (10) we can prove the series 
in hypothesis (iii) convergent 


(It) | MS (2) | < (—1) "*MME'(2) 


To prove the series whose general term is the right member of (11) convergent, 
remark first that it is summable Air, A} We tlustrate with a first order sum 
Krom (5) 


\) 
Ve elas, (a) 


Pat. | } 2S 


Va aml \ 


“ lurks 
_ (Aba vde)} ind 4 \ =| 
! 


> 
. 
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In this let s¢’(z) = 1. That is, consider as a-series the series 1 +0+0+.---. 
Thereupon in this case S2’(xz) = b,(z) and 


BS LS 942s) wm Bile) — baselt) 


On n=l An n=l 


(12) 
+23 tartedles + : DX [Abas(a)l on. 


on n=1 


The right member approaches a limit when n — ~. Take for example one of 
the sums 


(13) > ee wy 


On n= An 


We know by (9) that A,7,4b,.:(z) approaches a limit. Consequently, (13) 
approaches a limit. This being true for all terms in the right member of (12), 
it is also true of the left member, that is, 


- onAdnAb,(z) 


n=1 


is summable R{1, AJ]. But by (9) the terms are all of the same sign when n is 
sufficiently great. Consequently, by Theorem C the series is convergent. 
Hence by (11) 


ca 


D> MY (z)s0"'(z) 


n=l 


is absolutely convergent. Combine this result with proved result that hypothe- 
ses (ii) of Theorem III are satisfied and we see that all hypotheses of Theorem 
III are fulfilled. The reasoning in the general case is identical with that just 
given. 


4. Factorial series. Consider the factorial series 
«4 


- Ay eee An 
(14) Ce , 
d (z + As)+ + (z+ An) 


where h, is subject to the same restrictions as in the previous section plus the 


o 
, ” r vil 
restrictions that (a4/A%) —> « limit and that _ (a',/") be convergent 


nm 


We shall prove the following theorem 
Tunouwm V. (14) 1 summable Ilr, d\ at the same points an (7) unith the 
eveephum Uf —hy, a, It 1s uniformly summable Rr, d\ over any bounded 


regurn V wer which (7) 18 uniformly summable It |r, d\ but from which small evreular 


regune Wy hy, da, have been deleted 
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To prove this theorem we begin by writing (14) in the following form 


> C2", : 


n=1 


hi -** Xe Pie 
~ (2+) +-* @ +n) 


Throughout the proof we shall assume A; > | z| + «¢. In this there is no loss of 
generality since 0 < \, — © and since the mere fact of R-summability is not 
affected by the omission of a fixed number of terms at the beginning of a series 
nor by multiplying through by a function independent of n. We shall find 
that all conditions imposed by Theorem III on 6, are fulfilled. We readily 
show that b, = e*", where 

wtl n 1 


; a wt 2 : me 
Pin = ( 1) oti seat 


~ 


+e9° 22 mit De(= .) 3 aA 


wt+riids a=1 
where 0(z/A,) is bounded. 
Ab, = b,(e”* — 1), 


where 


wtl 


mee (- "= + ++ ——<T 


wl wr 
Natl atl 


From this 


AondnAba(z) = bare | (— ie a =, e" hy"’(2) 


1 
vrs 


l 


werd 
An 


tees AY) + H(z, d.) 


where h‘" (z) is independent of n,j = 2, --.,r — Land H“° is bounded 
tinuing, we have the result that 


LY (a) = be” 2, 
X. 
where H“? is bounded, Similarly 
l 


MS() = bee” 2, 
\: 
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where A” is bounded. It now is immediate that b, fulfills the conditions 
imposed by Theorem III. 
We now turn about and consider series (7). We let 


pin (2 + Ad) +++ (2 + An) 
b, =e erry ’ 





The minus sign is immaterial to the argument already given on b,. Conse- 
quently, 6, in this case satisfies all the conditions imposed by Theorem III 
and the proof of Theorem V is complete. 

Theorem V combined with Theorem IV establish a half-plane as the region 
of summability of (14). 
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